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Preface to the 
third edition 



This edilion is not completely new. The second 
edition built on the first, and so does this edition. 
This work has been almost entirely one of “inter- 
nationalizing” a work mainly written for the UK. 
New matter has been added, especially in the 
areas of analyzers, level and flowmeters, and 
fieldbus. References to standards are various, 
and British Standards are often referenced. Inter- 
national standards are in flux, and most stand- 
ards bodies are striving to have equivalent 
standards throughout the world. The reader is 
encouraged to refer to IEC, ANSI, or other stand- 
ards when only a British Standard is shown. The 
ubiquity of the World Wide Web has made it 
possible for any standard anywhere to be located 



and purchased, or in some cases, read online free, 
so it has not been necessary to cross-reference 
standards liberally in this work. 

The Editor wishes to thank all the new contri- 
butors, attributed and not, for their advice, sug- 
gestions, and corrections. He fondly wishes that 
he has caught all the typographical errors, but 
knows that is unlikely. Last, the Editor washes 
to thank his several editors at Butterworth- 
Heinemann for their patience, as well as Michael 
Forster, the publisher. 

Walt Boyes 
Maple Valley, Washington 
2002 




Preface to the 
second edition 



E. B. Jones’s writings on instrument technology go 
back at least to 1953. He was something of a 
pioneer in producing high level material that 
could guide those studying his subjects. He had 
had both practical experience of his subject and 
had taught it at college, and this enabled him to 
lay down a foundation that could be built on for 
more than forty years. I must express my thanks 
that the first edition of the Instrumentation Refer- 
ence Book , which E. B. Jones’s work was molded 
into, has sold well from 1988 to 1994. 

This book has been accepted as one of the 
Butterworth-Heinemann series of reference 
books — a goodly number of volumes covering 
much of technology. Such books need updating 
to keep abreast of developments, and this first 
updating calls for celebration! 

There were several aspects that needed enlar- 
ging and several completely new chapters were 



needed. It might be remarked that a number of 
new books, relevant to the whole field of instru- 
mentation, have appeared recently, and these 
have been added to the list. Does this signify 
a growing recognition of the place of instrumenta- 
tion? 

Many people should be thanked for their work 
which has brought together this new edition. Col- 
laboration with the Institute of Measurement and 
Control has been established, and this means that 
the book is now produced under their sponsor- 
ship. Of course, those who have written, or 
revised what they had written before, deserve 
my gratitude for their response. I would also like 
to say thank you to the Butterworth-Heinemann 
staff for their cooperation. 

B. E. N. 
Dorking 




Preface to the 
first edition 



Instrumentation is not a clearly defined subject, 
having what might be called a “fuzzy frontier” 
with many other subjects. Look for books about 
it, and in most libraries you are liable to find 
them widely separated along the shelves, classi- 
fied under several different headings. Instrumen- 
tation is barely recognized as a science or 
technology in its own right. That raises some 
difficulties for writers in the field and indeed for 
would-be readers. We hope that what we are 
offering here will prove to have helped with 
clarification. 

A reference book should of course be there for 
people to refer to for the information they need. 
The spectrum is wide: students, instrument engin- 
eers, instrument users, and potential users who 
just want to explore possibilities. And the informa- 
tion needed in real life is a mixture of technical 
and commercial matters. So while the major part 
of the Instrumentation Reference Book is a tech- 
nical introduction to many facets of the subject, 
there is also a commercial part where manufac- 
turers etc. are listed. Instrumentation is evolving, 
perhaps even faster than most technologies, 
emphasizing the importance of relevant research; 
we have tried to recognize that by facilitating 



contact with universities and other places spear- 
heading development. 

One need for information is to ascertain where 
more information can be gained. We have catered 
for this with references at the ends of chapters to 
more specialized books. 

Many agents have come together to produce 
the Instrumentation Reference Book and to whom 
thanks are due: those who have written, those 
who have drawn, and those who have painstak- 
ingly checked facts. I should especially thank 
Caroline Mallinder and Elizabeth Alder ton who 
produced order out of chaos in the compilation of 
long lists of names and addresses. Thanks should 
also go elsewhere in the Butterworth hierarchy 
for the original germ of the idea that this could 
be a good addition to their family of reference 
books. In a familiar tradition, I thank my wife for 
her tolerance and patience about time-consuming 
activities such as telephoning, typing, and travel- 
ings — or at the least for limiting her natural intol- 
erance and impatience of my excessive indulgence 
in them! 

B. E. N. 
Dorking 
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Introduction 



1 Techniques and applications 

We can look at instrumentation work in two 
ways, by techniques or by applications. When we 
consider instrumentation by technique, we survey 
one scientific field, such as radioactivity or ultra- 
sonics, and look at all the ways in which it can be 
used to make useful measurements. When we 
study instrumentation by application, we cover the 
different techniques to measure a particular quan- 
tity. Under flowmetering, for instance, we look at 
many methods, including tracers, ultrasonics, or 
pressure measurement. This book is mainly appli- 
cations oriented, but in a few cases, notably pneu- 
matics and the employment of nuclear technology, 
the technique has been the primary unifying theme. 

2 Accuracy 

The most important question in instrumentation 
is the accuracy with which the measurement is 
made. It is such a universal issue that we will talk 
about it now, as well as in the individual chapters 
to follow. Instrument engineers should be skepti- 
cal of accuracy claims, and they should hesitate to 
accept their own reasoning about the systems 
they have assembled. They should demand evi- 
dence, and preferably proof. Above all, they 
should be clear in their own minds about the level 
of accuracy needed to perform a job. Too much 
accuracy will unnecessarily increase costs, while 
too little may cause performance errors that make 
the project unworkable. 

Accuracy is important but complex. We must 
first distinguish between “systematic” and “ran- 
dom” errors in an instrument. “Systematic” error 
is the error inherent in the operation of the instru- 
ment, and calibrating can eliminate it. We will 
discuss calibration in several later chapters. Cali- 
bration is the comparison of the reading of the 
instrument in question to a known “standard” 
and the maintenance of the evidentiary chain 
from that standard. We call this “traceability.” 

The phrase random errors implies the action of 
probability. Some variations in readings, though 
clearly observed, are difficult to explain, but most 
random errors can be treated statistically without 
knowing their cause. In most cases it is assumed 
that the probability of error is such that errors in 
individual measurements have a normal distribu- 



tion about the mean, which is zero if there is no 
systematic error. 

This implies that we should quote errors based 
on a certain probability of the whereabouts of 
the true value. The probability grows steadily 
wider as the range where it might be also grows 
wider. 

When we consider a measurement chain with 
several links, the two approaches give increas- 
ingly different figures. For if we think of possibil- 
ities/impossibilities then we must allow that the 
errors in each link can be extreme and in the same 
direction, calling for a simple addition when cal- 
culating the possible total error. On the other 
hand, this is improbable , so the “chain error” that 
corresponds to a given probability, e c , is appreci- 
ably smaller. In fact, statistically, 



= \/ e ? + e 2 + -" 

where e\, ^2, etc. are the errors in the different 
links, each corresponding to the same probability 
as e c . 

We can think of “influence quantities” as the 
causes of random errors. Most devices that measure 
a physical quantity are influenced by other quanti- 
ties. Even in the simple case of a tape measure, the 
tape itself is influenced by temperature. Thus, a tape 
measure will give a false reading unless the influence 
is allowed for. Instruments should be as insensitive 
as possible to influence quantities, and users should 
be aware of them. The effects of these influence 
quantities can often be reduced by calibrating under 
conditions as close as possible to the live measure- 
ment application. Influence quantities can often be 
quite complicated. It might not only be the tempera- 
ture than can affect the instrument, but the change 
in temperature. Even the rate of change of the 
temperature can be the critical component of this 
influence quantity. To make it even more complex, 
we must also consider the differential between the 
temperatures of the various instruments that make 
up the system. 

One particular factor that could be thought of 
as an influence quantity is the direction in which 
the quantity to be measured is changing. Many 
instruments give slightly different readings 
according to whether, as it changes, the particular 
value of interest is approached from above or 
below. This phenomenon is called “hysteresis.” 
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If we assume that the instrument output is 
exactly proportional to a quantity, and we find 
discrepancies, this is called “non-linearity error.” 
Non-linearity error is the maximum departure of 
the true input/output curve from the idealized 
straight line approximating it. 

It may be noted that this does not cover 
changes in “incremental gain,” the term used 
for the local slope of the input/output curve. 
Special cases of the accuracy of conversion 
from digital to analog signals and vice versa 
are discussed in Sections 29.3.1 and 29.4.5 of 
Part 4. Calibration at sufficient intermediate 
points in the range of an instrument can cover 
systematic non-linearity. 

Microprocessor-based instrumentation has 
reduced the problem of systematic non-linearity 
to a simple issue. Most modern instruments have 
the internal processing capability to do at least a 
multipoint breakpoint linearization. Many can 
even host and process complex linearization 
equations of third order or higher. 

Special terms used in the discussion above are 
defined in BS 5233, several ANSI standards, and 
in the ISA Dictionary of Instrumentation, along 
with numerous others. 

The general approach to errors that we have 
outlined follows a statistical approach to a static 
situation. 

Communications theory emphasizes working 
frequencies and time available, and this approach 
to error is gaining importance in instrumentation 
technology as instruments become more intelli- 
gent. Sensors connected to digital electronics 
have little or no error from electronic noise, but 
most accurate results can still be expected from 
longer measurement times. 

Instrument engineers must be very wary of 
measuring the wrong thing! Even a highly accur- 
ate measurement of the wrong quantity may 
cause serious process upsets. Significantly for 
instruments used for control, Heisenberg’s Law 
applies on the macro level as well as on the sub- 
atomic. The operation of measurement can often 
disturb the quantity measured. 

This can happen in most fields: a flowmeter can 
obstruct flow and reduce the velocity to be meas- 
ured, an over- large temperature sensor can cool 
the material studied, or a low-impedance volt- 
meter can reduce the potential it is monitoring. 
Part of the instrument engineer’s task is to foresee 
and avoid errors resulting from the effect his 
instrument has on the system it is being used to 
study. 



3 Environment 

Instrument engineers must select their devices 
based on the environment where they will be 
installed. In plants there will be extremes of tem- 
perature, vibration, dust, chemicals, and abuse. 
Instruments for use in plants are very different 
from those that are designed for laboratory use. 

Two kinds of ill effects arise from badly 
selected instruments: false readings from excep- 
tional values of influence quantities, and the irre- 
versible failure of the instrument itself. 

Sometimes manufacturers specify limits to 
working conditions. Sometimes instrument engin- 
eers must make their own judgments. When 
working close to the limits of the working condi- 
tions of the equipment, a wise engineer derates 
the performance of the system or designs environ- 
mental mitigation. 

Because instrumentation engineering is a prac- 
tical discipline, a key feature of any system design 
must be the reliability of the equipment. Reliabil- 
ity is the likelihood of the instrument, or the 
system, continuing to work satisfactorily over 
long periods. We will discuss reliability deeply in 
Part 4. It must always be taken into account when 
selecting instruments and designing systems for 
any application. 

4 Units 

The introductory chapters to some books have 
discussed the theme of what system of units is 
used there. Fortunately the question is becoming 
obsolete because SI units are adopted nearly 
everywhere, and certainly in this book. In the 
United States, and a few other areas, where other 
units still have some usage, we have listed the 
relations for the benefit of those who are still 
more at home with the older expressions. 
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1 Measurement of flow 



G. FOWLES and W. H. BOYES 



1.1 Introduction 

Flow measurement is a technique used in any 
process requiring the transport of a material from 
one point to another (for example, bulk supply of 
oil from a road tanker to a garage holding tank). 
It can be used for quantifying a charge for mater- 
ial supplied or maintaining and controlling a 
specific rate of flow. In many processes, plant 
efficiency will depend on being able to measure 
and control flow accurately. 

Properly designed flow measurement systems 
are compatible with the process or material they 
are measuring. They must also be capable of 
producing the accuracy and repeatability that 
are most appropriate for the application. 

It is often said that “The ideal flowmeter should 
be non-intrusive, inexpensive, have absolute accur- 
acy, infinite repeatability, and run forever without 
maintenance.” Unfortunately, such a device does 
not yet exist, although some manufacturers may 
claim that it does. Over recent years, however, 
many improvements have been made to established 
systems, and new products utilizing novel tech- 
niques are continually being introduced onto the 
market. The “ideal” flowmeter may not in fact 
be so far away, and now more than ever potential 
users must be fully aware of the systems at their 
disposal. 



1.2 Basic principles of flow 
measurement 

We need to spend a short time with the basics of 
flow measurement theory before looking at the 
operation of the various types of measurement 
systems available. Flow can be measured as either 
a volumetric quantity or an instantaneous velocity 
(this is normally translated into a flow rate). You 
can see the interdependence of these measurements 
in Figure 1.1. 



n , . (m) 2 (m 3 ) 

flow rate = velocity x area = — — • m = — — 

(s) (s) 

_ . (m 3 ) •> 

quantity = flow rate x time = — — ■ s = m 

0 s ) 



If, as above, flow rate is recorded for a period of 
time, the quantity is equal to the area under the 
curve (shaded area). This can be established auto- 
matically by many instruments, and the process is 
called integration. The integrator of an instru- 
ment may carry it out either electrically or 
mechanically. 

1.2.1 Streamlined and turbulent flow 

Streamlined flow in a liquid is a phenomenon 
best described by example. Reynolds did a con- 
siderable amount of work on this subject, and 
Figure 1 .2 illustrates the principle of streamlined 
flow (also called laminar flow). 

A thin filament of colored liquid is introduced 
into a quantity of water flowing through a 
smooth glass tube. The paths of all fluid particles 
will be parallel to the tube walls, and therefore the 
colored liquid travels in a straight line, almost as 
if it were a tube within a tube. However, this state 
is velocity- and viscosity-dependent, and as velo- 
city is increased, a point is reached (critical velo- 
city) when the colored liquid will appear to 
disperse and mix with the carrier liquid. At this 





Figure 1.1 Flow-time graph. 




Figure 1.2 Reynolds's experiment. 
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point the motion of the particles of fluid is not 
all parallel to the tube walls but has a transverse 
velocity also. This form of flow pattern is called 
turbulent flow. Summarizing, therefore, for vel- 
ocities below the critical velocity, flow is said to be 
streamlined or laminar, and for velocities above 
the critical value flow is said to be turbulent-this 
situation is most common in practice. 

Reynolds formulated his data in a dimension- 
less form 



where Re is the Reynolds number, D is the diameter 
of the throat of the installation, v is velocity, p is 
density of fluid, and p is absolute viscosity. Flow 
of fluid in pipes is expected to be laminar if the 
Reynolds number is less than 2000 and turbulent 
if it is greater than 4000. Between these values is 
the critical zone. If systems have the same Rey- 
nolds number and are geometrically similar they 
are said to have dynamic similarity. 

1.2.1. 1 Flow profile 

The velocity across the diameter of a pipe varies 
due to many influence quantities. The distribu- 
tion is termed the velocity profile of the system. 
For laminar flow the profile is parabolic in na- 
ture. The velocity at the center of the pipe is 
approximately twice the mean velocity. For tur- 
bulent flow, after a sufficient straight pipe run the 
flow profile becomes fully developed. 

The concept of “fully developed flow” is critical 
to good flow measurement system design. In a 
fully developed flow, the velocity at the center of 
the pipe is only about 1 .2 times the mean velocity. 
This is the preferred flow measurement situation. 
It permits the most accurate, most repeatable, and 
most linear measurement of flow. 

1.2. 1.2 Energy of a fluid in motion 

Let’s look at the forms in which energy is repre- 
sented in a fluid in motion. This will help to 
understand the use of the Reynolds number in 
universal flow formulas. The basic types of 
energy associated with a moving fluid are: 

(a) Potential energy or potential head. 

(b) Kinetic energy. 

(c) Pressure energy. 

(d) Heat energy. 

1.2.13 Potential energy 

The fluid has this energy by virtue of its position 
or height above some fixed level. For example, 
1 m 3 of liquid of density pi kg/m 3 will have a mass 



of pi kg and would require a force of 9.8.1 pj N to 
support it at a point where the gravitational con- 
stant g is 9. 8 1 m/s. Therefore if it is at a height of 
z meters above a reference plane it would have 
9.81 pi z joules of energy by virtue of its height. 

1.2. 1.4 Kinetic energy 

A fluid has this energy by virtue of its motion. 

1 m 3 of fluid of density p\ kg/m 3 with a velocity 
Vi m/s would have a kinetic energy of ( l)/(2)pi Vf 
joules. 

1.2. 1.5 Pressure energy 

A fluid has this energy by virtue of its pressure. 
For example, a fluid having a volume vim 3 and a 
pressure of p\Nlm 2 would have a pressure energy 
of pi vi joules. 

1.2. 1.6 Internal energy 

The fluid will also have energy by virtue of its 
temperature (i.e., heat energy). If there is resis- 
tance to flow in the form of friction, other forms 
of internal energy will be converted into heat 
energy. 

1.2. 1.7 Total energy 

The total energy E of a fluid is given by the 
equation 

total energy ( E ) = potential energy 
+ kinetic energy 
+ pressure energy 
+ internal energy 

E= P.E. + K.E. + PR.E. + I.E. (1.2) 

1.2.2 Viscosity 

Viscosity is the frictional resistance that exists in a 
flowing fluid. It will be discussed in more detail in 
the next chapter. Briefly, the particles of fluid 
actually in contact with the walls of the channel 
are at rest, while those at the center of the channel 
move at maximum velocity. Thus, the layers of 
fluid near the center, which are moving at max- 
imum velocity, will be slowed down by the slower 
moving layers, and the slower moving layers will 
be speeded up by the faster moving layers. 

Dynamic viscosity of a fluid is expressed in 
units of Ns/m 2 . Thus a fluid has a dynamic vis- 
cosity of 1 Ns/m 2 if a force a 1 N is required to 
move a plane of 1 m 2 in area at a speed of 1 m/s 
parallel to a fixed plane, the moving plane being 
1 m away from the fixed plane and the space 
between the planes being completely filled with 
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Fig u re 1 . 3 Determination of dynamic viscosity. 



the fluid. This is illustrated diagrammatically in 
Figure 1.3. 

Thus for parallel flow lines 

, . . force (F) 

dvnamic viscosity li = — — - — — 

area (A) x velocity (v) 

( 1 - 3 ) 



or, if a velocity gradient exists, 
F 

^ A dv/d.x; 



( 1 - 4 ) 



1.2.3 Bernoulli’s theorem 

All fluid flow formulas in a closed pipe are based 
on Bernoulli's theorem. This states that in a 
steady flow, without friction, the sum of potential 
energy, kinetic energy, and pressure energy is a 
constant along any streamline. If we have a closed 
pipe or channel (Figure L4) in which there are 
two sections due to the placement of a restriction, 
orifice, or hydraulic gradient, there is a pressure 
or head loss in the transition from the first section 
to the second. If 1 kg of fluid enters the pipe at the 
first section, then 1 kg of fluid must leave at the 
second. 

The energy of the fluid at section 1 
= potential energy + kinetic energy 
+ pressure energy + internal energy 

= l Zi-g + 5 -l K| 2 +/>, -v,+/, (1.6) 

The energy of the fluid at section 2 

= l-Z 2 .g + i-l. vl+pi-y.+h (1.7) 



“Kinematic viscosity" is the ratio of the dynamic 
viscosity of a fluid to its density at the same 
temperature. 

kinematic viscosity at T °C 
dynamic viscosity at T C C 
density at T c C 

For liquids the viscosity decreases with increase 
of temperature at constant pressure, while for 
gases viscosity will increase with increasing tem- 
perature, at a constant pressure. 

It is viscosity that is responsible for the damp- 
ing out or suppression of flow disturbances 
caused by bends and valves in a pipe; the energy 
that existed in the swirling liquid is changed into 
heat energy. This is the reason manufacturers of 
flow instruments require stated distances ahead 
and behind the installation point of a flowmeter. 
What they are trying to achieve is to allow fluid 
viscosity to have the time to work to suppress 
flow disturbances and permit accurate and repea- 
table readings. 



and since energy cannot leave the channel nor be 
created or destroyed, 

total energy at section 1 
= total energy at section 2 

V 2 

Z\ -g + -r + P 1 -Vi +/i 

, ( 1 . 8 ) 

= Z 2 -g+^- + P2-V 1 + I 1 

Now, if the temperature of the fluid remains the 
same the internal energy remains the same and 

h=h ( 1 - 9 ) 

and equation (1.8) reduces to 

V 2 V 2 

Z] g I y +/> l V, =Z 2 -g + ~^+p 2 -n 

(1.10) 

This equation applies to liquids and ideal gases. 
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Figure 1.4 Hydraulic conditions for pipe flow. 
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Now consider liquids only. These can be 
regarded as being incompressible and their dens- 
ity and specific volume will remain constant 
along the channel and 



1 _L- 1 

P2 P 

and equation (1.10) may be rewritten as 



v\ ~ v 2 = — -~ 
P\ 



V} 



Z l -g + 2 y + ~ = Z 2-g+~ + - 

2 p 2 p 

Dividing by g, this becomes, 



( 1 . 11 ) 



( 1 . 12 ) 



Zi + 



v \ , Pi 
2 g p-g 



= Z 2 



n 

2g 






(1.13) 

P ' g 



Referring back to Figure 1.4 it is obvious that 
there is a height differential between the upstream 
and downstream vertical connections represent- 
ing sections 1 and 2 of the fluid. Considering first 
the conditions at the upstream tapping, the fluid 
will rise in the tube to a height p\ip ■ g above the 
tapping or p\!p ■ g Z\ above the horizontal level 
taken as the reference plane. Similarly the fluid 
will rise to a height p 2 lp . g or p 2 lp ■ g 4- Z 2 in the 
vertical tube at the downstream tapping. 

The differential head will be given by 



P i 



Pg 



-_ + Zl - ^ + Z 2 



P2 



P‘g 



(1.14) 



but from equation (1.13) we have 



P^ + Zl )+^=(^ + Z 2 )+^ 

f) • Q / A2 \ O- Q / 2? 



or 



P'g 

Pi 



2 g 



P2 



P-g 



n 



\p-g 
Therefore 



+ Zl )_(J!l- + z 2 ) 

P-g J 2 g 2 g 



Lg 

V 2 V} 



„, V A- V A 

2 g 2 g 



and 



Vj *i = 2gh 



(1.15) 



(1.16) 

Now the volume of liquid flowing along the chan- 
nel per second will be given by Q nr' where 

Q = Ai-V 1 =A 2 -V 2 

v ■ V 2 
or Vi = — 



Now substituting this value in equation (1.16): 

^-^§ = 2gh 



or V{{\ -A\!A\) = 2gh 



(1.17) 



dividing by (1 — Aj/Af) equation (1.17) becomes 



Vi = 



2gh 

1 - A\!A\ 



(1.18) 



and taking the square root of both sides 



y 2 VM 

y/O-Al/A*) 



(1-19) 



Now A 2 /A\ is the ratio (area of section 2)/(area of 
section 1) and is often represented by the symbol 
m. Therefore 



and 




= 1 — m 



2 



-■ \ -- may be written as- - _ 

y [1 — {A\IA\)\ VO^m 2 ) 

This is termed the velocity of approach factor 
often represented by E. Equation (1.19) may be 
written 

F 2 = E v / 2 gh (1.20) 



and 



Q = A 2 ’V 2 = A 2 - Ey/lgh m 3 /s (1.21) 

Mass of liquid flowing per second = W = 
P Q = A 2 -p> Ey/2gh kg also since A p = hp. 



Q = A 2 -Ej^^-nr‘ls 

V P 



( 1 . 22 ) 



W^A 2 -E v / 2gp.Apkgjs (1.23) 



1.2.4 Practical realization of equations 

The foregoing equations apply only to stream- 
lined (or laminar) flow. To determine actual flow 
it is necessary to take into account various other 
parameters. In practice flow is rarely streamlined, 
but is turbulent. However, the velocities of par- 
ticles across the stream will be entirely random 
and will not affect the rate of flow very much. 

In developing the equations, effects of viscosity 
have also been neglected. In an actual fluid the 
loss of head between sections will be greater than 
that which would take place in a fluid free from 
viscosity. 

In order to correct for these and other effects 
another factor is introduced into the equations 
for flow. This factor is the discharge coefficient 
C and is given by the equation 
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Discharge coefficient 

actual mass rate of How 
theoretical mass rate of flow 



when well away from their critical temperatures 
and pressures) then the gas obeys several very 
important gas laws. These laws will now be stated. 



or if the conditions of temperature, density, etc., 
are the same at both sections it may be written in 
terms of volume. 

actual volume flowing 
theoretical volume flowing 

It is possible to determine C experimentally by 
actual tests. It is a function of pipe size, type of 
pressure tappings, and the Reynolds number. 
Equation (1.22) is modified and becomes 



1.2. 5. 1 Dry gases 

(a) Boyle's law This states that the volume of 
any given mass of gas will be inversely propor- 
tional to its absolute pressure provided tempera- 
ture remains constant. Thus, if a certain mass of 
gas occupies a volume v 0 at an absolute pressure 
po and a volume v\ at an absolute pressure p then 

Po-vo=p-v\ 

or v { = i’o pop (1-27) 



q = ca 2 e 



2g-Ap 



(1.24) 



This is true for flow systems where the Reynolds 
number is above a certain value (20,000 or above 
for orifice plates). For lower Reynolds numbers 
and for very small or rough pipes the basic coeffi- 
cient is multiplied by a correction factor Z whose 
value depends on the area ratio, the Reynolds 
number, and the size and roughness of the pipe. 
Values for both C and Z are listed with other 
relevant data in BS 1042 Part 1 1964. 

We can use differential pressure to measure flow. 

Here’s a practical example: 



Internal diameter of 
upstream pipe 
Orifice or throat 
diameter 

Pressure differential 
produced 

Density of fluid at 
upstream tapping 
Absolute pressure at 
upstream tapping 



D mm 
d mm 

h mm water gauge 
pkg/m 2 
p bar 



(b) Charles s law This states that if the volume 
of a given mass of gas occupies a volume v\ at a 
temperature To Kelvin, then its volume v at T 
Kelvin is given by 



v ] ITo = vlT or v = v l -TIT Q (1.28) 

(c) The ideal gas law In the general case p, r, and 
T change. Suppose a mass of gas at pressure po 
and temperature To Kelvin has a volume v 0 and 
the mass of gas at pressure p and temperature T 
has a volume v, and that the change from the first 
set of conditions to the second set of conditions 
takes place in two stages. 

(a) Change the pressure from po to p at a con- 
stant temperature. Let the new volume be v \ . 
From Boyle’s law: 

Po-vo=p-v i or V] =v 0 -polp 

(b) Change the temperature from To to T at 
constant pressure. From Charles’s law: 

V{/Tq = vlT 

Hence, equating the two values of v\ 



Then introducing the discharge coefficient C, the 
correction factor and the numerical constant, the 
equation for quantity rate of flow Q m 3 /h becomes 



Q = 0.01252C ■ Z ■ 




(1-25) 



and the weight or mass rate of the flow W kg/h is 
given by 

W = 0.01252C -Z ■ E ■ d 2 y/hp (1.26) 



vo ■ Po/p = v - To/T 

Po ■ v 0 /7o = pviT = constant (1 .29) 

If the quantity of gas considered is 1 mole, i.e., the 
quantity of gas that contains as many molecules 
as there are atoms in 0.012 kg of carbon-12, this 
constant is represented by R. the gas constant, and 
equation (1.29) becomes: 

pv = Rq • T 

where Ro = 8.314 J/Mol K and p is in N/m 2 and v 
is in m 3 . 



1.2.5 Modification of flow equations to apply to 
gases 

Gases are compressible, while liquids, mostly, are 
not. If the gas under consideration can be 
regarded as an ideal gas (most gases are ideal 



Adiabatic expansion When a gas is flowing 
through a primary element the change in pressure 
takes place too rapidly for the gas to absorb heat 
from its surroundings. When it expands owing to 
the reduction in pressure it does work, so that if it 
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does not receive energy it must use its own heat 
energy, and its temperature will fall. Thus the 
expansion that takes place owing to the fall in 
pressure does not obey Boyle’s law, which applies 
only to an expansion at constant temperature. 
Instead it obeys the law for adiabatic expansion 
of a gas: 

Pi • v] = p2 • vj or p ■ v T = constant 

(1.30) 

where 7 is the ratio of the specific heats of the gas 

specific heat of a gas at constant pressure 
' specific heat of a gas at constant volume 

and has a value of 1.40 for dry air and other 
diatomic gases, 1.66 for monatomic gases such 
as helium, and about 1.33 for triatomic gases such 
as carbon dioxide. 

If a metered fluid is not incompressible, 
another factor is introduced into the flow equa- 
tions. This factor is necessary to correct for the 
change in volume due to the expansion of the 
fluid while passing through the restriction. This 
factor is called the expansibility factor e and has a 
value of unity (1) for incompressible fluids. For 
ideal compressible fluids expanding without any 
change of state the value can be calculated from 
the equation 





1 — m 2 




V Vr-l 1 


1 - m 2 r 2J i 


1 — r ) 



where r is the ratio of the absolute pressures at the 
upstream and downstream tappings (i.e., r — p\ipi) 
and 7 is the ratio of the specific heat of the fluid at 
constant pressure to that at constant volume. This 
is detailed in BS 1042 Part 1 1964. 

To apply working fluid flow equations to both 
liquids and gases the factor £ is introduced and 
the equations become: 

0 = 0.012 52CZeEd z y/hipm i lh (1.32) 

W = 0.012 52 CZsEd 2 y/hp kg/h (1.33) 

£ — 1 for liquids 

1.2. 5. 2 Critical flow of compressible fluids 

For flow through a convergent tube such as a 
nozzle the value of r at the throat cannot be less 
than a critical value r c . When the pressure at the 
throat is equal to this critical fraction of the 
upstream pressure, the rate of flow is a maximum 
and cannot be further increased except by raising 
the upstream pressure. The critical pressure ratio 
is given by the equation 

+ 1 )m 2 ■ 7' = 7 — 1 (1.34) 



The value of r is about 0.5 but it increases slightly 
with increase of m and with decrease of specific 
heat ratio. Values of r are tabulated in BS 1042 
Part 1 1964. 

The basic equation for critical flow is obtained 
by substituting (1 - r c )p for A p in equation (1.23), 
substituting r c for r in equation (1.31), and the 
equation becomes 

W= 1.2521/ -d 2 ^w kg/h (1.35) 

where 

t/ = CV(7/2K-(7-l)/7 0-36) 

The volume rate of flow (in m 3 /h) is obtained by 
dividing the weight ratio of flow by the density (in 
kg/m 3 ) of the fluid at the reference conditions. 

1.2. 5. 3 Departure from gas laws 

At room temperature and at absolute pressures 
less than 10 bar most common gases except car- 
bon dioxide behave sufficiently like an ideal gas 
that the error in flow calculations brought about 
by departure from the ideal gas laws is less than 1 
percent. In order to correct for departure from 
the ideal gas laws a deviation coefficient K (given 
in BS 1042 Part 1 1964) is used in the calculation 
of densities of gases where the departure is sig- 
nificant. For ideal gases K = 1. 

1.2. 5. 4 Wei gases 

The above modification applies to dry gases. In 
practice many gases are wet, being a mixture of 
gas and water vapor. Partial pressure due to satu- 
rated water vapor does not obey Boyle’s law. 

Gas humidity is discussed in Chapter 6 of Part 
2. If the temperature and absolute pressure at the 
upstream tapping and the state of humidity of the 
gas are known, a correction factor can be worked 
out and applied to obtain the actual mass of gas 
flowing. 

Gas density is given by the equation 




(1.37) 

where 6 is specific gravity of dry gas relative to 
air, T is temperature in Kelvin, p is pressure in 
mbar at the upstream tapping, p v is partial pres- 
sure in mbar of the water vapor, k is the gas law 
deviation at temperature T f and p is gas density. 
For dry gas pv is zero and the equation becomes 

p = 6. 196^ kg/m 3 (1.38) 
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1.3 Fluid flow in closed pipes 

1.3.1 Differential-pressure devices 

Differential pressure devices using a constriction 
in the pipeline have been the most common tech- 
nique for measuring fluid flow. Recently, other 
devices have made substantial inroads in the basic 
measurement of fluids. Differential pressure is 
still a widely used technique, with even some 
new devices that have been introduced in the 
recent past. A recent estimate puts the use of 
differential pressure devices to measure flow in 
the petrochemical industry at over 70 percent of 
all flow devices. 

As already shown in the derivation of Ber- 
noulli's equation in the previous section, a con- 
striction will cause an increase in fluid velocity in 
the area of that constriction, which in turn will 
result in a corresponding pressure drop across the 
constriction. This differential pressure (d.p.) is a 
function of the flow velocity and density of the 
fluid and is shown to be a square root relation- 
ship; see equation (1.24). 

A flowmeter in this category would normally 
comprise a primary element to develop a differen- 
tial pressure and a secondary element to measure it. 
The secondary element is effectively a pressure 
transducer, and operational techniques are dis- 
cussed in Chapter 9, so no further coverage will be 
given here. However there are various types of 
primary element and these deserve further consid- 
eration. The main types of interest are: orifice plate, 
venturi, nozzle, Dali, rotameter, gate meter, Gilflo 
element, Large! meter, and V-Cone. 

1.3. 1.1 Orifice plate 

An orifice plate in its simplest form is a thin steel 
plate with a circular orifice of known dimensions 
located centrally in the plate. This is termed a con- 
centric orifice plate; see Figure 1.5(a). The plate 
would normally be clamped between adjacent 
flange fittings in a pipeline, a vent hole and drain 
hole being provided to prevent solids building up 
and gas pockets developing in the system; see 
Figure 1.5(b). 

The differential pressure is measured by suita- 
bly located pressure tappings on the pipeline on 
either side of the orifice plate. These may be 
located in various positions depending on the appli- 
cation (e.g., corner, D and D/2, or flange tappings), 
and reference should be made to BS 1042 Part 1 
1964 for correct application. Flow rate is deter- 
mined from equation (1.24). 

This type of orifice plate is inadequate to cope 
with difficult conditions experienced in metering 
dirty or viscous fluids and gives a poor disposal 
rate of condensate in flowing steam and vapors. 




Figure 1.5 (a) Orifice plate types, (b) Concentric orifice 

plate with D and D/2 tappings mounted between flange 
plates. Courtesy, British Standards Institution. 



Several design modifications can overcome these 
problems in the form of segmental or eccentric 
orifice plates as shown in Figure 1.5(a). 

The segmental orifice provides a method for 
measuring the flow of liquids with solids in 
suspension. It takes the form of a plate that 
covers the upper cross-section of the pipe leav- 
ing the lower portion open for the passage of 
solids to prevent their build-up. 

The eccentric orifice is used on installations 
where condensed liquids are present in gas-flow 
measurement or where undissolved gases are pre- 
sent in the measurement of liquid flow. It is also 
useful where pipeline drainage is required. 

To sum up the orifice plate: 

Advantages 

1. Inherently simple in operation 

2. No moving parts 

3. Long-term reliability 

4. Inexpensive 

Disadvantages 

1. Square root relationship 

2. Poor turn-down ratio 

3. Critical installation requirements 

4. High irrecoverable pressure loss 

1.3. 1.2 Venturi tube 

The classical venturi tube is shown in Figure 1.6. 
It comprises a cylindrical inlet section followed 
by a convergent entrance into a cylindrical throat 
and a divergent outlet section. A complete speci- 
fication may be found by reference to BS 1042 
Part 1 1964 and relevant details are repeated here: 

(a) Diameter of throat. The diameter d of the 
throat shall be not less than 0.224D and not 
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zero and 18D 




Figure 1.6 Venturi tube. Courtesy, British Standards 
Institution. 



greater than 0.742D, where D is the entrance 
diameter. 

(b) Length of throat. The throat shall have a 
length of 1.0 d. 

(c) Cylindrical entrance section. This section 
shall have an internal diameter D and a length 
of not less than 1 .0 d. 

(d) Conical section. This shall have a taper of 
10j°. Its length is therefore 2.70(£) — d) 
within ±0.24(/) — d). 

(e) Divergent outlet section. The outlet section 
shall have an inclined angle of not less than 
5° and not greater than 15°. Its length shall be 
such that the exit diameter is not less than 
1.5 d. 

In operation the fluid passes through the con- 
vergent entrance, increasing velocity as it does so, 
resulting in a differential pressure between the 
inlet and throat. This differential pressure is mon- 
itored in the same way as for the orifice plate, the 
relationship between flow rate and differential 
being as defined in equation (1.24). 

Location of pressure tappings The upstream 
pressure tapping is located in the cylindrical 
entrance section of the tube 0.5/) upstream of 
the convergent section and the downstream pres- 
sure tapping is located in the throat at a distance 

0.5D downstream of the convergent section. Pres- 
sure tappings should be sized so as to avoid acci- 
dental blockage. 

Generally the tappings are not in the form of a 
single hole but several equally spaced holes con- 
nected together in the form of an annular ring 
sometimes called a piezometer ring. This has the 
advantage of giving a true mean value of pressure 
at the measuring section. 

Application The venturi is used for applica- 
tions where there is a high solids content or where 
high pressure recovery is desirable. The venturi is 
inherently a low head-loss device and can result in 
an appreciable saving of energy. 



To sum up the venturi tube: 

Advantages 

1. Simple in operation 

2. Low head loss 

3. Tolerance of high solids content 

4. Long-term reliability 

5. No moving parts 

Disadvantages 

1. Expensive 

2. Square root pressure-velocity relationship 

3. Poor turn-down ratio 

4. Critical installation requirements 

1.3. 1.3 Nozzles 

The other most common use of the venturi effect 
is the venturi nozzle. 

Venturi nozzle This is in effect a shortened ven- 
turi tube. The entrance cone is much shorter and 
has a curved profile. The inlet pressure tap is 
located at the mouth of the inlet cone and the 
low-pressure tap in the plane of minimum section 
as shown in Figure 1.7. This reduction in size is 
taken a stage further in the flow nozzle. 

Flow nozzle Overall length is again reduced 
greatly. The entrance cone is bell-shaped and there 
is no exit cone. This is illustrated in Figure 1.8. The 
flow nozzle is not suitable for viscous liquids but 
for other applications it is considerably cheaper 
than the standard venturi tube. Also, due to the 
smooth entrance cone there is less resistance to 
fluid flow through the nozzle and a lower value 
of m may be used for a given rate of flow. Its main 
area of use therefore is in high-velocity mains 
where it will produce a substantially smaller pres- 
sure drop than an orifice plate of similar m 
number. 




Figure 1.7 Venturi nozzle. Courtesy, British Standards 
Institution. 




Fluid flow in closed pipes 11 



Pressure holes 




Figure 1.8 Flow nozzle. Courtesy, British Standards 
Institution, 



1.3. 1.4 Dali tube 

This is another variation of the venturi tube and 
gives a higher differential pressure but a lower head 
loss than the conventional venturi tube. Figure 1.9 
shows a cross-section of a typical Dali flow tube. It 
consists of a short straight inlet section, a conver- 
gent entrance section, a narrow throat annulus and 
a short divergent recovery cone. The whole device 
is about 2 pipe-diameters long. 

A shortened version of the Dali tube, the Dali 
orifice or insert, is also available; it is only 0.3 
pipe-diameter long. All the essential Dali tube 
features are retained in a truncated format as 
shown in Figure 1.10. Venturi tubes, venturi noz- 
zles, Dali tubes, and other modifications of the 
venturi effect are rarely used outside of the muni- 
cipal wastewater industry and the mining indus- 
try. There is even a version of a venturi tube 
combined with a venturi flume called a DataGa- 
tor® that is useful for any pipe, full or not. In 
this device, the inlet fills up simultaneously with 
the throat, permitting measurement in subcritical 
flow as if the device were a venturi flume, and 




Throat pressure connection 




Figure 1.10 Dali insert. Courtesy, British Standards 
Institution, 

above critical flow as if the device were a venturi 
tube. In the Transition zone’ between sub- and 
super-critical flow, the design of the unit permits 
a reasonably accurate measurement. This design 
won an R&D 1 00 Award in 1993 as one of the 1 00 
most important engineering innovations of the 
year. 



Pressure loss All the differential pressure 
devices discussed so far cause an irrecoverable 
pressure loss of varying degree. In operation it is 
advantageous to keep this loss as low as possible, 
and this will often be a major factor in the selec- 
tion criteria of a primary element. The pressure 
loss curves for nozzles, orifices, and venturi tubes 
are given in Figure 1.11. 




Figure 1.11 Net pressure loss as a percentage of pressure 
difference. Courtesy, British Standards Institution. 
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Installation requirements As already indicated, 
installation requirements for differential-pressure 
devices are quite critical. It is advisable to install 
primary elements as far downstream as possible 
from flow disturbances, such as bends, valves, and 
reducers. These requirements are tabulated in 
considerable detail in BS 1042 Part 1 1964 and 
are reproduced in part in Appendix 1.1. It is 
critical for the instrument engineer to be aware 
that these requirements are "rules of thumb", 
and even slavish adherence to them may not pro- 
duce measurement free from hydraulics-induced 
error. From a practical point of view, the best 
measurement is the one with the longest upstream 
straight run, and the longest downstream straight 
run. 



1.3. 1.5 Variable-orifice meters 

So far the devices discussed have relied on a con- 
striction in the flowstream causing a differential 
pressure varying with flow rate. Another category 
of differential-pressure device relies on maintain- 
ing a nominally constant differential pressure by 
allowing effective area to increase with flow. The 
principal devices to be considered are: rotameter, 
gate meter, and Gilflo. 



Rotameter This is shown schematically in 
Figure 1.12(a). In a tapered tube the upward 
stream of fluid supports the float where the 
force on its mass due to gravity is balanced 
against the flow force determined by the annu- 
lar area between the float and the tube and the 
velocity of the stream. The float’s position in 
the tube is measured by a graduated scale and 
its position is taken as an indication of flow 
rate. 

Many refinements are possible, including the 
use of magnetic coupling between the float and 
external devices to translate vertical movement 
into horizontal and develop either electrical 
transmission or alarm actuation. Tube materials 
can be either metal or glass depending on appli- 
cation. Figure 1.12(b) shows an exploded view of 
a typical rotameter. 



pressure drop is measured by pressure tappings 
located upstream and downstream of the gate as 
shown in Figure 1.13(a). The position of the gate 
is indicated by a scale. As the rate of flow through 
the orifice increases, the area of the orifice is 
increased. If all other factors in equation (1.21) 
except area A 2 are kept constant the flow through 
the o rifice will depe nd upon the product Ai ■ E or 

Ail\J[ 1 — {Ai1A\) 2 \ As A 2 increases, {A^Ax) 1 
increases and [1 - (T 2 /4i)“] decreases and there- 
fore l/y/[l - {A 2 iA\) 2 ] increases. 

The relationship between A 2 and flow is not 
linear. If the vertical movement of the gate is to 
be directly proportional to the rate of flow, the 
width of the opening Ai_ must decrease towards 
the top as shown in Figure 1.13(a). 

The flow through the meter can be made to 
depend directly upon the area of the orifice A 2 if 
instead of the normal static pressure being meas- 
ured at the upstream tapping the impact pressure 
is measured. In order to do this the upstream tap 
is made in the form of a tube with its open end 
facing directly into the flow as shown in Figure 
1.13(b). It is in effect a pitot tube (see section on 
point-velocity measurement). 

The differential pressure is given by equation 
(1.15), where h is the amount the pressure at the 
upstream tap is greater than that at the down- 
stream tap: 



v\ V } 



2g 



(1.39) 



Now, at the impact port, V 2 = 0 
therefore h\ = V 2 l2g 

where h\ is the amount the impact pressure is 
greater than the normal upstream static pressure. 
Thus the difference between impact pressure and 
the pressure measured at the downstream tap will 
be hi where 



hi = h + h\ 

= V[_V[ V[ = V[ 

2 g 2 g + 2 g 2 g 



(1.40) 



Gate meter In this type of meter the area of the 
orifice may be varied by lowering a gate either 
manually or by an automatically controlled elec- 
tric motor. The gate is moved so as to maintain a 
constant pressure drop across the orifice. The 



Therefore the velocity V 2 thr ough the section 
Ai is given by V 2 — \f{2 g - hi). The normal flow 
equations for the type of installation shown in 
Figure 1.13(b) will be the same for other orifices 
but the velocity of approach factor is 1 and flow 
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Maximum flow rate due to maximum 
annular area is obtained with float 
at large end of tube 

Noting position of edge of float 
referred to capacity scale an glass 
gives flow rate reading 

Metering float suspended freely 
in fluid being metered 

Tapered transparent metering 
tube (borosilicate glass) 



Minimum annular area and minimum 
flow rate is obtained 



4 

Fluid passes through this annular 
opening between periphery 
of float head and I.D. of tapered 
tube. Of course, flow rate varies 
directly as area of annular opening 
varies 



is directly proportional to Ai. The opening of' the 
gate may therefore be made rectangular and the 
vertical movement will be directly proportional to 
flow. 

The hinged gate meter is another version of this 
type of device. Here a weighted gate is placed in 
the flowstream, its deflection being proportional 
to flow. A mechanical linkage between the gate 
and a recorder head provides How indication. It 
is primarily used for applications in water 
mains where the user is interested in step 
changes rather than absolute How accuracy. The 
essential features of this device are shown in 
Figure 1 .13(c). 



The “Gilfto” primary sensor The Gilflo metering 
principle was developed to overcome the limit- 
ations of the square law fixed orifice plate in the 
mid-1960s. Its construction is in two forms; the 
Gilflo "AT Figure 1.14(a), sizes 10 to 40 mm, has 
an orifice mounted to a strong linear bellows 
fixed at one end and with a shaped cone posi- 
tioned concentrically in it. Under How conditions 
the orifice moves axially along the cone creating 
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Figure 1.12 (a) Rotameter-principle of operation. 

Courtesy, ABB Instrument Group, (b) Rotameter-exploded 
view. Courtesy, ABB Instrument Group. 



a variable annulus across which the differential 
pressure varies. Such is the relationship of 
change that the differential pressure is directly 
proportional to flowrate enabling a rangeability 
of up to 100: 1. 

The Gilflo “B.” Figure 1.14(b), sizes 40 to 
300 mm standard, has a fixed orifice with a 
shaped cone moving axially against the resistance 
of a spring, again producing a linear differential 
pressure and a range of up to 100:1. 

The Gilflo “A” has a water equivalent range 
of 0-5 to 0-350 liters/minute and the Gilflo "B” 
0-100 to 0-17 500 liters/minute. 

The main application for Gilflo-based systems 
is on saturated and superheated steam, with pres- 
sures up to 200 bar and temperatures up to 
±500 °C. 
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Low differential pressure tapping 




Spring opposed cone Spindle support bar 




Figure 1.14 (a) The essentials of Gilffo A. As flow 

increases the measuring orifice moves along the control 
cone against the spring bellows. Courtesy, Gervase 
Instruments Ltd. (b) Gilflo B extends the principle to higher 
flow. Now the orifice is fixed and the control cone moves 
against the spring. Courtesy, Gervase Instruments Ltd. 



Recorder 

Chart drum clock chart 




Figure 1.1 3 (a) Gate-type area meter. Courtesy, American 

Society of Mechanical Engineers, (b) Gate-type area meter 
corrected for velocity of approach. Courtesy, American 
Society of Mechanical Engineers, (c) Weight-controlled 
hinged-gate meter. 
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1.3. 1.6 Target flowmeter 

Although not strictly a differential-pressure 
device, this is generally categorized under that 
general heading. The primary and secondary elem- 
ents form an integral unit, and differential pres- 
sure tappings are not required. It is particularly 
suited for measuring the flow of high-viscosity 
liquids: hot asphalt, tars, oils, and slurries at pres- 
sures up to 100 bar and Reynolds numbers as low 
as 2000. Figure 1.15 shows the meter and working 
principles. 

The liquid impinging on the target will be 
brought to rest so that pressure increases by 
V 2 ilg in terms of head of liquid so that the force 
Ton the target will be 

F = K~/ V^AJIN (1.41) 

where 7 is the mass per unit volume in kg/m 3 . 
The area of the target is A t measured in m\ K is 
a constant, and V\ is the velocity in m/s of the 
liquid through the annular ring between target and 
pipe. 

If the pipe diameter is D m, and the target 
diameter d m, then area A of the annular space 
equals tt(D 2 - <7 2 )/4m 2 . 

Therefore volume flow rate is 




Figure 1.15 A Target flowmeter with an electronic 
transmitter. Courtesy, the Venture Measurement Division 
of Alliant Inc. 



where C is a new constant including the numer- 
ical factors. Mass How rate is 

w = Qrt = C {I f r ~ : ) vTy kg/s ( 1 .43) 

The force F is balanced through the force bar and 
measured by a balanced strain gauge bridge 
whose output signal is proportional to the square 
root of flow. 

Flow ranges available vary from 0-52.7 to 
0-123 liters/minute for the 19 mm size at tempera- 
tures up to 400 °C to from 0 682 to 0-2273 liters/ 
minute for the 100 mm size at temperatures up to 
260 °F. Meters are also available for gas flow. 

The overall accuracy of the meter is ±0.5 
percent with repeatability of ±0,1 percent. 

Target flow meters are in use in applications 
as diverse as supersaturated two-phase steam and 
municipal water distribution. Wet chlorine gas 
and liquefied chlorine gas arc also applications 
for this type of device. The shape of the target, 
which produces the repeatability of the device, is 
empirical, and highly proprietary among manu- 
facturers. 

1.3.2 Rotating mechanical meters for liquids 

Rotating mechanical flowmeters derive a signal 
from a moving rotor that is rotated at a speed 
proportional to the fluid flow velocity. Most of 
these meters are velocity-measuring devices 
except for positive-displacement meters, which 
are quantity or volumetric in operation. The prin- 
cipal types are: positive-displacement, rotating 
vane, angled propeller meter, bypass meter, helix 
meter, and turbine meter. 

1.3. 2. I Positive-displacement 

Positive-displacement meters are widely used on 
applications where high accuracy and good 
repeatability are required. Accuracy is not 
affected by pulsating flow, and accurate measure- 
ment is possible at higher liquid viscosities than 
with many other flowmeters. Positive-displace- 
ment meters are frequently used in oil and water 
undertakings for accounting purposes. 

The principle of the measurement is that as the 
liquid Hows through the meter, it moves a meas- 
uring element which seals off the measuring 
chamber into a series of measuring compartments 
which arc successively filled and emptied. Thus, 
for each complete cycle of the measuring clement 
a fixed quantity of liquid is permitted to pass 
from the inlet to the outlet of the meter. The seal 
between the measuring element and the measur- 
ing chamber is provided by a film of the measured 
liquid. The number of cycles of the measuring 
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element is indicated by several possible means 
including a pointer moving over a dial driven 
from the measuring element by suitable gearing 
and a magnetically coupled sensor connected to 
an electronic indicator or “flow computer/’ 

The extent of error, defined as the difference 
between the indicated quantity and the true quan- 
tity and expressed as a percentage of the true 
quantity, is dependent on many factors, among 
them being: 

(a) The amount of clearance between the rotor 
and the measuring chamber through which 
liquid can pass unmetered. 

(b) The amount of torque required to drive the 
register. The greater the torque, the greater the 
pressure drop across the measuring element, 
which in turn determines the leakage rate past 
the rotor. This is one reason why electronic 
readout devices have become much more com- 
mon in recent years, as it eliminates this error 
factor. 

(c) The viscosity of the liquid to be measured. 
Increase in viscosity will also result in 
increased pressure drop across the measuring 
element, but this is compensated for by the 
reduction in flow through the rotor clearances 
for a given pressure drop. 

The accuracy of measurement attained with a 
positive-displacement meter varies very consider- 
ably from one design to another, with the nature 
and condition of the liquid measured, and with 
the rate of flow. Great care should be taken to 
choose the correct meter for an application. 

The most common forms of positive-displace- 
ment meters are: rotary piston, reciprocating pis- 
ton, nutating disc, fluted spiral rotor, sliding 
vane, rotating vane, and oval gear. 

Rotary piston The rotary-piston flowmeter is 
most common in the water industry, where it is 
used for metering domestic supplies. It consists of 
a cylindrical working chamber that houses a hol- 
low cylindrical piston of equal length. The central 
hub of the piston is guided in a circular motion by 
two short inner cylinders. The piston and cylinder 
are alternately filled and emptied by the fluid 
passing through the meter. A slot in the sidewall 
of the piston is removed so that a partition 
extending inward from the bore of the working 
chamber can be inserted. This has the effect of 
restricting the movement of the piston to a sliding 
motion along the partition. The rotary movement 
of the piston is transmitted via a permanent-mag- 
net coupling from the drive shaft to a mechanical 
register or electronic readout device. The basic 
design and principle of operation of this meter is 
shown diagrammatically in Figure 1.16. 




1 8 Rotating piston 



Figure 1.1 6 Rotary-piston positive-displacement meter. 
Courtesy, ABB Instrument Group. 1. Lid. 2. Hinge pin. 3. Counter 
housing complete with lid and hinge pin. 4. Counter with 
worm reduction gear and washer. 5. Counter washer. 

6. Ramp assembly. 7. Top plate assembly comprising top plate 
only; driving spindle; driving dog; dog retaining clip. 

8, Piston. 9. Shutter. 10. Working chamber only. 11. Locating 
pin. 12. Strainer- plastic. Strainer-copper, 13. Strainer cap. 

14. Circlip, 1 5. Non-return valve. 1 6. 0 ring. 17. Chamber 
housing. 18. Protective caps for end threads. 



Reciprocating piston A reciprocating meter can 
be either of single- or multi-piston type, this being 
dependent on the application. This type of meter 
exhibits a wide turn-down ratio (e.g., 300:1), with 
extreme accuracy of ±0.1 percent, and can be 
used for a wide range of liquids. Figure 1.17 
illustrates the operating principle of this type of 
meter. 

Suppose the piston is at the bottom of its 
stroke. The valve is so arranged that inlet liquid 
is admitted below the piston, causing it to travel 
upwards and the liquid above the piston to be 
discharged to the outlet pipe. When the piston 
has reached the limit of its travel, the top of the 
cylinder is cut off from the outlet side, and 
opened to the inlet liquid supply. At the same 
time the bottom of the cylinder is opened to 
the outlet side but cut off from the inlet liquid. 
The pressure of the incoming liquid will therefore 
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Figure 1.17 Reciprocating-piston meter, 

drive the piston downwards, discharging the liquid 
from below the piston to the outlet pipe. The pro- 
cess repeats. 

As the piston reciprocates, a ratchet attached 
to the piston rod provides an actuating force for 
an incremental counter, each count representing a 
pre-determined quantity of iiquid. Newer devices 
use magnetically coupled sensors — Hall-effect 
or Wiegand-effect types being quite common, or 
optical encoders to produce the count rate. 

Nutating-disc type This type of meter is similar 
in principle to the rotary-piston type. In this case, 
however, the gear train is driven not by a rotating 




piston but by a movable disc mounted on a con- 
centric sphere. The basic construction is shown in 
Figure l . IS. 

The liquid enters the left side of the meter, 
alternately above and below the disc, forcing it 
to rock (nutate) in a circular path without rotat- 
ing about its own axis. The disc is contained in a 
spherical working chamber and is restricted 
from rotating about its own axis by a radial 
partition that extends vertically across the cham- 
ber. The disc is slotted to fit over this partition. 
The spindle protruding from the sphere traces 
a circular path and is used to drive a geared 
register. 

This type of meter can be used for a wide 
variety of liquids-disc and body materials being 
chosen to suit. 



Fluted-spiral-rotor type (rotating-impeller type) 
The principle of this type of meter is shown in 
Figure 1.19. The meter consists of two fluted rotors 
supported in sleeve-type bearings and mounted so 
as to rotate rather like gears in a liquid-tight case. 
The clearance between the rotors and measuring 
chambers is kept to a minimum. The shape of the 
rotors is designed so that a uniform uninterrupted 
rotation is produced by the liquid. The impellers in 
turn rotate the index of a counter which shows the 
total measured quantity. 

This type of meter is used mainly for measuring 
crude and refined petroleum products covering a 
range of flows up to 3000 m 3 /h at pressures up to 
80 bar. 



Sliding-vane type The principle of this type is 
illustrated in Figure 1.20. It consists of an accur- 
ately machined body containing a rotor revolv- 
ing on ball bearings. The rotor has four evenly 
spaced slots, forming guides for four vanes. The 




Figure 1.1 9 Fluted-spiral-rotor type of meter. 
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Figurel.20 Sliding-vane type meter. Courtesy, 
WayneTank & Pump Co. 



vanes are in contact with a fixed cam. The four 
cam-followers follow the contour of the cam, 
causing the vanes to move radially. This ensures 
that during transition through the measuring 
chamber the vanes are in contact with the cham- 
ber wall. 

The liquid impact on the blades causes the 
rotor to revolve, allowing a quantity of liquid to 
be discharged. The number of revolutions of the 
rotor is a measure of the volume of liquid passed 
through the meter. 

Rota ting-vane type This meter is similar in 
principle to the sliding- vane meter, but the meas- 
uring chambers are formed by four half-moon- 
shaped vanes spaced equidistant on the rotor 
circumference. As the rotor is revolved, the vanes 
turn to form sealed chambers between the rotor 
and the meter body. Accuracy of ±0.1 percent is 




Figure1.21 Oval-gear meter. 



possible down to 20 percent of the rated capacity 
of the meter. 



Oval-gear type This type of meter consists of 
two intermeshing oval gearwheels which are 
rotated by the fluid passing through it. This 
means that for each revolution of the pair of 
wheels a specific quantity of liquid is carried 
through the meter. This is shown diagrammat- 
ically in Figure 1 .2 1 . The number of revolutions 
is a precise measurement of the quantity of liquid 
passed. A spindle extended from one of the gears 
can be used to determine the number of revolu- 
tions and convert them to engineering units by 
suitable gearing. 

Oval-gear meters are available in a wide range 
of materials, in sizes from 10 to 400 mm and 
suitable for pressures up to 60 bar and flows up 
to 1200m 3 /h. Accuracy of ±0.25 percent of rate 
of flow can be achieved. 

1.3. 2. 2 Rotating vane 

This type of meter operates on the principle that 
the incoming liquid is directed to impinge tangen- 
tially on the periphery of a free-spinning rotor. 
The rotation is monitored by magnetic, or photo- 
electric pick-up, the frequency of the output being 
proportional to flow rate, or alternatively by a 
mechanical register connected through gearing to 
the rotor assembly as shown in Figure 1 .22. 

Accuracy is dependent on calibration, and turn- 
down ratios up to 20:1 can be achieved. This 
device is particularly suited to low flow rates. 

1.3. 2. 3 Angled-propeller meter 

The propeller flowmeter comprises a Y-type body 
with all components apart from the propeller 
being out of the liquid stream. The construction 
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Figure 1.22 Rotating-vane type meter. 




of this type of meter is shown in Figure 1.23. The 
propeller has three blades and is designed to give 
maximum clearance in the measuring chamber, 
thereby allowing maximum tolerance of sus- 
pended particles. The propeller body is angled at 
45° to the main flowstream and liquid passing 
through the meter rotates it at a speed propor- 
tional to How rate. As the propeller goes through 
each revolution, encapsulated magnets generate 
pulses through a pick-up device, the number of 
pulses being proportional to flow rate. 

13.2.4 Bypass meter 

In this type of meter (also known as a shunt 
meter) a proportion of the liquid is diverted from 
the main flowstream by an orifice plate into a 
bypass configuration. The liquid is concentrated 



through nozzles to impinge on the rotors of a 
small turbine located in the bypass, the rotation 
of the turbine being proportional to flow rate. 

This type of device can give moderate accuracy 
over a 5:1 turn-down ratio and is suitable for 
liquids, gases, and steam. Bypass meters have 
been used with other shunt-meter devices, including 
Coanda-effect oscillatory flow meters, rotameters, 
ultrasonic meters, and positive displacement meters 
and multijets. 

13.2.5 Helix meter 

In this type of meter the measuring element takes 
the form of a helical vane mounted centrally in 
the measuring chamber with its axis along the 
direction of flow as shown in Figure 1.24. The 
vane consists of a hollow cylinder with accurately 
formed wings. Owing to the effect of the buoy- 
ancy of the liquid on the cylinder, friction 




Figure 1.24 Helix meter, exploded view. 1. Body. 2. Top 
cover with regulator plug and regulator sealing ring. 3. Top 
cover plate. 4. Joint plate. 5. Joint plate gasket. 6. Joint plate 
screws. 7. Top cover sealing ring. 8. Body bolt, 9. Body bolt 
unit. 10. Body bolt washer. 11. Regulator plug. 12. Regulator 
plug sealing ring. 13. Joint breaking screw. 14. Counter box 
screw. 15. Measuring element. 16. Element securing screw. 
17. Element securing screw washer. 1 8. Back bearing cap 
assembly. 19. Back vane support. 20. Tubular dowel pin. 

21, Vane. 22. Worm wheel. 23, Vertical worm shaft. 24. First 
pinion. 25. Drive clip. 26. Regulator assembly. 27. Regulator 
assembly screw. 28. Undergear. 29. Undergear securing 
screw. 30. Register. 
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between its spindle and the sleeve bearings is 
small. The water is directed evenly onto the vanes 
by means of guides. 

Transmission of the rotation from the under- 
gear to the meter register is by means of ceramic 
magnetic coupling. 

The body of the meter is cast iron, and the 
mechanism and body cover is of thermoplastic 
injection moulding. The meter causes only small 
head loss in operation and is suited for use in 
water-distribution mains. It is available in sizes 
from 40 mm up to 300 mm, respective maximum 
flow rates being 24m 3 /h and 1540m 3 /h, with 
accuracy of ± 2 percent over 20:1 turn-down 
ratio. 

1.3. 2. 6 Turbine meter 

This type of meter consists of a practically fric- 
tion-free rotor pivoted along the axis of the meter 
tube and designed in such a way that the rate of 
rotation of the rotor is proportional to the rate of 
flow of fluid through the meter. This rotational 
speed is sensed by means of an electric pick-off 
coil fitted to the outside of the meter housing as 
shown in Figure 1 .25(a). 

The only moving component in the meter is the 
rotor, and the only component subject to wear is 
the rotor bearing assembly. However, with care- 
ful choice of materials (e.g., tungsten carbide for 
bearings) the meter should be capable of operat- 
ing for up to five years without failure. 

In many similar product designs the rotor is 
designed so that the pressure distribution of the 
process liquid helps to suspend the rotor in an 
'‘axial” floating position, thereby eliminating end- 
thrust and wear, improving repeatability, and 
extending the linear flow range. This is illustrated 
in Figure 1.25(b). 

As the liquid flows through the meter, there is a 
small gradual pressure loss up to point A caused 
by the rotor hangers and housing. At this point 
the area through which flow can take place 
reduces and velocity increases, resulting in a pres- 
sure minimum at point B. By the time the liquid 
reaches the downstream edge of the rotor (C), the 
flow pattern has reestablished itself and a small 
pressure recover)' occurs which causes the rotor to 
move hard upstream in opposition to the down- 
stream forces. To counteract this upstream force 
the rotor hub is designed to be slightly larger in 
diameter than the outside diameter of the deflector 
cone to provide an additional downstream force. 
A hydraulic balance point is reached with the rotor 
floating completely clear of any end stops. 

The turbine meter is available in a range of 
sizes up to 500 mm with linearity better than 
±0.25 percent and repeatability better than 
±0.02 percent and can be bi-directional in opera- 




Figure 1.25 (a) Principle of operation of turbine meter, 

(b) Pressure distribution through turbine meter. 



tion. To ensure optimum operation of the meter it 
is necessary to provide a straight pipe section of 
1 0 pipe-diameters upstream and 5 pipe-diameters 
downstream of the meter. The addition of flow is 
sometimes necessary. 
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1.3.3 Rotating mechanical meters for gases 

The principal types to be discussed are positive 
displacement, deflecting vane, rotating vane, and 
turbine. 

1.3.3. 1 Positive displacement 

Three main types of meter come under this heading. 
They are diaphragm meter, wet gas meter (liquid 
sealed drum), and rotary displacement meter. 

Diaphragm meter {bellows type) This type of 
meter has remained fundamentally the same for 
over 100 years and is probably the most common 
kind of meter in existence. It is used in the UK for 
metering the supply of gas to domestic and com- 
mercial users. 

The meter comprises a metal case having an 
upper and a lower section. The lower section 
consists of four chambers, two of which are 
enclosed by flexible diaphragms that expand and 
contract as they are charged and discharged with 
the gas being metered. Figure 1.26 illustrates the 
meter at four stages of its operating cycle. 

Mechanical readout is obtained by linking the 
diaphragms to suitable gearing since each cycle of 
the diaphragms discharges a known quantity of 
gas. This type of meter is of necessity highly 
accurate and trouble-free and the performance is 
governed by the regulations of the Department of 
Trade and Industry. 



Liquid sealed drum This type of meter differs 
from the bellows type of meter in that the sealing 



medium for the measuring chambers is not solid 
but is water or some other suitable liquid. 

The instrument is shown in section in Figure 
1.27. It consists of an outer chamber of tinned 
brass plate or Staybrite steel sheeting containing a 
rotary portion. This rotating part consists of 
shaped partitions forming four measuring cham- 
bers made of light-gauge tinplate or Staybrite 
steel, balanced about a center spindle so that it 
can rotate freely. Gas enters by the gas inlet near 
the center and leaves by the outlet pipe at the top 
of the outer casing. The measuring chambers are 
sealed off by water or other suitable liquid which 
fills the outer chamber to just above the center 
line. The level of the water is so arranged that 
when one chamber becomes unsealed to the out- 
let side, the partition between it and the next 
chamber seals it off from the inlet side. Thus, 
each measuring chamber will, during the course 
of a rotation, deliver a definite volume of gas 
from the inlet side to the outlet side of the instru- 
ment. The actual volume delivered will depend 
upon the size of the chamber and the level of 
the water in the instrument. The level of the water 
is therefore critical and is maintained at the 
correct value by means of a hook type of level 
indicator in a side chamber which is connected 
to the main chamber of the instrument. If the 
level becomes very low, the measuring chambers 
will become unsealed and gas can pass freely 
through the instrument without being measured: 
while if the level is too high, the volume delivered 
at each rotation will be too small, and water 
may pass back down the inlet pipe. The correct 
calibration is obtained by adjusting the water 
level. 
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Chamber A is emptying 
B is filling 
C is empty 
D has just filled 




Chamber A is empty 
B is full 
C is filling 
D is emptying 





Figure 1.26 Diaphragm meter-stages of operation. 
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When a partition reaches a position where a 
small sealed chamber is formed connected to the 
inlet side, there is a greater pressure on the inlet 
side than on the outlet side. There will therefore 
be a force that moves the partition in an anti- 
clockwise direction, and so increases the volume 
of the chamber. This movement continues until 
the chamber is sealed off from the inlet pipe but 
opened up to the outlet side, while at the same 
time the chamber has become open to the inlet 
gas but sealed off from the outlet side. This pro- 
duces continuous rotation. The rotation operates 
a counter which indicates complete rotations and 
fractions of rotation, and can be calibrated in 
actual volume units. The spindle between the 
rotor and the counter is usually made of brass 
and passes through a greasepacked gland. The 
friction of this gland, together with the friction 
in the counter gearing, will determine the pressure 
drop across the meter, which is found to be 
almost independent of the speed of rotation. This 
friction must be kept as low as possible, for if 
there is a large pressure difference between inlet 
and outlet sides of the meter, the level of the 
water in the measuring chambers will be forced 
down, causing errors in the volume delivered; and 
at low rates of flow the meter will rotate in a jerky 
manner. 

It is very difficult to produce partitions of such 
a shape that the meter delivers accurate amounts 
for fractions of a rotation; consequently the meter 
is only approximately correct when fractions of a 
rotation are involved. 

The mass of gas delivered will depend upon the 
temperature and pressure of the gas passing 
through the meter. The volume of gas is measured 
at the inlet pressure of the meter, so if the tem- 
perature and the density of the gas at s.t.p. are 
known it is not difficult to calculate the mass of 
gas measured. The gas will of course be saturated 
with water vapor and this must be taken into 
account in finding the partial pressure of the gas. 

Rotating-impelier type This type of meter is 
similar in principle to the rotating-impelier type 
meter for liquids and could be described as a two- 
toothed gear pump. It is shown schematically in 



Gas outlet 




Figure 1.28 Rotary displacement meter. 



Figure 1 .28. Although the meter is usually man- 
ufactured almost entirely from cast iron, other 
materials may be used if desired. The meter basi- 
cally consists of two impellers housed in a cas- 
ing and supported on rolling element bearings. 
A clearance of a few thousandths of an inch 
between the impellers and the casing prevents 
wear, with the result that the calibration of the 
meter remains constant throughout its life. The 
leakage rate is only a small fraction of 1 per cent 
and this is compensated for in the gearing counter 
ratio. Each lobe of the impellers has a scraper tip 
machined onto its periphery to prevent deposits 
forming in the measuring chamber. The impellers 
are timed relative to each other by gears fitted to 
one or both ends of the impeller shafts. 

The impellers are caused to rotate by the 
decrease in pressure which is created at the meter 
outlet following the use of gas by the consumer. 
Each time an impeller passes through the vertical 
position a pocket of gas is momentarily trapped 
between the impeller and the casing. Four pock- 
ets of gas are therefore trapped and expelled dur- 
ing each complete revolution of the index shaft. 
The rotation of the impellers is transmitted to the 
meter counter by suitable gearing so that the 
counter reads directly in cubic feet. As the meter 
records the quantity of gas passing through it 
at the conditions prevailing at the inlet it is 
necessary to correct the volume indicated by the 
meter index for various factors. These are 
normally pressure, temperature, and compressibi- 
lity. Corrections can be carried out manually if 
the conditions within the meter are constant. 
Alternatively the correction can be made con- 
tinuously and automatically by small mechanical 
or electronic computers if conditions within the 
meter vary continuously and by relatively large 
amounts. Meters can also drive, through external 
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gearing, various types of pressure- or tempera- 
ture-recording devices as required. 

Meters of this type are usually available in pres- 
sures up to 60 bar and will measure flow rates from 
approximately I2m 3 /h up to 10,000 m 3 /h. Within 
these flow rates the meters will have a guaranteed 
accuracy of ± 1 .0 percent, over a range of from 5 to 
100 percent of maximum capacity. The pressure 
drop across the meter at maximum capacity is 
always less than 50mmwg. These capacities and 
the pressure loss information are for meters operat- 
ing at low pressure; the values would be subject to 
the effects of gas density at high pressure. 



1.3. 3. 2 Deflect ing-vane type: velometer s 

The principle of this type of instrument is similar to 
that of the same instrument for liquids. The con- 
struction, however, has to be different, for the dens- 
ity of a gas is usually considerably less than that of a 
liquid. As the force per unit area acting on the vane 
depends upon the rate of change of momentum and 
momentum is mass multiplied by velocity, the force 
will depend upon the density and upon the velocity 
of the impinging gas. The velocity of gas flow in a 
main is usually very much greater (6 to 10 times) 
than that of liquid flow but this is not sufficient 
to compensate for the greatly reduced density. 
(Density of dry air at 0°C and 760mm is 0.0013 
g/ml while density of water is 1 g/ml.) 

The vane must therefore be considerably larger 
when used for gases or be considerably reduced in 
weight. The restoring force must also be made 
small if an appreciable deflection is to be 
obtained. 

The simple velometer consists of a light vane 
which travels in a shaped channel. Gas flowing 
through the channel deflects the vane according 
to the velocity and density of the gas, the shape of 
the channel, and the restoring torque of the hair- 
spring attached to the pivot of the vane. 

The velometer is usually attached to a “duct jet” 
which consists of two tubes placed so that the open 
end of one faces upstream while the open end of 
the other points downstream. The velometer then 
measures the rate of flow through the pair of tubes, 
and as this depends upon the lengths and sizes of 
connecting pipes and the resistance and location of 
the pressure holes, each assembly needs individual 
calibration. 

The main disadvantages of this simple velo- 
meter are the effects of hot or corrosive gases on 
the vane and channel. This disadvantage may be 
overcome by measuring the flow of air through 
the velometer produced by a differential air pres- 
sure equal to that produced by the “duct jet.” In 
this way the hot gases do not pass through the 
instrument, and so it is not damaged. 



1.3. 3. 3 Ro tcit ing-vane type 

Anemometers As in the case of the deflecting- 
vane type, the force available from gases to pro- 
duce the rotation of a vane is considerably less 
than that available in the measurement of liquids. 
The vanes must therefore be made light or have a 
large surface area. The rotor as a whole must be 
accurately balanced, and the bearings must be as 
friction-free as possible and may be in the form of 
a multi-cap or multiple-fan blade design, the 
speed of rotation being proportional to air speed. 

Rotary gas meter The rotary meter is a develop- 
ment of the air meter type of anemometer and is 
shown in Figure 1.29. It consists of three main 
assemblies: the body, the measuring element, and 
the multi-point index driven through the intergear- 
ing. The lower casing (1) has integral in-line flanges 
(2) and is completed by the bonnet (3) with index 
glass (4) and bezel (5). 

The measuring element is made up of an inter- 
nal tubular body (6), which directs the flow of gas 
through a series of circular ports (7) onto a vaned 
anemometer (8). The anemometer is carried by a 
pivot (9) which runs in a sapphire-agate bearing 
assembly (10), the upper end being steadied by a 
bronze bush (11). 

The multi-pointer index (12) is driven by an 
intergear (13) supported between index plates (14). 
The index assembly is positioned by pillars (15) 
which are secured to the top flange of the internal 
tubular body. 

The meter casing is made of cast iron whilst the 
anemometer is made from aluminum. The larger 
sizes have a separate internal tubular body made 
from cast iron, with a brass or mild steel skirt 
which forms part of the overall measuring ele- 
ment. 




Fi g u r e 1 . 2 9 Diagrammatic section of a rotary gas meter. 
Courtesy, Parkinson & Cowan Compteurs. 
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Its area of application is in the measurement of 
gas flow in industrial and commercial installa- 
tions at pressures up to 1.5 bar and flows up to 
200nr/h, giving accuracy of ±2 percent over a 
flow range of 10:1. 



1.3.3 A Turbine meter 

The gas turbine meter operates on the same prin- 
ciple as the liquid turbine meter previously 
described, although the design is somewhat dif- 
ferent since the densities of gases are much lower 
than those of liquids-high gas velocities are 
required to turn the rotor blades. 



1.3.4 Electronic flowmeters 

Either the principle of operation of flowmeters in 
this category is electronically based or the pri- 
mary sensing is by means of an electronic device. 
Most of the flowmeters discussed in this section 
have undergone considerable development in the 
last five years, and the techniques outlined are a 
growth area in flowmetering applications. They 
include electromagnetic flowmeters, ultrasonic 
flowmeters, oscillatory flowmeters, and cross- 
correlation techniques. It is important to note, 
however, that there has been very limited devel- 
opment of new techniques in flowmetering since 
the early 1980s, due in part to concentration of 
effort on the design of other sensors and control 
systems. 



1.3.4. 1 Electromagnetic flowmeters 

The principle of operation of this type of flow- 
meter is based on Faraday’s law of electromag- 
netic induction, which states that if an electric 
conductor moves in a magnetic field, an electro- 
motive force (e.m.f.) is induced whose amplitude 
is dependent on the force of the magnetic field, 
the velocity of the movement, and the length of 
the conductor such that 

ExBlV (1.44) 

where E is e.m.f., B is magnetic field density, / is 
length of conductor, and V is the rate at which the 
conductor is cutting the magnetic field. The direc- 
tion of the e.m.f. with respect to the movement 
and the magnetic field is given by Fleming's right- 
hand generator rule. 

If the conductor now takes the form of a 
conductive liquid an e.m.f. is generated in accord- 
ance with Faraday’s law. It is useful at this time 
to refer to BS 5792 1980, which states: “If the 



magnetic field is perpendicular to an electrically 
insulating tube through which a conductive liquid 
is flowing, a maximum potential difference may 
be measured between two electrodes positioned 
on the wall of the tube such that the diameter 
joining the electrodes is orthogonal to the mag- 
netic field. The potential difference is propor- 
tional to the magnetic field strength, the axial 
velocity, and the distance between the electrodes.” 
Hence the axial velocity and rate of flow can be 
determined. This principle is illustrated in Figure 
1.30(a). 

Figure 1.30(b) shows the basic construction of 
an electromagnetic flowmeter. It consists of a 
primary device, which contains the pipe through 
which the liquid passes, the measurement elec- 
trodes, and the magnetic field coils and a secondary 
device, which provides the field-coil excitation 
and amplifies the output of the primary device 
and converts it to a form suitable for display, 
transmission, and totalization. 

The flow tube, which is effectively a pipe 
section, is lined with some suitable insulating 
material (dependent on liquid type) to prevent 
short-circuiting of the electrodes which are nor- 
mally button-type mounted flush with the liner. 
The field coils wound around the outside of the 
flow tube are usually epoxyresin encapsulated to 
prevent damage by damp or liquid submersion. 

Field-coil excitation To develop a suitable mag- 
netic field across the pipeline it is necessary to 
drive the field coil with some form of electrical 
excitation. It is not possible to use pure d.c. exci- 
tation due to the resulting polarization effect on 
electrodes and subsequent electrochemical action, 
so some form of a.c. excitation is employed. The 
most common techniques are: sinusoidal and 
non-sinusoidal (square wave, pulsed d.c., or trap- 
ezoidal). 



Sinusoidal a. c. excitation Most early electromag- 
netic flowmeters used standard 50 Hz mains vol- 
tage as an excitation source for the field coils, and 
in fact most systems in use today operate on this 
principle. The signal voltage will also be a.c. and is 
normally capacitively coupled to the secondary 
electronics to avoid any d.c. interfering potentials. 
This type of system has several disadvantages. Due 
to a.c. excitation the transformer effect produces 
interfering voltages. These are caused by stray 
pick-up by the signal cables from the varying mag- 
netic field. It has a high power consumption and 
suffers from zero drift caused by the above inter- 
fering voltages and electrode contamination. This 
necessitates manual zero control adjustment. 

These problems have now been largely over- 
come by the use of non-sinusoidal excitation. 
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Figure 1.30 (a) Principle of operation-electromagnetic flowmeter, (b) Electromagnetic flowmeter detector head: exploded 

view. 



N on-sinusoid al excitation Here it is possible to 
arrange that rate of change of flux density 
dB/dt = 0 for part of the excitation cycle and 
therefore there is no transformer action during 
this period. The flow signal is sampled during 
these periods and is effectively free from induced 
error voltages. 

Square-wave, pulsed, and trapezoidal excita- 
tions have all been employed initially at frequen- 
cies around 50 Hz, but most manufacturers have 
now opted for low-frequency systems (2-7 Hz) 
offering the benefits of minimum power con- 
sumption (i.e., only 20 per cent of the power used 
by a comparative 50 Hz system), automatic com- 
pensation for interfering voltages, automatic zero 
adjustment, and tolerance of light build-up of 
material on electrode surfaces. 

An example of this type of technique is illus- 
trated in Figure 1.31, where square-wave excita- 
tion is used. The d.c. supply to the coils is 
switched on and off at approximately 2.6 Hz with 



polarity reversal every cycle. Figure 1.31(a) shows 
the ideal current waveform for pulsed d.c. excita- 
tion but, because of the inductance of the coils, 
this waveform cannot be entirely achieved. The 
solution as shown in Figure 1.31(b) is to power 
the field coils from a constant-current source giv- 
ing a near square-wave excitation. The signal 
produced at the measuring electrodes is shown 
in Figure 1.31(c). The signal is sampled at five 
points during each measurement cycle as shown, 
microprocessor techniques being utilized to evalu- 
ate and separate the true flow signal from the 
combined flow and zero signals as shown in the 
equation in Figure 1.31(c). 



Area of application Electromagnetic flowmeters 
are suitable for measuring a wide variety of 
liquids such as dirty liquids, pastes, acids, slur- 
ries, and alkalis; accuracy is largely unaffected 
by changes in temperature, pressure, viscosity, 
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Figure 1.31 Electromagnetic flowmeter-pulsed DC 
excitation, Courtesy, Flowmetering Instruments Ltd. 



density, or conductivity. Although in the case 
of the latter conductivities must be greater than 
1 micromho/cm. 



Installation The primary element can be 
mounted in any attitude in the pipework 
although care should be taken to ensure that 
when the flowmeter is mounted horizontally the 
axis of the electrodes be in the horizontal plane. 

Where build-up of deposits on the electrodes is 
a recurring problem there exist three alternatives 
for consideration: 

(a) Ultrasonic cleaning of electrodes. 

(b) Utilize capacitive electrodes which do not 
come into contact with the flowstrcam, and 
therefore insulating coatings have no effect. 

(c) Removable electrodes, inserted through a hot- 
tap valve assembly, enabling the electrodes to 
be withdrawn from the primary and physically 
examined and cleaned, and then re-inserted 
under pressure and without stopping the flow, 

It should be noted that on insulated pipelines 
earthing rings will normally be required to ensure 
that the flowmeter body is at the same potential 
as that of the flouring liquid to prevent circulat- 
ing current and interfering voltages occurring. 
Recently, a magnetic flowmeter design has been 
introduced that relies on a self-contained coil- 
and-clcctrodc package, mounted at 180° to a 



similar package, across the centerline of the 
How tube. This design does not require a fully-lined 
How tube, and appears to have some advantages 
in cost in medium- and larger-sized applications. 

The accuracy of the flowmeter can be affected 
by flow profile and the user should allow at least 
10 straight pipe diameters upstream and 5 
straight pipe diameters downstream of the pri- 
mary element to ensure optimum conditions. 
Also to ensure system accuracy it is essential that 
the primary element should remain filled with the 
liquid being metered at all times. Entrained gases 
will cause similar inaccuracy. 

For further information on installation 
requirements the reader is referred to the relevant 
sections of BS 5792 1980. 
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Figure 1.32 Encapsulated Coil Magmeter, courtesy of 
ISCO Inc. 
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Flowmeters are available in sizes from 32 mm 
to 1200 mm nominal bore to handle flow veloci- 
ties from 0-0.5 m/s to 0-10 m/s with accuracy of 
±1 percent over a 10:1 turn-down ratio. 

1.3. 4. 2 Ultrasonic flowmeters 

Ultrasonic flowmeters measure the velocity of a 
flowing medium by monitoring interaction 
between the fiowstream and an ultrasonic sound 
wave transmitted into or through it. Many tech- 
niques exist, the two most commonly applied 
being Doppler and transmissive (time of flight). 
These will now be dealt with separately. 

Doppler flowmeters These make use of the well- 
known Doppler effect which states that the fre- 
quency of sound changes if its source or reflector 
moves relative to the listener or monitor. The 
magnitude of the frequency change is an indica- 
tion of the speed of the sound source or sound 
reflector. 

In practice the Doppler flowmeter comprises a 
housing in which two piezoelectric crystals 
are potted, one being a transmitter and the other 
a receiver, the whole assembly being located on 
the pipe wall as shown in Figure 1.33. The trans- 
mitter transmits ultrasonic waves of frequency F\ 
at an angle 0 to the fiowstream. If the fiowstream 
contains particles, entrained gas or other discon- 
tinuities. some of the transmitted energy will be 
reflected back to the receiver. If the fluid is travel- 
ling at velocity V, the frequency of the reflected 
sound as monitored by the receiver can be shown 
to be F 2 such that 

F 2 = F\ ± 2 V • cos 0 ~ 

where C is the velocity of sound in the fluid. 
Rearranging: 

C(/2-fi) 

2 • F\ - cos 0 

which shows that velocity is proportional to the 
frequency change. 




or bubbles 

Figure 1.33 Principle of operation; Doppler meter. 



The Doppler meter is normally used as an inex- 
pensive clamp-on flowmeter, the only operational 
constraints being that the fiowstream must contain 
discontinuities of some kind (the device will not 
monitor clear liquids), and the pipeline must be 
acoustically transmissive. 

Accuracy and repeatability of the Dop- 
pler meter are somewhat suspect and difficult to 
quantify since its operation is dependent on flow 
profile, particle size, and suspended solids concen- 
tration. However, under ideal conditions and 
given the facility to calibrate in situ accuracies of 
±5 percent should be attainable. This type of 
flowmeter is most suitable for use as a flow switch 
or for flow indication where absolute accuracy is 
not required. 

Transmissive flowmeters Transmissive devices 
differ from Doppler flowmeters in that they rely 
on transmission of an ultrasonic pulse through 
the fiowstream and therefore do not depend on 
discontinuities or entrained particles in the fiow- 
stream for operation. 

The principle of operation is based on the 
transmission of an ultrasonic sound wave 
between two points, first in the direction of flow 
and then of opposing flow. In each case the time 
of flight of the sound wave between the two 
points will have been modified by the velocity of 
the flowing medium and the difference between 
the flight times can be shown to be directly pro- 
portional to flow velocity. 

In practice the sound waves are not generated 
in the direction of flow but at an angle across it as 
shown in Figure 1.34. Pulse transit times down- 
stream T\ and upstream 7"? along a path length D 
can be expressed as: 1\ = D/(C + V) and 

T 2 = Dl(C - V), where C is the velocity of sound 
in the fluid and V is the fluid velocity. Now 

T=T l -T 2 = 2DVI(C 1 -V 1 ) (1.45) 

Since V 2 is very small compared to C 2 it can be 
ignored. It is convenient to develop the expres- 
sion in relation to frequency and remove the 
dependency on the velocity of sound (C). Since 
F\ =_l/7’i and F 2 = \/T 2 and average fluid velo- 
city V — 17 cos 0 equation (1.44) is developed to: 

F\ - F 2 = (2 V cos 0)1 D 

The frequency difference is calculated by an elec- 
tronic converter which gives an analog output 
proportional to average fluid velocity. A practical 
realization of this technique operates in the fol- 
lowing manner. 

A voltage-controlled oscillator generates elec- 
tronic pulses from which two consecutive pulses 
are selected. The first of these is used to operate a 
piezoelectric ceramic crystal transducer which 
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Figure 1.34 Principle of operation: time-of-flight 
ultrasonic flowmeter 



projects an ultrasonic beam across the liquid 
flowing in a pipe. This ultrasonic pulse is then 
received on the other side of the pipe, where it is 
converted back to an electronic pulse. The latter 
is then received by the ‘Tirst-arrival" electronics, 
comparing its arrival time with the second pulse 
received directly. If the two pulses arc received at 
the same time, the period of time between them 
equates to the time taken for the first pulse to 
travel to its transducer and be converted to ultra- 
sound. to travel across the flowstrcam, to be 
reconverted back to an electronic pulse, and travel 
back to the first-arrival position. 

Should the second pulse arrive before the first 
one, then the time between pulses is too short. 
Then the first-arrival electronics will step down 
the voltage to the voltage-controlled oscillator 
(VCO). reducing the resulting frequency. The 
electronics wall continue to reduce voltage to the 
VCO in steps, until the first and second pulses are 
received at the first-arrival electronics at the same 
time. At this point, the periodic time of the 
frequency will be the same as the ultrasonic flight 
time, plus the electronic delay time. 

If, now', a similar electronic circuit is used to 
project an ultrasonic pulse in the opposite direc- 
tion to that shown, another frequency will be 
obtained which, w'hcn subtracted from the first, 
w'ill give a direct measure of the velocity of the 
fluid in the pipe, since the electronic delays wall 
cancel out. 

In practice, the piezoelectric ceramic transdu- 
cers used act as both transmitters and receivers of 
the ultrasonic signals and thus only one is 
required on each side of the pipe. 

Typically the flowmeter will consist of a flow- 
tube containing a pair of externally mounted, 
ultrasonic transducers and a separate electronic 
converter/transmitter as shown in Figure 1.35(a). 
Transducers may be w'etted or non-wetted and 
consist of a piezoelectric crystal sized to give 
the desired frequency (typically 1-5 MHz for 
liquids and 0.2 0.5 MHz for gases). Figure 
1.35(b) show's a typical transducer assembly. 



Due to the fact that the Ho wane ter measures 
velocity across the center of the pipe it is suscep- 
tible to flow- profile effects, and care should be 
taken to ensure sufficient length of straight pipe 
upstream and downstream of the flowtube to 
minimize such effects. To overcome this problem, 
some manufacturers use multiple-beam techniques 
where several chordal velocities are measured and 
the average computed. However, it is still good 
practice to allow' for approximately 10 upstream 
and 5 downstream diameters of straight pipe. Also 
since this type of flowmeter relics on transmission 
through the flowing medium, fluids with a high 
solids or gas-bubble content cannot be metered. 

This type of flowmeter can be obtained for use 
on liquids or gases for pipe sizes from 75 mm 
nominal bore up to 1500 mm or more for special 
applications and it is bi-directional in operation. 
Accuracy of better than ± 1 per cent of flow' rate 
can be achieved over a flow range of 0.2 to 12 
meters per second. 

This technique has also been successfully 
applied to open channel and river flow' and is also 
now readily available as a clamp-on flowmeter 
for closed pipes, but accuracy is dependent on 




Pipe wall 
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Figure 1.35 (a) Ultrasonic flowmeter. Courtesy, 

Sparling Inc. (b) Transducer assembly. 
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knowledge of each installation, and in situ cali- the vortices. Various methods exist, the more 
oration is desirable. popular techniques being as follows: 



1.3. 4. 3 Oscillatory “Fluidic” flowmeters 

The operating principle of flowmeters in this cate- 
gory is based on the fact that if an obstruction of 
known geometry is placed in the flowstream the 
fluid will start to oscillate in a predictable man- 
ner. The degree of oscillation is related to fluid 
flow' rate. The three main types of flowmeter in 
this category are: vortex-shedding flowmeter, 
swirl flowmeter, and the several Coanda effect 
meters now available. 

The vortex flowmeter This type of flowmeter 
operates on the principle that if a bluff (i.e., non- 
streamlined) body is placed in a flowstream vor- 
tices will be detached or shed from the body. The 
principle is illustrated in Figure 1.36. 

The vortices are shed alternately to each side of 
the bluff body, the rate of shedding being directly 
proportional to flow velocity. If this body is fitted 
centrally into a pipeline the vortex-shedding fre- 
quency is a measure of the flow rate. 

Any bluff body can be used to generate vortices 
in a flowstream, but for these vortices to be reg- 
ular and well defined requires careful design. 
Essentially, the body must be non-streamlined, 
symmetrical, and capable of generating vortices 
for a wide Reynolds number range. The most 
commonly adopted bluff body designs are shown 
in Figure 1.37. 

These designs all attempt to enhance the vor- 
tex-shedding effect to ensure regularity or sim- 
plify the detection technique. If the design (d) is 
considered it will be noted that a second non- 
streamlined body is placed just downstream of 
the vortex-shedding body. Its effect is to reinforce 
and stabilize the shedding. The w idth of the bluff 
body is determined by pipe size, and a rule-of- 
thumb guide is that the ratio of body width to 
pipe diameter should not be less than 0.2. 



Sensing methods Once the bluff-body type has 
been selected we must adopt a technique to detect 







(a) Ultrasonic. Where the vortices pass through 
an ultrasonic beam and cause refraction of 
this beam resulting in modulation of the 
beam amplitude. 

(b) Thermal (Figure 1.37(e)). Where a thermistor- 
type sensor is located in a through passage 
across the bluff body and behind its face. The 
heated thermistor will sense alternating vortices 
due to the cooling effect caused by their pas- 
sage, and an electrical pulse output is obtained. 

(c) Oscillating disc. Sensing ports on both sides 
of the flow' element cause a small disc to 
oscillate. A variable-reluctance pick-up detects 
the disc’s oscillation. This type is particularly 
suited to steam or w'et-gas flow. 

(d) Capacitance. Metal diaphragms are w ; elded 
on opposite sides of the bluff body, the small 
gaps between the diaphragms and the body 
being filled with oil. Interconnecting ports 




F low direction 





Figure 1.37 (a)-(d) Bluff body shapes, (e) Thermal 

sensor. Courtesy, Actaris Neptune Ltd. (f) Shuttle ball 
sensor. Courtesy, Actaris Neptune Ltd. 
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allow transfer of oil between the two sides. 
An electrode is placed close to each plate and 
the oil used as a dielectric. The vortices alter- 
nately deform the diaphragm plates causing a 
capacitance change between the diaphragm 
and electrode. The frequency of changes in 
capacitance is equal to the shedding frequency. 

(e) Strain. Here the bluff body is designed such 
that the alternating pressures associated with 
vortex shedding are applied to a cantilevered 
section to the rear of the body. The alternat- 
ing vortices create a cyclic strain on the rear 
of the body which is monitored by an internal 
strain gauge. 

(f) Shuttle ball (Figure 1.37(f)). The shuttle tech- 
nique uses the alternating pressures caused by 
vortex shedding to drive a magnetic shuttle 
up and down the axis of a flow element. The 
motion of the shuttle is detected by a mag- 
netic pick-up. 

The output derived from the primary sensor is 
a low-frequency signal dependent on flow; this is 
then applied to conditioning electronics to pro- 
vide either analog or digital output for display 
and transmission. The calibration factor (pulses 
per m 3 ) for the vortex meter is determined by the 
dimensions and geometry of the bluff body and 
will not change. 

Installation parameters for vortex flowmeters 
are quite critical. Pipe flange gaskets upstream 
and at the transmitter should not protrude into 
the flow, and to ensure a uniform velocity profile 
there should be 20 diameters of straight pipe 
upstream and 5 diameters downstream. Flow- 
straighteners can be used to reduce this require- 
ment if necessary. 

The vortex flowmeter has wide-ranging appli- 
cations in both gas and liquid measurement pro- 
viding the Reynolds number lies between 2 xlO 3 
and 1 x 10 s for gases and 4 x 10 3 and 1.4 x 10 5 for 
liquids. The output of the meter is independent of 
the density, temperature, and pressure of the flow- 
ing fluid and represents the flow rate to better 
than ±1 per cent of full scale giving turn-down 
ratios in excess of 20: 1 . 



The swirlmeter Another meter that depends on 
the oscillatory nature of fluids is the swirJmeter 
shown in Figure 1.38. A swirl is imparted to the 
body of flowing fluid by the curved inlet blades 
which give a tangential component to the fluid 
flow. Initially the axis of the fluid rotation is the 
center line of the meter, but a change in the 
direction of the rotational axis (precession) takes 
place when the rotating liquid enters the enlarge- 
ment, causing the region of highest velocity to 
rotate about the meter axis. This produces an 




Figure 1.38 Cutaway view of the swirlmeter. Courtesy, 
ABB Instrument Group. 



oscillation or precession, the frequency of which 
is proportional to the volumetric flow rate. The 
sensor, which is a bead thermistor heated by a 
constant-current source, converts the instanta- 
neous velocity changes into a proportional electri- 
cal pulse output. The number of pulses generated is 
directly proportional to the volumetric flow. 

The operating range of the swirlmeter depends 
upon the specific application, but typical for 
liquids are 3.5 to 4.0 liters per minute for the 
25 mm size to 1700 to 13,000 liters per minute 
for the 300 mm size. Typical gas flow ranges 
are 3 to 35m 3 /h for the 25 mm size to 300 to 
9000 m 3 /h for the 300 mm size. Accuracy of 
±1 per cent of rate is possible with repeatability 
of ±0.25 per cent of rate. 

The Coandci effect meters The Coanda effect pro- 
duces a fluidic oscillator whose frequency is linear 
with the volumetric flow rate of fluid. The Coanda 
effect is a hydraulic feedback circuit. A chamber 
is designed with a left-hand and a right-hand 
feedback channel. A jet of water flows through 
the chamber, and because of the feedback chan- 
nels, some of the water will impact the jet from 
the side. This causes a pressure differential 
between one side of the jet and the other, and the 
jet “flips" back and forth in the chamber. The 
frequency of this flipping is proportional to the 
flow through the chamber. Several means exist to 
measure this oscillation, including electromag- 
netic sensors and piezo-resistive pressure trans- 
ducers. This coanda effect is extremely linear 
and accurate across at least a 300:1 range. It is 
reasonably viscosity independent, too, and can be 
made simply and inexpensively. 

Typically, small fluidic meters can be made so 
inexpensively, in fact, that fluidic flowmeters are 
being promoted as a replacement for the inexpen- 
sive positive displacement meters currently used 
as domestic water meters. Several companies 
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have developed Huidic flow meters as extremely 
inexpensive replacements for AGA-approved dia- 
phragm-type gas meters for household metering. 

Coanda effect meters are insensitive to tem- 
perature change, too. A fluidic flowmeter is being 
marketed as an inexpensive BTU (heat) meter for 
district heating applications. Coanda effect 
meters become more expensive as their physical 
size increases. Above 50 mm diameter, they are 
more expensive in general than positive-displace- 
ment meters. Currently, the only designs avail- 
able above 50 mm arc "bypass designs’' that use 
a small diameter coanda effect meter as a bypass 
around a flow restriction in a larger pipeline. 
Meters up to 250 mm diameter have been 
designed in this fashion. These meters exhibit 
rangeability of over 100:1, with accuracies (when 
corrected electronically for linearity shift) of 0.5% 
of indicated flow rate. Sec Figure 1.39. 

1. 3.4.4 Cross-correlation 

In most flowing fluids there exist naturally occur- 
ring random fluctuations such as density, turbu- 
lence, and temperature which can be dctceted by 
suitably located transducers. If two such trans- 
ducers are installed in a pipeline separated by a 
distance L as shown in Figure 1.40, the upstream 
transducer will pick up a random fluctuation t 
seconds before the downstream transducer and 
the distance between the transducers divided by 
the transit time t will yield flow velocity. In prac- 
tice the random fluctuations will not be stable 
and are compared in a cross-correlator which 
has a peak response at transit time T p and correl- 
ation velocity V — L/7’ p meters per second. 

This is effectively a non-intrusive measurement 
and could in principle be developed to measure 
flow of most fluids. Very few commercial cross- 
correlation systems arc in use for flow measure- 
ment because of the slow response time of such 
systems. However, with the use of microprocessor 
techniques processing speed has been increased 
significantly, and several manufacturers are now 
producing commercial systems for industrial use. 
Techniques for effecting the cross-correlation 
operation are discussed in Part 4. 

1.3.5 Mass flowmeters 

The measurement of mass flow rate can have 
certain advantages over volume flow rate, i.c., 
pressure, temperature, and specific gravity do 
not have to be considered. The main interfering 
parameter to be avoided is that of two-phase flow 
where gas/liquid, gas/solid or liquid/solid mix- 
tures are flowing together in the same pipe. The 
two phases may be travelling at different veloci- 
ties and even in different directions. This problem 




Figurel.39 Coanda Effect Fluidic Meter, courtesy of 
Mycrosensor, Inc. 



is beyond the scope of this book but the user 
should be aware of the problem and ensure where 
possible that the flow is as near homogeneous as 
possible (by pipe-sizing or meter-positioning) or 
that the two phases arc separately metered. 

Methods of measurement can be categorized 
under two main headings: true mass-flow meas- 
urement in which the measured parameter is 
directly related to mass flow rate, and inferential 
mass-flow measurement in which volume flow 
rate and fluid density arc measured and combined 
to give mass flow rate. Since volume flow rate and 
density measurement are discussed elsewhere only 
true mass-flow measurement will be dealt with here. 

1.3.5. 1 True mass-jlo w n leasu remen t n tethods 

Fluid-momentum methods (a) Angular momen- 
tum. This type of device consists of two turbines 
on separate axial shafts in the meter body. The 
upstream turbine is rotated at constant speed and 
imparts a swirling motion to the fluid passing 
through it. On reaching the downstream turbine, 
the swirling fluid attempts to impart motion onto 
it; however, this turbine is constrained from 
rotating by a calibrated spring. The meter is 
designed such that on leaving the downstream 
turbine all angular velocity will have been 
removed from the fluid, and the torque produced 
on it is proportional to mass flow. 

This type of device can be used for both gases 
and liquids with accuracies of ±\ percent. 

(b) Gyroscopic/Coriolis mass flowmeter. Mass 
flowmeters in this category use the measurement 
of torque developed when subjecting the fluid 
stream to a Coriolis acceleration,* as a measure 
of mass flow rate. 



* On a rotating surface there is an inertial force acting 
on a body at right angles to its direction of motion in 
addition to the ordinary effects of motion of the body. 
This force is known as a Coriolis force. 
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Figure 1.41 Early form of Coriolis mass flowmeter. 




Figure 1.42 Gyroscopic/Coriolis mass flowmeter. 



An early application of this technique is illus- 
trated in Figure 1.41. 

The fluid enters a T-shaped tube, flow being 
equally divided down each side of the T, and then 
recombines into a main tlowstream at the outlet 
from the meter. The whole assembly is rotated at 
constant speed, causing an angular displacement 
of the T-iube which is attached to the meter cas- 
ing through a torque tube. The torque produced 
is proportional to mass flow rate. 

This design suffered from various problems 
mainly due to poor sealing of rotating joints or 
inadequate speed control. However, recent devel- 
opments have overcome these problems as shown 
in Figure 1.42. 



Figure 1.43 Straight Tube Coriolis Mass Flowmeter, 
courtesy of Krohne America Inc. 




Figure 1.44 Thermal mass flowmeter. Courtesy, 
Emerson Process Measurement. 



The mass flowmeter consists of a U-tube and a 
T-shaped leaf spring as opposite legs of a tuning 
fork. An electromagnet is used to excite the tun- 
ing fork, thereby subjecting each particle within 
the pipe to a Coriolis-type acceleration. The 
resulting forces cause an angular deflection in 
the U-tube inversely proportional to the stiffness 
of the pipe and proportional to the mass flow 
rate. This movement is picked up by optical 
transducers mounted on opposite sides of the 
U-tube. the output being a pulse that is width- 
modulated proportional to mass flow rate. An 
oscillator/counter digitizes the pulse width and 
provides an output suitable for display purposes. 

This system can be used to measure the tlow of 
liquids or gases, and accuracies better than#0.5 
percent of full scale arc possible. Even more 
recent developments include "‘straight through" 
designs (see Figure 1.43) that have produced simi- 
lar performance to the U-tube designs. Several 
manufacturers now offer these designs. 

In addition, with better signal processing tech- 
nologies, Coriolis mass meters have now begun to 
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be used to measure gas flows with apparently 
excellent results. 

In liquid flow measurement, even in slurries, 
Coriolis mass flow meters have nearly completely 
replaced other types of mass flow measure- 
ments such as dual-turbine, or volumetric/density 
combinations. 

Pressure-differential methods In its classical 
form the meter consists of four matched orifice 
plates installed in a Wheatstone bridge arrange- 
ment. A pump is used to transfer fluid at a known 
rate from one branch of the bridge into another to 
create a reference flow. The resultant differential 
pressure measured across the bridge is propor- 
tional to mass flow rate. 

Thermal mass flowmeter This version of a mass 
flowmeter consists of a flowtube, an upstream 
and downstream temperature sensor and a heat 
source as illustrated in Figure 1 .44. The tempera- 
ture sensors are effectively active arms of a 
Wheatstone bridge. They are mounted equidi- 
stant from the constant-temperature heat source 
such that for no flow conditions, heat received by 
each sensor is the same, and the bridge remains in 
balance. However, with increasing flow, the 
downstream sensor receives progressively more 
heat than the upstream sensor, causing an imbal- 
ance to occur in the bridge circuit. The tem- 
perature difference is proportional to mass flow 
rate and an electrical output representing this is 
developed by the bridge circuit. 

This type of mass flowmeter is most commonly 
applied to the measurement of gas flows within the 
ranges 2.5 x 10 -10 to 5 x 10“- kg/s and accuracy 
of ±1 percent of full scale is attainable. Some 
thermal flowmeters are also used for liquid flow 
measurements, including very low flow rates. 



1.4 Flow in open channels 

Flow measurement in open channels is a require- 
ment normally associated with the water and 
wastewater industry. Flow in rivers, sewers 
(part-filled pipes), and regular-shaped channels 
may be measured by the following methods: 

(a) Head/area method. Where a structure is built 
into the flowstream to develop a unique head/ 
flow relationship, as in 
(i) The weir, which is merely a dam over 
which liquid is allowed to flow, the depth 
of liquid over the sill of the weir being a 
measure of the rate of flow. 

(ii) The hydraulic flume, an example being 
the venturi flume, in which the channel 



is given the same form in the horizontal 
plane as a section of a venturi tube while 
the bottom of the channel is given a gen- 
tle slope up the throat. 

(b) Velocity/area method. Where measurement 
of both variables, i.e., head and velocity, is 
combined with the known geometry of a 
structure to determine flow. 

(c) Dilution gauging. 

1 .4. 1 Head/area method 

1.4. LI Weirs 

Weirs may have a variety of forms and are classi- 
fied according to the shape of the notch or open- 
ing. The simplest is the rectangular notch, or in 
certain cases the square notch. 

The V or triangular notch is a V-shaped notch 
with the apex downwards. It is used to measure 
rates of flow that may become very small. Owing 
to the shape of the notch the head is greater at 
small rates of flow with this type than it would be 
for the rectangular notch. 

Notches of other forms, which may be trape- 
zoidal or parabolic, are designed so that they 
have a constant discharge coefficient, or a head 
that is directly proportional to the rate of flow. 

The velocity of the liquid increases as it passes 
over the weir because the center of gravity of the 
liquid falls. Liquid that was originally at the level 
of the surface above the weir can be regarded as 
having fallen to the level of the center of pressure 
of the issuing stream. The head of liquid produ- 
cing the flow is therefore equal to the vertical 
distance from the center of pressure of the issuing 
stream to the level of the surface of the liquid 
upstream. 

If the height of the center of pressure above the 
sill can be regarded as being a constant fraction of 
the height of the surface of the liquid above the 
sill of the weir, then the height of the surface 
above the sill will give a measure of the differen- 
tial pressure producing the flow. If singje particles 
are considered, some will have fallen a distance 
greater than the average but this is compensated 
for by the fact that others have fallen a smaller 
distance. 

The term “head of a weir” is usually taken to 
mean the same as the depth of the weir, and is 
measured by the height of the liquid above the 
level of the sill of the weir just upstream of where 
it begins to curve over the weir, and is denoted by 
H and usually expressed in units of length such as 
meters. 

Rectangular notch Consider the flow over the 
weir in exactly the same way as the flow through 
other primary differential-pressure elements. If the 
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Figure 1.45 Rectangular notch, showing top and 
bottom of contraction. 



cross-section of the stream approaching the weir is 
large in comparison with the area of the stream 
over the weir, then the velocity V\ at section 1 
upstream can be neglected in comparison with the 
velocity V 2 over the weir, and in equation (1.17) 
V[ = 0 and the equation becomes: 

V\ = 2 gh or V 2 = ^(2gh) 

The quantity of liquid flowing over the weir will 
be given by: 

Q = a 2 v 2 

But the area of the stream is BH, where H is the 
depth over the weir and B the breadth of the weir, 
and h is a definite fraction of H. 

By calculus it can be shown that for a rectan- 
gular notch 



= jBHy/(2gH) 


(1.46) 


= ^B\/(2gH i )m i ls 


(1.47) 



The actual flow over the weir is less than that given 
by equation (1.45) for the following reasons: 

(a) The area of the stream is not BH but some- 
thing less, for the stream contracts at both the 
top and bottom as it flows over the weir as 
shown in Figure 1.46 making the effective 
depth at the weir less than H. 

(b) Owing to friction between the liquid and the 
sides of the channel, the velocity at the sides 
of the channel will be less than that at the 
middle. This effect may be reduced by mak- 
ing the notch narrower than the width of the 
stream as shown in Figure 1.47. This, how- 




Figure 1.46 Rectangular notch, showing 
side- contraction. 






Figure 1.47 Rectangular notch, showing side plates. 




Figurel.48 Triangular notch (V-notch). 

ever, produces side-contraction of the stream. 
Therefore B\ = B should be at least equal to 
4// when the side-contraction is equal to 0.1// 
on both sides, so that the effective width 
becomes B-0.2H. 

When it is required to suppress side-contrac- 
tion and make the measurement more reliable, 
plates may be fitted as shown in Figure 1.47 so 
as to make the stream move parallel to the plates 
as it approaches the weir. 

To allow for the difference between the actual 
rate of flow and the theoretical rate of flow, the 
discharge coefficient C, defined as before, is 
introduced and equation (1.46) becomes: 

Q = lcBy/teH*)m 3 ls (1.48) 

The value of C will vary with H and will be 
influenced by the following factors, which must 
remain constant in any installation if its accuracy 
is to be maintained: (a) the relative sharpness of 
the upstream edge of the weir crest, (b) the width 
of the weir sill. Both of these factors influence the 
bottom-contraction and influence C, so the weir 
sill should be inspected from time to time to see 
that it is free from damage. 

In developing the above equations it was 
assumed that the velocity of the liquid upstream 
of the weir could be neglected. As the rate of flow 
increases, this is no longer possible and a velocity 
of approach factor must be introduced. This will 
influence the value of C, and as the velocity of 
approach increases it will cause the observed head 
to become less than the true or total head so that 
a correcting factor must be introduced. 

Triangular notch If the angle of the triangular 
notch is 9 as shown in Figure 1.48, B = 2TI 
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Figure 1.49 Hydraulic flume (venturi type). 

tan (Oil). The position of the center of pressure of 
the issuing stream will now be at a different 
height above the bottom of the notch from what 
it was for the rectangular notch. It can be shown 
by calculus that the numerical factor involved in 
the equation is now (4)/(15). Substituting this 
factor and the new value of /L in equation (1 .47): 

e=^cM 2 £ // W / s 

= ”C 2//lan^v/(2^/V) 

= jTj C tan ~ \f(2gH*) (1.49) 

Experiments have shown that 0 should have a 
value between 35° and 120° for satisfactory 
operation of this type of installation. 

While the cross-section of the stream from a 
triangular weir remains geometrically similar for 
all values of //, the value of C is influenced by 77. 
The variation of C is from 0.57 to 0.64, and takes 
into account the contraction of the stream. 

If the velocity of approach is not negligible the 
value of 77 must be suitably corrected as in the 
case of the rectangular weir. 



Installation and operation of weirs 

(a) Upstream of a weir there should be a wide, 
deep, and straight channel of uniform cross- 
section, long enough to ensure that the velocity 
distribution in the stream is uniform. This 
approach channel may be made shorter if baf- 
fle plates are placed across it at the inlet end to 
break up currents in the stream. 

(b) Where debris is likely to be brought down by 
the stream, a screen should be placed across 
the approach channel to prevent the debris 
reaching the weir. This screen should be 
cleaned as often as necessary. 

(c) The upstream edge of the notch should be 
maintained square or sharp-edged according 
to the type of installation. 

(d) The weir crest should be level from end to end. 

(e) The channel end wall on which the notch 
plate is mounted should be cut away so that 
the stream may fall freely and not adhere to 
the wall. To ensure this happens a vent may 
be arranged in the side wall of the channel so 
that the space under the falling water is open 
to the atmosphere. 




Figure 1.50 DataGator FlowTube, courtesy of 
Renaissance Instruments. 



(0 Neither the bed, nor the sides of the channel 
downstream from the weir should be nearer 
the weir than 150 mm, and the water level 
downstream should be at least 75 mm below 
the weir sill. 

(g) The head 77 may be measured by measuring 
the height of the level of the stream above the 
level of the weir sill, sufficiently far back from 
the weir to ensure the surface is unaffected by 
the flow. This measurement is usually made 
at a distance of at least 6/7 upstream of the 
weir. It may be made by any appropriate 
method for liquids as described in the section 
on level measurement: for example, the hook 
gauge, float-operated mechanisms, air purge 
systems (“bubblers'’), or ultrasonic techniques. 
It is often more convenient to measure the level 
of the liquid in a “stilling well" alongside the 
channel at the appropriate distance above the 
notch. This well is connected to the weir cham- 
ber by a small pipe or opening near the bot- 
tom. Liquid will rise in the well to the same 
height as in the weir chamber and will be prac- 
tically undisturbed by currents in the stream. 



7. 4. 1.2 Hydraulic flumes 

Where the rate of fall of a stream is so slight that 
there is very little head available for operating a 
measuring device or where the stream carries a 
large quantity of silt or debris a flume is often 
much more satisfactory than a weir. Several 
Humes have been designed, but the only one we 
shall consider here is the venturi flume. This may 
have more than one form, but where it is flat- 
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bottomed and of the form shown in Figure 1 .49 
the volume rate of flow is given by the equation 



Q — CBhj 



/ 2g(/?i — /i 2 ) 

V 1 - (BlhJB\h\) 



rnr/s 



(1.50) 



where B\ is width of channel, B is width of the 
throat, h\ is depth of water measured immedi- 
ately upstream of the entrance to the converging 
section, and hi is minimum depth of water in the 
throat. C is the discharge coefficient whose value 
will depend upon the particular outline of the 
channel and the pattern of the flow. Tests on a 
model of the flume may be used to determine the 
coefficient provided that the flow in the model and 
in the full-sized flume are dynamically similar. 

The depths of water h\ and hi are measured as 
in the case of the weir by measuring the level in 
wells at the side of the main channel. These wells 
are connected to the channel by small pipes open- 
ing into the channel near or at the bottom. 

As in the case of the closed venturi tube a certain 
minimum uninterrupted length of channel is 
required before the venturi is reached, in order that 
the stream may be free from waves and vortices. 

By carefully designing the flume, it is possible 
to simplify the actual instrument required to indi- 
cate the flow. If the channel is designed in such a 
manner that the depth in the exit channel at all 
rates of flow is less than a certain percentage of 
the depth in the entrance channel, the flume will 
function as a free-discharge outlet. Under these 
conditions, the upstream depth is independent of 
the downstream conditions, and the depth of 
water in the throat will maintain itself at a certain 
critical value, at which the energy of the water is 
at the minimum whatever the rate of flow. When 
this is so, the quantity of water flowing through 
the channel is a function of the upstream depth h\ 
only, and may be expressed by the equation: 



Q = kh\ a 



where k is a constant for a particular installation 
and can be determined. 

It is now necessary to measure h\ only, and this 
may be done by means of a float in a well, con- 
nected to the upstream portion of the channel. 
This float operates an indicated recording and 
integrating instrument. 

Other means of sensing the height in a flume or 
weir include up-looking ultrasonic sensors mounted 
in the bottom of the channel. More often used are 
down-looking ultrasonic sensors mounted above 
the flume. Direct pressure transducers mounted at 
the bottom of the channel or in a standpipe can also 
be used. Other methods, such as RF Admittance or 
capacitance slides, are used as well. 



The channel is usually constructed of concrete, 
the surface on the inside of the channel being 
made smooth to reduce the friction between 
water and channel. Flumes of this kind are used 
largely for measuring flow of water or sewerage 
and may be made in a very large variety of sizes 
to measure anything from the flow of a small 
stream to that of a large river. 



1.4. 1.3 The Data Gator flowmeter 

In the early 1990s experimentation showed that a 
combination venturi flume and venturi tube 
could be constructed such that the signal from 
three pressure transducers could be used to meas- 
ure the flow through the tube in any flow regime: 
subcritical flow, supercritical flow, and surcharge. 
By making the flow tube symmetrical, it was shown 
to be possible to measure flow in either direction 
with the same accuracy. This patented device is 
called a DataGator flowmeter (see Figure 1.50), 
and can be used to monitor flow in manholes. It 
has the advantage over any other portable sewer 
flow-monitoring device of being traceable to the 
U.S. National Institute of Standards and Testing 
since it is a primary device like a flume or flow tube. 



1.4.2 Velocity/area methods 

In these methods volume flow rate is determined 
by measurement of the two variables concerned 
(mean velocity and head), since the rate of flow is 
given by the equation 

2 = V -Am? 

where area A is proportional to head or level. 

The head/level measurement can be made by 
many of the conventional level devices described 
in Chapter 5 and will not therefore be dealt with 
here. Three general techniques are used for vel- 
ocity measurement, these being turbine current 
meter, electromagnetic, and ultrasonic. The tech- 
niques have already been discussed in the section 
on closed pipe flow and application only will be 
described here. 



1.4.2. 1 Turbine current meter 

In a current-meter gauging, the meter is used to 
give point velocity. The meter is sited in a prede- 
termined cross-section in the flowstream and the 
velocity obtained. Since the meter only measures 
point velocity it is necessary to sample throughout 
the cross-section to obtain mean velocity. 

The velocities that can be measured in this way 
range from 0.03 to 3.0 m/s for a turbine meter with 
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a propeller of 50 mm diameter. The disadvantage 
of a current-meter gauging is that it is a point and 
not a continuous measurement of discharge. 

1.4. 2. 2 Electromagnetic method 

In this technique Faraday’s law of electromag- 
netic induction is utilized in the same way as for 
closed-pipe flow measurement (Section 1. 3.4.1). 
That is. E oc BIV, where E is e.m.f. generated, 
B is magnetic field strength, / is width of river or 
channel in meters, and V is average velocity of the 
flowstream. 

This equation only applies if the bed of the 
channel is insulated, similar to the requirement 
for pipe flowmeters. In practice it is costly to 
insulate a riverbed and where this cannot be done, 
riverbed conductivity has to be measured to com- 
pensate for the resultant signal attenuation. 

In an operational system a large coil buried 
under the channel is used to produce a vertical 
magnetic field. The flow of water throughout the 
magnetic field causes an e.m.f. to be set up 
between the banks of the river. This potential is 
sensed by a pick-up electrode at each bank. This 
is shown diagrammatically in Figure 1.51. 

1.4.2. 3 Ultrasonic method 

As for closed-pipe flow two techniques are avail- 
able, single-path and multi-path, both relying on 
time-of-flight techniques as described in Section 
1.3.4. 2. Transducers capable of transmitting and 
receiving acoustic pulses are staggered along 
either bank of the river or channel. In practice 
the acoustic path is approximately 60° to the 
direction of flow, but angles between 30° and 
60° could be utilized. The smaller the angle, the 
longer the acoustic path. Path lengths up to 400 
meters can be achieved. New spool piece designs 
have included corner targets and other devices to 
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Figure 1.51 Principle of electromagnetic gauge. 
Courtesy, Plessey Electronic Systems Ltd, 



improve the accuracy of the signal. Recently, 
clamp-on transit-time flow sensors have been 
adapted to work directly on the high-purity tub- 
ing used in the semiconductor manufacturing 
industry and in the pharmaceutical industry. Cor- 
relation flowmeters have also been constructed 
using these new techniques. 

1.4.3 Dilution gauging 

This technique is covered in detail in the section 
on flow calibration but basically the principle 
involves injecting a tracer element such as brine, 
salt, or radioactive solution and estimating the 
degree of dilution caused by the flowing liquid. 

1.5 Point velocity measurement 

It is often desirable in flow studies and survey 
work to be able to measure the velocity of liquids 
at points within the flow pattern inside both pipes 
and open channels to determine either mean vel- 
ocity or flow profile. The following techniques 
are most common: laser Doppler anemometer, 
hot-wire anemometer, pitot tube, insertion elec- 
tromagnetic, insertion turbine, propeller-type 
current meter, insertion vortex, and Doppler 
velocity probe. 

1.5.1 Laser Doppler anemometer 

This uses the Doppler shift of light scattered by 
moving particles in the flowstream to determine 
particle velocity and hence fluid flow velocity. It 
can be used for both gas and liquid flow studies 
and is used in both research and industrial appli- 
cations. 

Laser Doppler is a non-contact technique and 
is particularly suited to velocity studies in systems 
that would not allow the installation of a more 
conventional system, for example, around propel- 
lers and in turbines. 

1.5.2 Hot-wire anemometer 

The hot-wire anemometer is widely used for flow 
studies in both gas and liquid systems. Its princi- 
ple of operation is that a small electrically heated 
element is placed within the flowstream; the wire 
sensor is typically 5 jam diameter and approxi- 
mately 5 mm long. As flow velocity increases it 
tends to cool the heated element. This change in 
temperature causes a change in resistance of the 
element proportional to flow velocity. 

1.5.3 Pitot tube 

The pitot tube is a device for measuring the total 
pressure in a flowstream (i.e., impact/velocity 
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pressure and static pressure) and the principle of 
operation is as follows. 

If a tube is placed with its open end facing into 
the flowstream (Figure 1.52) then the fluid 
impinging on the open end will be brought to rest 
and its kinetic energy converted into pressure 
energy. The pressure build-up in the tube will be 
greater than that in the free stream by an amount 
termed the “impact pressure.” If the static pressure 
is also measured, the differential pressure 
between that measured by the pitot tube and the 
static pressure will be a measure of the impact 
pressure and therefore the velocity of the stream. 
In equation (1.15) h the pressure differential or 
impact pressure developed is given by 
h = ( V}fl g) - ( Vfllg) where V 2 — 0. Therefore, 
h — — Ff/2g, i.e., the pressure increases by Vfl2g. 
The negative sign indicates that it is an increase in 
pressure and not a decrease. 

Increase in head: 

h — V\i2g or Yf = 2 gh i.e. V\ = \f{2gh) 

(1-51) 

However, since this is an intrusive device not all 
of the flowstream will be brought to rest on the 
impact post; some will be deflected round it. A 
coefficient C is introduced to compensate for this 
and equation (1.50) becomes: 

V, = Cy/WT) 0-52) 

If the pitot tube is to be used as a permanent device 
for measuring the flow in a pipeline the relation- 
ship between the velocity at the point of its location 
to the mean velocity must be determined. This is 
achieved by traversing the pipe and sampling 
velocity at several points in the pipe, thereby deter- 
mining flow profile and mean velocity. 

For more permanent types of pitot-tube instal- 
lation a multiport pitot tube (such as an Annu- 
bar if) may be used as shown in Figure 1.53. The 
pressure holes arc located in such a way that they 
measure the representative dynamic pressure of 
equal annuli. The dynamic pressure obtained at 
the four holes facing into the stream is then aver- 
aged by means of the “interpolating” inner tube 
(Figure 1.53(b)), which is connected to the high- 
pressure side of the manometer. 

The low-pressure side of the manometer is con- 
nected to the downstream clement which meas- 




Figure 1.53 TheAnnubar, courtesy Dietrich Standard Division of Emerson Process Measurement. 
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Figure 1.54 Multiple SensorAveraging Insertion 
Magmeter, courtesy of Marsh-McBirney Inc. 



ures the static pressure less the suction pressure. 
In this way a differential pressure representing the 
mean velocity along the tube is obtained enabling 
the flow to be obtained with an accuracy of 
±1 percent of actual How. 

1.5.4 Electromagnetic velocity probe 

This type of device is basically an inside-out ver- 
sion of the electromagnetic pipeline flowmeter 
discussed earlier, the operating principle being 
the same. The velocity probe consists of either a 
cylindrical or an ellipsoidal sensor shape which 
houses the field coil and two diametrically 
opposed pick-up electrodes. 



Electrical 




The field coil develops an electromagnetic field 
in the region of the sensor and the electrodes pick 
up a voltage generated which is proportional to 
the point velocity. The probe system can be used 
for either open-channel or closed-pipe How of 
conducting liquids. It should be noted, however, 
that the accuracy of a point-velocity magnetic 
flow meter is approximately similar to that of a 
paddle-wheel or other point-velocity meter. 
Although it shares a measurement technology 
with a highly accurate flowmeter, it is not one. 
Recently, a combination of the multiple port con- 
cept of an Annubar k -type meter with the point 
velocity magnetic flowmeter has been released, 
with excellent results. See Figure 1.54. 

1.5.5 Insertion turbine 

The operating principle for this device is the same 
as for a full-bore pipeline flowmeter. It is used 
normally for pipe-flow velocity measurement in 
liquids and consists of a small turbine housed in a 
protective rotor cage as shown in Figure 1.55. In 
normal application the turbine meter is inserted 
through a gate valve assembly on the pipeline; 
hence it can be installed under pressure and can 
be precisely located for carrying out a flow tra- 
verse. Also, given suitable conditions it can be 
used as a permanent flowmctering device in the 
same way as the pitot tube. The velocity of the 
turbine is proportional to liquid velocity but a 




Figure1,56 Propeller- type current meter. Courtesy, 
Nixon Instrumentation Ltd. 
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correction factor is introduced to compensate for 
errors caused by blockage in the flowstream 
caused by the turbine assembly. 

1 .5.6 Propeller-type current meter 

Similar to the turbine in operation, this type of 
velocity probe typically consists of a five-bladed 
PVC rotor (Figure 1.56) mounted in a shrouded 
frame. This device is most commonly used for 
river or stream gauging and has the ability to 
measure flow velocities as low as 2.5 cm/s. Pro- 
peller meters are often used as mainline meters in 
water distribution systems and in irrigation and 
canal systems as inexpensive alternatives to tur- 
bine and magnetic flowmeters. 



1 .5.7 Insertion vortex 

Operating on the same principle as the full-bore 
vortex meter previously described, the insertion- 
vortex meter consists of a short length of stain- 
less-steel tube surrounding a centrally situated 
bluff body. Fluid flow through the tube causes 
vortex shedding. The device is normally inserted 
into a main pipeline via a flanged T-piece and is 
suitable for pipelines of 200 mm bore and above. 
It is capable of measuring How velocities from 
0.1 m/s up to 20 m/s for liquids and from 1 m/s 
to 40 m/s for gases. 



1.5.8 Ultrasonic Doppler velocity probe 

This device again is more commonly used for 
open-channel velocity measurement and consists 
of a streamlined housing for the Doppler meter 
already described. 

1.6 Flowmeter calibration 
methods 

There are various methods available for the cali- 
bration of flowmeters and the requirement can be 
split into two distinct categories: in situ and 
laboratory. Calibration of liquid flowmeters is 
generally somewhat more straightforward than 
that of gas flowmeters since liquids can be stored 



in open vessels and water can often be utilized as 
the calibrating liquid. 



1.6.1 Flowmeter calibration methods for liquids 

The main principles used for liquid flowmeter cali- 
bration are in situ: insertion-point velocity and dilu- 
tion gauging/tracer method; laboratory: master 
meter, volumetric, gravimetric, and pipe prover. 

1.6.1. 1 In- si tu cal ib ration methods 

Insertion-point velocity One of the simpler 
methods of in situ flowmeter calibration utilizes 
point-velocity measuring devices (see Section 1.5) 
where the calibration device chosen is positioned 
in the flowstream adjacent to the flowmeter being 
calibrated and such that mean flow velocity can 
be measured. In difficult situations a flow tra- 
verse can be carried out to determine flow profile 
and mean flow velocity. 



Dilution gauging! tracer method This technique 
can be applied to closed-pipe and open-channel 
flowmeter calibration. A suitable tracer (chemical 
or radioactive) is injected at an accurately meas- 
ured constant rate and samples are taken from 
the flowstream at a point downstream of the 
injection point where complete mixing of the 
injected tracer will have taken place. By measur- 



Flow control 
valve 




Courtesy, British Standards Institution. 
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Figure 1.59 Pipe proven 



ing the tracer concentration in the samples the 
tracer dilution can be established and from this 
dilution and the injection rate the volumetric How 
can be calculated. This principle is illustrated in 
Figure 1.57. Alternatively a pulse of tracer mater- 
ial may be added to the flowstream and the time 
taken for the tracer to travel a known distance 
and reach a maximum concentration is a measure 
of the flow velocity. 



1.6. 1.2 Laboratory calibration methods 

Master meter For this technique a meter of 
known accuracy is used as a calibration standard. 
The meter to be calibrated and the master meter 
are connected in series and are therefore subject 
to the same flow regime. It must be borne in mind 
that to ensure consistent accurate calibration the 
master meter itself must be subject to periodic 
recaiibration. 



Volumetric method In this technique, flow of 
liquid through the meter being calibrated is 
diverted into a tank of known volume. When full 
this known volume can be compared with the 
integrated quantity registered by the flowmeter 
being calibrated. 




Figure 1.60 Gas flowmeter calibration: soap-film 
burette. 



Gravimetric method Where the flow of liquid 
through the meter being calibrated is diverted 
into a vessel that can be weighed either continu- 
ously or after a predetermined time, the weight 
of the liquid is compared with the registered 
reading of the flowmeter being calibrated (see 
Figure 1.58). 



Pipe prover This device, sometimes known as a 
“meter prover," consists of a U-shaped length of 
pipe and a piston or elastic sphere. The flowmeter 
to be calibrated is installed on the inlet to the 
prover and the sphere is forced to travel the 
length of the pipe by the flowing liquid. Switches 
are inserted near both ends of the pipe and oper- 
ate when the sphere passes them. The swept 
volume of the pipe between the two switches is 
determined by initial calibration and this known 
volume is compared with that registered by the 
flowmeter during calibration. A typical pipe- 
prover loop is shown in Figure 1.59. 

1.6.2 Flowmeter calibration methods for gases 

Methods suitable for gas flowmeter calibration are 
in situ : as for liquids; and laboratory: soap- film bur- 
ette, water-displacement method, and gravimetric. 

1.6.2. 1 Laboratory calibration methods 

Soap-film burette This method is used to cali- 
brate measurement systems with gas flows in the 
range of 10~ 7 to 10“ 4 m 3 /s. Gas flow from the 
meter on test is passed through a burette mounted 
in the vertical plane. As the gas enters the burette 
a soap film is formed across the tube and travels 
up it at the same velocity as the gas. By measuring 
the time of transit of the soap film between gra- 




Figure 1 .61 Water displacement method (bell prover) 
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dilations of the burette it is possible to determine 
flow rate. A typical calibration system is illu- 
strated in Figure 1.60. 

Water-displacement method In this method a 
cylinder dosed at one end is inverted over a water 
bath as shown in Figure 1.61. As the cylinder is 
lowered into the bath a trapped volume of gas is 
developed. This gas can escape via a pipe con- 
nected to the cylinder out through the flowmeter 
being calibrated. The time of the fall of the cylin- 
der combined with the knowledge of the volume/ 
length relationship leads to a determination of the 
amount of gas displaced which can be compared 
with that measured by the flowmeter under cali- 
bration. 



Gravimetric method Here gas is diverted via the 
meter under test into a gas-collecting vessel over a 
measured period of time. By weighing the collect- 
ing vessel before diversion and again after diver- 
sion the difference will be due to the enclosed gas, 
and flow can be determined. This flow can then 
be compared with that measured by the flow- 
meter. 

It should be noted that the cost of developing 
laboratory flow calibration systems as outlined 
can be quite prohibitive and it may be somewhat 
more cost-effective to have systems calibrated by 
the various national standards laboratories (such 
as NEL and SIRA) or by manufacturers, rather 
than committing capital to what may be an infre- 
quently used system. 
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Appendix 1.1 Minimum lengths of straight pipeline upstream of device' 



Minimum number of pipe diameters for Cases A to F listed below 



Diameter ratio dlD less than: 
Area ratio m less than: 



(a) Minimum length of straight pipe immediately 
upstream of device 

0.22 0.32 0.45 0.55 0.63 0.7 0.77 0.84 

0.05 f 0.1 0.2 0.3 0.4 0.5 0.6 0.7 

X 



( b ) Minimum length 
between first 
upstream fitting 
~and next upstream 
fitting 



Fittings producing symmetrical 
disturbances 

Case A. Reducer (reducing 
not more than 
0.5D over a 
length of 3 D) 

Enlarger (enlarging 

not more than ID 

over a length of 

1 .5D) 16 

Any pressure difference 

device having 

an area ratio m not 

less than 0.3 

Case B. Gate valve fully open 
(for | closed see 
Case H) 12 

Case C. Globe valve fully 
open (for ^ closed 
see Case J) 18 

Case D. Reducer (any reduction 
including from a 
large space) 25 



16 18 20 23 26 29 33 13 



12 


12 


13 


16 


20 


27 


38 


10 


18 


20 


23 


27 


32 


40 


49 


16 


25 


25 


25 


25 


26 


29 


33 


13 



Fittings producing asymmetrical 
disturbances in one plane 
Case E. Single bend up to 90 c , 
elbow, Y -junction. 

T-junction (flow in 
either but not both 
branches) 10 

Case F. Two or more bends in 
the same plane, single 
bend of more than 90°, 
swan 14 



10 13 16 22 29 41 56 15 



15 18 22 28 36 46 57 18 



Fittings producing asymmetrical 
disturbances and swirling motion 
Case G%. Two or more bends, 
elbows, loops, or 
Y-junctions in 
different planes, 

T-junction 
with tlow in both 

branches 34 35 38 44 52 63 76 89 32 




44 Measurement of flow 



A pp e n d i x 1 .1 Continued 



Minimum number of pipe diameters for Cases A to F listed below 

(rt) Minimum length of straight pipe immediately 

upstream of device ( b ) Minimum length 



between first 



Diameter ratio dlD less than : 


0.22 


0.32 


0.45 


a 55 


0.63 


0.7 


0.77 


0.84 


upstream fitting 


Area ratio m less than: 


0.05 1 


0.1 


0.2 


0.3 


0.4 


0.5 


0.6 


0.7 

X 


and next upstream 
fitting 


Case H\. Gate valve up to 
| closed§ (for fully 
open see Case B) 


40 


40 


40 


41 


46 


52 


60 


70 


26 


Case J i. Globe valve up to 
| cIosed§ (for fully 
open see Case C) 


12 


14 


19 


26 


36 


60 


SO 


100 


30 


Other fittings 

Case K . All other findings 
(provided there is 
no swirling motion) 


100 


100 


100 


100 


100 


100 


100 


100 


50 



* See Subclauses Alb and 47c, 

T For area ratio less than 0.015, or diameter ratios less than 0.125 see Subclause 47/?. 

I If swirling motion is eliminated by a flow siraightener (Appendix F) installed downstream of these fittings they may be treated as Class F, B, 
and C respectively. 

§ The valve is regarded as three quarters closed when the area of the opening is one quarter of that when fully open. 

NB: Extracts from British Standards are reproduced by permission of the British Standards Institution, 2 Park Street, London W1A 2BS from 
whom complete copies can be obtained. 
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2.1 Introduction 

In the Principia published in 1687. Sir Isaac New- 
ton postulated that “the resistance which arises 
from the lack of slipperiness of the parts of the 
liquid, other things being equal, is proportional 
to the velocity with which parts of the liquid are 
separated from one another 7 ’ (see Figure 2.1). 
This “lack of slipperiness” is what we now call 
viscosity. The motion in Figure 2. 1 is referred to 
as steady simple shear flow and if r is the relevant 
shear stress producing the motion and 7 is the 
velocity gradient (7 = Uld), we have 

T — Tj 7 (2.1) 

77 is sometimes called the coefficient of viscosity, 
but it is now more common’y referred to simply 
as the viscosity. An instrument designed to meas- 
ure viscosity is called a viscometer. A viscometer 
is a special type of rheometer (defined as an 
instrument for measuring rheological properties) 
which is limited to the measurement of viscosity. 

The SI units of viscosity are the pascal 
second = 1 Nsm~~( = 1 kgm" A s and Nsm _ “). 
The c.g.s. unit is the poise (=0.1kgm -1 s ) or 
the poiseuille ( = 1 Nsin -2 ). The units of kin- 
ematic viscosity v ( —r/lp. where p is the density) 
are m 2 s . The c.g.s. unit is the stokes (St) and 
I cSt = J0 ' 6 m 2 s -1 . 

For simple liquids like water, the viscosity can 
depend on the pressure and temperature, but not 
on the velocity gradient (i.e., shear rate). If such 
materials satisfy certain further formal require- 
ments (e.g., that they are inelastic), they are 
referred to as Newtonian viscous fluids. Most 
viscometers were originally designed to study 



u 




these simple Newtonian fluids. It is now common 
knowledge, however, that most fluid-like ma- 
terials have a much more complex behavior, and 
this is characterized by the adjective “non-New'- 
tonian.” The most common expression of non- 
Newdonian behavior is that the viscosity is now 
dependent on the shear rate 7, and it is usual to 
refer to the apparent viscosity 77(7) of such fluids, 
where, for the motion of Figure 2.1, 

r = 77(7)7 (2.2) 

In the next section, we shall argue that the con- 
cept of viscosity is intimately related to the flow 
field under investigation (e.g., whether it is steady 
simple shear flow or not) and in many cases it is 
more appropriate and convenient to define an 
extensional viscosity % corresponding to a steady 
uniaxial extensional flow. Now, although there is 
a simple relation between the (extensional) vis- 
cosity 77. and the (shear) viscosity i] in the case of 
Newtonian liquids (in fact, 77.- = 3 q for Newton- 
ian liquids) such is not the case in general for 
non-Newtonian liquids, and this has been one of 
the motivations behind the emergence of a num- 
ber of extensional viscometers in recent years (see 
Section 2.5). 

Most fluids of industrial importance can be 
classified as non-Newtonian: liquid detergents, 
multigrade oils, paints, printing inks, and molten 
plastics are obvious examples (see, for example, 
Walters (1980)), and no chapter on “the measure- 
ment of viscosity” would be complete without a 
full discussion of the application of viscometry to 
these complex fluids. This will necessitate an 
initial discussion of such important concepts as 
yield stress and thixotropy (which are intimately 
related to the concept of viscosity), and this is 
undertaken in the next section. 

2.2 Newtonian and non- 
Newtonian behavior 

For Newtonian liquids, there is a linear relation 
between shear stress r and shear rate 7. For most 
non-Newtonian materials, the shear-thinning 
behavior show-n schematically in Figure 2.2 
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Figure 2.2 Representative ( t, 7 ) rheograms. 



pertains. Such behavior can be represented by the 
viscosily/shear-rate rheogram of Figure 2.3, 
where we see that the viscosity falls from a 
“zero-shear” value /70 to a lower (second-Newton- 
ian) value 772 - The term “pseudo-plasticity” was 
once used extensively to describe such behavior 
but this terminology is now less popular. In the 
lubrication literature, shear thinning is often 
referred to as “temporary viscosity loss.” 

Some non-Newtonian fluids, corn-flour sus- 
pensions for example, show the opposite type of 
behavior in which the viscosity increases with 
shear rate (Figure 2.2). This is called “shear thick- 
ening. ” In old-fashioned texts, the term “dilatancy” 
was often used to describe this behavior. 

For many materials over a limited shear-rate 
range a logarithmic plot of r against 7 is linear, so 
that 

t = Ki* (2.3) 

When n > 1, these so-called “power-law fluids” 
are shear-thickening, and when n < 1 , they are 
shear-thinning. 

An important class of materials will not flow 
until a critical stress, called the “yield stress,” is 




Figure 2.3 Schematic diagram of typical shear-thinning 
behavior. 



exceeded. These “plastic” materials can exhibit 
various kinds of behavior above the yield stress 
as shown in Figure 2.2. If the rheogram above 
the yield stress is a straight line, we have what 
is commonly referred to as a Bingham plastic 
material. 

In addition to the various possibilities shown in 
Figure 2.2, there are also important “time-depend- 
ent” effects exhibited by some materials; these can 
be grouped under the headings “thixotropy” and 
“antithixotropy.” The shearing of some mater- 
ials at a constant rate can result in a substantial 
low-ering of the viscosity with time, with a gradual 
return to the initial viscosity when the shearing is 
stopped. This is called thixotropy. Paints are the 
most obvious examples of thixotropic materials. 
As the name suggests, antithixotropy involves an 
increase in viscosity with time at a constant rate- 
of-shear. 

Clearly, the measurement of the shear viscosity 
wdthin an industrial context is important and 
requires an understanding of material behavior. 
Is the material Newtonian or non-Newtonian? 
Is thixotropy important? Other questions come to 
mind. 

Many industrial processes involve more exten- 
sional deformation than shear flow, and this has 
been the motivation behind the search for exten- 
sional viscometers, which are constructed to esti- 
mate a maleriars resistance to a stretching 
motion of the sort shown schematically in Figure 
2.4. In this case, it is again necessary to define an 
appropriate stress T and rate of strain k, and to 
define the extensional viscosity by 

T — t} e k (2.4) 

For a Newtonian liquid, % is a constant (= 3 rj). 
The extensional viscosity of some non-Newtonian 
liquids can take very high values, and it is this 
exceptional resistance to stretching in some mater- 
ials, together with the practical importance of 
extensional flow', which makes the study of exten- 
sional viscosity so important. The reader is 
referred to the book Elongational Flows by Petrie 
(1979) for a detailed treatise on the subject. The 
text by Dealy (1982) on polymer-melt rheometry 
is also recommended in this context. 

A detailed assessment of the importance of 
non-Newtonian effects is given in the text Rheo- 
metry: Industrial Applications (Walters, 1980) 
which contains a general discussion of basic prin- 
ciples in addition to an in-depth study of various 
industrial applications. 
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Figure 2.4 Uniaxial extensional deformation. 
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The popular book on viscometry by Van 
Wazer etal. (1963) and that of Wilkinson (1960) 
on non-Newtonian flow are now out of date in 
some limited respects, but they have stood the test 
of time remarkably well and are recommended to 
readers, provided the dates of publication of the 
books are appreciated. More modern treatments, 
developed from different but complementary 
viewpoints, are given in the books by Lodge 
(1974), Walters (1975), and Whoriow (1980). The 
text by Dealy (1982) already referred to is limited 
to polymer-melt rheometry, but much of the 
book is of general interest to those concerned 
with the measurement of viscosity. 

2.3 Measurement of the shear 
viscosity 

It is clearly impracticable to construct visco- 
meters with the infinite planar geometry asso- 
ciated with Newton’s postulate (Figure 2.1), 
especially in the case of mobile liquid systems, 
and this has led to the search for convenient 
geometries and flows which have the same basic 
steady simple shear flow structure. This problem 
has now been resolved and a number of the 
so-called “viscometric flows” have been used as 
the basis for viscometer design. (The basic mathe- 
matics is non-trivial and may be found in the 
texts by Coleman etal. (1966), Lodge (1974), and 
Walters ( 1 975).) Most popular have been (i) capil- 
lary (or Poiseuille) How, (ii) circular Couette flow, 
and (iii) eone-and-plate How. For convenience, 
we shall briefly describe each of these flows and 
give the simple operating formulae for Newtonian 
liquids, referring the reader to detailed texts for the 
extensions to non-Newtonian liquids. We also 
include in Section 2.3.4 a discussion of the paral- 
lel-plate rheometer, which approximates closely 
the flow associated with Newton’s postulate. 



2.3.1 Capillary viscometer 

Consider a long capillary with a circular cross- 
section of radius a . Fluid is forced through the 
capillary by the application of an axial pressure 
drop. This pressure drop Pis measured over a length 
L of the capillary, far enough away from both 
entrance and exit for the flow to be regarded as 
“fullydeveloped” steady simple shear flow. The 
volume rate of flow Q through the capillary is 
measured for each pressure gradient PiL and the 
viscosity rj for a Newtonian liquid can then be deter- 
mined from the so-called Hagen-Poiseuille law: 



Q = 



7i 'Pa 4 
8 V L 



(2.5) 



The non-trivial extensions to (2.5) when the fluid 
is non-Newtonian may be found in Walters 
(1975), Whoriow (1980), and Coleman etal. 
(1966). For example, in the case of the power- 
law fluid (2.3), the formula is given by 



n 7 m(P ( ap y/" 

~ = (3w+ 1) \2KLJ 



(2.6) 



One of the major advantages of the capillary vis- 
cometer is that relatively high shearrates can be 
attained. 

Often, it is not possible to determine the pressure 
gradient over a restricted section of the capillary and 
it is then necessary, especially in the case of non - 
Newtonian liquids, to study carefully the pressure 
losses in the entry and exit regions before the results 
can be interpreted correctly (see, for example, 
Dealy (1982) and Whoriow (1980)). Other possible 
sources of error include viscous heating and flow 
instabilities. These and other potential problems 
are discussed in detail by Dealy (1982), Walters 
(1975), and Whoriow (1980). 

The so-called “kinetic-energy correction” is 
important when it is not possible to limit the 
pressure drop measurement to the steady simple 
shear flow region and when this is taken over the 
complete length L of the capillary. For a New- 
tonian fluid, the kinetic energy correction is given 
(approximately) by 



P = Po- 



iipg 2 

t i 2 a 4 



(2.7) 



where P is the pressure drop required in (2.5), Pq 
is the measured pressure drop and pis the density 
of the fluid. 

Since a gas is highly compressible, it is more 
convenient to measure the mass rate of flow, /??. 
Equation (2.5) has then to be replaced by (see, for 
example, Massey (1968)) 



7ra 4 pMP 

8 mRTL 



( 2 - 8 ) 



where p is the mean pressure in the pipe, M is the 
molecular weight of the gas, R is the gas constant 
per mole and T is the Kelvin temperature. The 
kinetic-energy correction (2.7) is still valid and must 
be borne in mind, but in the case of a gas, this 
correction is usually very small. A “slip correction” 
is also potentially important in the case of gases, but 
only at low pressures. 

In commercial capillary viscometers for non- 
gaseous materials, the liquids usually flow 
through the capillaries under gravity. A good 
example is the Ostwald viscometer (Figure 2.5). 
In this b, c, and d are fixed marks and there are 
reservoirs at D and E. The amount of liquid must 
be such that at equilibrium one meniscus is at d. 
To operate, the liquid is sucked or blown so that 
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Figure 2.5 Schematic diagram of an 
Ostwald viscometer 



If the outer cylinder of radius r 0 rotates with 
angular velocity Hq and the inner cylinder of radius 
ri is stationary, the torque C per unit length of 
cylinder on the inner cylinder for a Newtonian 
liquid is given by 



47tQq rjrfy 
('o - '■?) 



( 2 . 10 ) 



so that measurement of C at each rotational speed 
can be used to determine the viscosity r j. The 
extensions to (2.10) when the fluid is non-New- 
tonian are again non-trivial (unless the annular 
gap is very small) but the relevant analysis is con- 
tained in many texts (see, for example, Walters 
(1975) and Whorlow (1980)). With reference to 
possible sources of error, end effects are obvious 
candidates as are flow instabilities, misalignment 
of axes, and viscous heating. A detailed discussion 
of possible sources of error is to be found in Dealy 
(1982), Walters (1975), and Whorlow (1980). 



the other meniscus is now a few milimeters above 
b. The time l for the level to fall from b to c is 
measured. The operating formula is of the form 

v = At - B/t (2.9) 

where v is the kinematic viscosity (=i]lp). The 
second term on the right-hand side of equation 
(2.9) is a correction factor for end effects. For any 
particular viscometer, A and B are given as cali- 
bration constants. Viscometers with pipes of dif- 
ferent radii are supplied according to British 
Standards specifications and a “recommended 
procedure” is also given in B.S. Publication 188: 
1957. 

Relying on gravity flow alone limits the range 
of measurable stress to between 1 and 15Nm -2 . 
The upper limit can be increased to 50 Nm -2 by 
applying a known steady pressure of inert gas 
over the left-hand side of the U-tube during 
operation. 

2.3.2 Couette viscometer 

The most popular rotational viscometer is the 
Couette concentric-cylinder viscometer. Fluid is 
placed in the annulus between two concentric 
cylinders (regarded as infinite in the interpret- 
ation of data) which are in relative rotation about 
their common axis. It is usual for the outer cylin- 
der to rotate and for the torque required to keep 
the inner cylinder stationary to be measured, but 
there are variants, as in the Brookfield vis- 
cometer, for example, where a cylindrical bob (or 
sometimes a disc) is rotated in an expanse of test 
liquid and the torque on this same bob is 
recorded; see Section 2.4. 



2.3.3 Cone-and-plate viscometer* 

Consider the cone-and-plate arrangement shown 
schematically in Figure 2.6. The cone rotates with 
angular velocity f>o and the torque C required 
to keep the plate stationary is measured. The 
gap angle 6> 0 is usually very small (<4 J ) and, in 
the interpretation of results, edge effects are 
neglected. It is then easy to show that for a New- 
tonian liquid, the operating formula is 



C 



27m 3 Ho 



V 



( 2 . 11 ) 



where a is the radius of the cone. 

In contrast to the capillary-flow and Couette- 
flow situations, the operating formula for non- 




Figure 2.6 Basic cone-and-plate geometry, 

* The torsional-flow rheometer in which the test fluid is 
contained between parallel plates is similar in operation 
to the cone-and-plate rheometer, but the data interpret- 
ation is less straightforward, except in the Newtonian 
case (see, for example, Walters (1975)). 
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Newtonian fluids is very similar to (2. 1 1) and is in 
fact given by 

C = |™V?( 7) (2.12) 

where the shear rate 7 is given by 

7 = no/0o (2-13) 

which is (approximately) constant throughout the 
test fluid, provided 0 0 is small (<4°, say). This is 
ail important factor in explaining the popularity 
of cone-and-plate flow in non-Newtonian visco- 
metry. Indeed, it is apparent from (2.12) and 
(2,13) that measurements of the torque C as a 
function of rotational speed immediately yield 
apparent viscosity/shear-rate data. 

Sources of error in the cone-and-plate vis- 
cometer have been discussed in detail by Walters 
(1975) and Whorlow (1980). Measurements on all 
fluids are limited to modest shear rates (< 100 s _1 ) 
and this upper bound is significantly lower for 
some fluids like polymer melts. 

Time-dependent effects such as thixotropy are 
notoriously difficult to study in a systematic way, 
and the constant shear rate in the gap of a cone- 
and-plate viscometer at least removes one of the 
complicating factors. The cone-and-plate geom- 
etry is therefore recommended for the study of 
time-dependent effects. 

For the rotational viscometer designs discussed 
thus far, the shear rate is fixed and the correspond- 
ing stress is measured. For plastic materials with a 
yield stress this may not be the most convenient 
procedure, and the last decade has seen the emer- 
gence of constant-stress devices, in which the shear 
stress is controlled and the resulting motion (i.e., 
shear rate) recorded. The Deer rheometer is the 
best known of the constant-stress devices and at 
least three versions of such an instrument are now 
commercially available. The cone-and-plate geom- 
etry is basic in current instruments. 

2.3.4 Parallel-plate viscometer 

In the parallel-plate rheometer, the test fluid is 
contained between two parallel plates mounted 
vertically; one plate is free to move in the ver- 
tical direction, so that the flow is of the plane- 
Couette type and approximates that associated 
with Newton’s postulate. 

A mass M is attached to the moving plate (of 
area A), and this produces a displacement .v of the 
plate in a time 1 . Tf the plates are separated by a 
distance h, the relevant shear stress r is given by 

r = Mg/ A (2.14) 

and the shear rate 7 by 

7 = */th (2.15) 



so that the viscosity rj is determined from 

rj = Mglh/xA (2.16) 

Clearly, this technique is only applicable to “stiff ” 
systems, i.e., liquids of very high viscosity. 

2.4 Shop-floor viscometers 

A number of ad hoc industrial viscometers are very 
popular at the shop-floor level of industrial prac- 
tice and these usually provide a very simple and 
convenient method of determining the viscosity of 
Newtonian liquids. The emphasis on the “New- 
tonian” is important since their application to 
non-Newtonian systems is far less straightfor- 
ward (see, for example, Walters and Barnes 
(1980)). Three broad types of industrial visc- 
ometer can be identified (see Figure 2.7). The first 
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Figure 2.7 Classes of industrial viscometers. 



type comprises simple rotational devices such as 
the Brookfield viscometer, which can be adapted 
in favorable circumstances to provide the appar- 
ent viscosity of non-Newtonian systems (see, for 
example, Williams (1979)). The instrument is 
shown schematically in Figure 2.8. The pointer 
and the dial rotate together. When the disc is 
immersed, the test fluid exerts a torque on the 
disc. This twists the spring and the pointer is 
displaced relative to the dial. For Newtonian 
liquids (and for non-Newtonian liquids in favor- 
able circumstances) the pointer displacement can 
be directly related to the viscosity of the test 
sample. 

The second type of industrial viscometer 
involves what we might loosely call “flow through 
constrictions” and is typified by the Ford-cup 
arrangement. The idea of measuring the viscosity 
of a liquid by timing its efflux through a hole at 
the bottom of a cup is very attractive. It is simple 
to operate, inexpensive, and the apparatus can be 
made very robust. Historically, the cup device 





50 Measurement of viscosity 




F i g u r e 2 . 8 Schematic diagram of the Brookfield 
viscometer. 



was probably one of the first forms of viscometer 
ever used and today there are more than 50 
versions of the so-called flow cups. 

Often, results from flow cups are simply 
expressed as “time in seconds” (e.g., “Redwood 
seconds”) but for Newtonian liquids these can be 
converted to kinematic viscosity v through an 
(approximate) formula of the form 

v = At — Bj t (2.17) 

where A and B are constants which depend on the 
cup geometry (see, for example, Walters and 
Barnes ( 1 980)). 

The second term on the right-hand side of 
(2.17) is essentially a kinetic-energy correction. 
For Newtonian liquids, A and B can be deter- 
mined by carrying out standard experiments on 
liquids of known kinematic viscosity. 

A major disadvantage of the standard Ford cup 
so far as «cw-Newtonian liquids are concerned is 
that only one time can be taken, i.e., the time taken 
for the cup to empty. Such a measurement leads to 
a single (averaged) viscosity for a complicated 
deformation regime and this is difficult to interpret 
consistently for Theologically complex fluids. 
Indeed, liquids with different rheologies as regards 
shear viscosity, extensional viscosity, and elasticity 
may behave in an identical fashion in a Ford- 
cup experiment (Walters and Barnes, 1980) so 
that shop-floor instruments of this sort should be 
used with extreme caution when dealing with non - 
Newtonian liquids. The same applies to the 
“flow-around-obstacle” viscometers of Figure 2.7. 
Typical examples of this type of viscometer are 
the Glen Creston falling-ball viscometer and the 
Hoeppler rolling-ball instrument (see, for example, 
Van Wazer etal. (1963) and Cheng (1979). Rising- 
bubble techniques may also be included in this 
category. 



2.5 Measurement of the 
extensional viscosity 

Many industrial processes, especially in the poly- 
mer industries, involve a high extension-flow 
component and there is an acknowledged need 
for extensional viscometers. The construction of 
such devices is, however, fraught with difficulties. 
For example, it is difficult to generate an exten- 
sional deformation over a sufficient deformation- 
rate range. Indeed, many of the most popular and 
sophisticated devices for work on polymer melts 
(such as those constructed at B.A.S.F. in Ger- 
many) cannot reach the steady state required to 
determine the extensional viscosity r} z defined 
in (2.4). Therefore, they are, as yet, of 
unproven utility. A full discussion of the subject 
of extensional viscometry within the context of 
polymer-melt rheology is provided by Dealy 
(1982). 

In the case of more mobile liquid systems, it is 
difficult to generate flows which approximate to 
steady uniaxial extension and the most that can 
reasonably be hoped for is that instruments will 
provide an estimate of a fluid’s resistance to 
stretching flows (see, for example. Chapter 1 of 
Walters (1980)). With this important proviso, the 
Ferguson Spin-Line Rheometer is a commer- 
cially available instrument which can be used on 
mobile liquids to provide extensional viscosity 
information. 



2.6 Measurement of viscosity 
under extremes of temperature 
and pressure 

Any of the techniques discussed above can 
be adapted to study the effect of temperature 
and pressure on viscosity, provided the apparatus 
can accommodate the extremes prevailing. 

It is important to emphasize that viscosity 
is very sensitive to temperature. For example, 
the viscosity of water changes by 3 percent per 
Kelvin. It is therefore essential to control the 
temperature and to measure it accurately. 

Pressure is also an important variable in some 
studies. In the case of lubricating oils, for 
example, high pressures are experienced during use 
and it is necessary to know the pressure-depend- 
ence of viscosity for these fluids. 

At temperatures near absolute zero measurements 
have been concerned with the viscosity of liquid 
helium. Recently, special techniques have been 
developed. Webeler and Allen (1972) measured 
the attenuation of torsional vibrations initiated 
by a cylindrical quartz crystal. Vibrating-wire 
viscometers have also been used. The resonant 
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frequency and damping of the oscillations of a 
wire vibrating transversely in a fluid depend on 
the viscosity and density of the fluid. References 
to this and other work are given in Bennemann 
and Ketterson (1976). 

To study the effect of high pressure, Abbot etal. 
(1981) and Dandridge and Jackson (1981) have 
observed the rate of fall of a sphere in lubricants 
exposed to high pressures (~3 GPa). Galvin, Hutton, 
and Jones (1981) used a capillary viscometer at 
high pressure to study liquids over a range of temp- 
eratures (0 to 150°C) and shear rates (0 to 
3 x 10 5 see' 1 ) with pressures up to 0.2 GPa. Kamal 
and Nyun (1980) have also adapted a capillary vis- 
cometer for high-pressure work. 

2.7 On-Mne measurements 

It is frequently necessary to monitor the viscosity of 
a fluid "on line” in a number of applications, parti- 
cularly when the constitution or temperature of the 
fluid is likely to change. Of the viscometers described 
in this chapter, the capillary viscometer and the 
concentric-cylinder viscometer are those most con- 
veniently adapted for such a purpose. For the 
former, for example, the capillary can be installed 
directly in series with the flow and the pressure 
difference recorded using suitably placed trans- 
ducers and recorders. The corresponding flow rate 
can be obtained from a metering pump. 

Care must be taken with the on-line concentric- 
cylinder apparatus as the interpretation of data 
from the resulting helical flow is not easy. 

Other on-line methods involve obstacles in the 
flow- channel; for example, a float in a conical 
tube will arrive at an equilibrium position in the 
tube depending on the rate of flow and the kine- 
matic viscosity of the fluid. The parallel-plate 
viscometer has also been adapted for on-line meas- 
urement. These and other on-line techniques are 
considered in detail in The Instrument Manual 
(1975). 

2.8 Accuracy and range 

The ultimate absolute accuracy obtained in any 
one instrument cannot be categorically stated in a 
general way. For example, using the Ostwald 
viscometer, reproducible measurements of time 
can be made to 0.3 percent. But to achieve this 
absolutely, the viscometer and the fluid must be 
scrupulously clean and the precise amount of 
fluid must be used. The temperature within the 
viscometer must also be uniform and be known to 
within 0. 1 K. Obviously, this can be achieved, but 
an operator might well settle for 1 to 2 percent 
accuracy and Find this satisfactory for his purpose 



with less restriction on temperature measurement 
and thermostating. Similar arguments apply 
to the Couette viscometer but here, even with 
precise research instruments, an accuracy of 1 
percent requires very careful experimentation. 

The range of viscosities and rates of shear 
attainable in any type of viscometer depend on 
the dimensions of the viscometer, e.g., the radius 
of the capillary in the capillary viscometer and the 
gap in a Couette viscometer. 

By way of illustration, we conclude with a table 
of values claimed by manufacturers of instru- 
ments within each type, but we emphasize that 
no one instrument will achieve the entire range 
quoted. 



Table 2.1 



Viscometer 

type 


Lowest 
viscosity 
( poise) 


Highest 
viscosity 
( poise) 


Shear-rate 

range 

(S- 1 ) 


Capillary 


2 x 10" 3 


10 3 


1 to 1.5 x 10 4 


Couette 


5 x 10" 3 


4 x 10' 


10" 2 to 10 4 


Cone-and-plate 


10~ 3 


10 10 


10" 4 to 10 3 


Brookfield type 


io- ? 


5 x 10 5 


10“ 3 to 10 6 


Falling-ball, 

rolling-ball 


10“ 4 


10* 


indeterminate 
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3.1 Introduction 

Length is probably the most measured physical 
parameter. This parameter is known under many 
alternative names — displacement, movement, 
motion. 

Length is often the intermediate stage of sys- 
tems used to measure other parameters. For 
example, a common method of measuring fluid 
pressure is to use the force of the pressure to 
elongate a metal element, a length sensor then 
being used to give an electrical output related to 
pressure. 

Older methods were largely mechanical, giving 
readout suited to an observer’s eyes. The possibil- 
ity of using electrical and radiation techniques to 
give electronic outputs is now much wider. Pneu- 
matic techniques are also quite widely used, and 
these are discussed in Part 4. 

Length can now be measured through over 
thirty decadic orders. Figure 3.1 is a chart of 
some common methods and their ranges of use. 
In most cases only two to three decades can be 
covered with a specific geometrical scaling of a 
sensor’s configuration. 

This chapter introduces the reader to the com- 
monly used methods that are used in the micro- 
meter to subkilometer range. 

For further reading, it may be noted that most 
instrumentation books contain one chapter, or 
more, on length measurement of the modern 
forms, examples being Mansfield (1973), Norton 
(1969), Oliver (1971), and Sydenham (1983, 1984). 
Mechanical methodology is more generally 
reported in the earlier literature on the subjects of 
mechanical measurements, tool- room gauging, and 
optical tooling. Some such books are Batson and 
Hyde (1931), Hume (1970), Kissam (1962), Rolt 
(1929), and Sharp (1970). In this aspect of length 
measurement the value of the older books should 
not be overlooked for they provide basic under- 
standing of a technique that is still relevant today in 
proper application of modem electronic methods. 

For the microdisplacement range see Garratt 
(1979), Sydenham (1969; 1972), and Woltring 
(1975); for larger ranges see Sydenham (1968) 
and Sydenham (1971). Neubert (1975) has written 



an excellent analysis of transducers, including 
those used for length measurement. 



3.2 The nature of length 

Efficient and faithful measurement requires an 
understanding of the nature of the parameter 
and of the pitfalls that can arise for that particu- 
lar physical system domain. 

Length, as a measured parameter, is generally 
so self-evident that very little is ever written about 
it at the philosophical level. Measurement of 
length is apparently simple to conceptualize and 
it appears easy to devise methods for converting 
the measured value into an appropriate signal. 

Space can be described in terms of three length 
parameters. Three coordinate numbers describe 
the position of a point in space regardless of the 
kind of coordinate framework used to define that 
point’s coordinates. The number of coordinates 
can be reduced if the measurement required is in 
two dimensions. Measuring position along a 
defined straight line only requires one length-sen- 
sing system channel; to plot position in a defined 
plane requires two sensors. 

Length measurements fall into two kinds, those 
requiring determination of the absolute value in 
terms of the defined international standard and 
those that determine a change in length of a 
gauge length interval (relative length). For rela- 
tive length there is no need to determine the gauge 
interval length to high accuracy. Measuring the 
length of a structure in absolute terms is a differ- 
ent kind of problem from measuring strains 
induced in the structure. 

Descriptive terminology is needed to simplify 
general description of the measuring range of a 
length sensor. Classification into microdisplace- 
ment, industrial, surveying, navigation, and celes- 
tial is included in Figure 3.1. 

The actual range of a length sensor is not 
necessarily that of the size of the task. For 
example, to measure strain over a long test 
interval may make use of a long-range, fixed-length, 
standard structure which is compared with the 
object of interest using a short-range sensor to 
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Fig u re 3 .1 Ranges and methods of measuring length. 
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Length change to be measured 
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Figure 3.2 Absolute (a) and relative (b) length- 
measurement situations. 

detect the small differences that occur (see Figure 
3.2(b)). Absolute whole length measurement, 
Figure 3.2(a), requires a sensor of longer range. 





Figure 3.3 Examples of contacting and non-contacting 
length measurements, (a) Contacting, using variable 
resistance, (b) Non-contacting, using an optical probe. 



It is often possible to measure a large length by 
adding together successive intervals, for example by 
using a single ruler to span a length greater than 
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itself. The same concept is often applied using mul- 
tiple electronic sensors placed in line or by stepping 
a fixed interval along the whole distance, counting 
the number of coarse intervals, and subdividing the 
last partial interval by some other sensor that has 
finer sensing detail 

When a non-contacting sensor is used (see 
Figure 3.3), the length measurement is made by 
a method that does not mechanically contact the 
subject. An example is the use of an optical inter- 
ferometer to monitor position of a machine slide. 
It does not impose significant force on the slide 
and, as such, does not alter the measured value by 
its presence. 

Contacting methods must be used with some 
caution lest they alter the measurement value due 
to the mechanical forces imposed by their pre- 
sence. 



3.3 Derived measurements 

3.3.1 Derived from length measurement alone 

Length (m) comes into other measurement par- 
ameters, including relative length change (m/m), 
area (m 2 ), volume (m 3 ), angle (m/m), velocity 
(trr 1 ), and acceleration (m“ 2 ). To measure posi- 
tion, several coordinate systems can be adopted. 
Figure 3.4 shows those commonly used. In each 
instance the general position of a point P will 
need three measurement numbers, each being 
measured by separate sensing channels. 

The cartesian (or rectangular) system shown in 
Figure 3.4(a) is that most adopted for ranges less 
than a few tens of meters. Beyond that absolute 
size it becomes very difficult to establish an 
adequately stable and calibratable framework. 
Errors can arise from lack of right angles between 
axes, from errors of length sensing along an axis, 
and from the imperfection of projection out from 
an axis to the point. 

The polar system of Figure 3.4(b) avoids 
the need for an all-encompassing framework, 
replacing that problem with the practical need 
for a reference base from which two angles and a 
length are determined. Errors arise here in defin- 
ition of the two angles and in the length measure- 
ment which, now, is not restricted to a slide-way. 
Practical angle measurement reaches practical 
and cost barriers at around one arc-second of 
discrimination. This method is well suited to such 
applications as radar tracking of aircraft or plot- 
ting of location under the sea. 

The above two systems of coordinate frame- 
work are those mostly adopted. A third alterna- 
tive. which is less used, has, in principle, the least 
error sources. This is the triangular system shown 
as Figure 3.4(c). In this method three lengths are 




Figure 3.4 Coordinate systems that can be used to 
locate position in space, (a) Cartesian, rectangular, frame 
for three lengths, (b) Two polar directions and a length, 
(c) Triangulated lengths from a base triangle. 



measured from a triangle formed of three fixed 
lengths. Errors arise only in the three length meas- 
urements with respect to the base triangle and in 
their definition in space. Where two or more 
points in space are to be monitored, then their 
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relative position can be obtained accurately even 
if the base triangle moves in space. The major 
practical problem in adopting this method is that 
the three length measurements each require track- 
ing arrangements to keep them following the 
point. The accuracy of pointing, however, is only 
subject to easily tolerated cosine forms of error 
which allow relatively poor following ability to 
give quite reasonable values. 

The three alternatives can also be combined to 
provide other arrangements but in each case there 
will always be the need to measure three variables 
(as combinations of at least one length with length 
and/or angle) to define point position in a general 
manner. Where a translational freedom is con- 
strained the need to measure reduces to a simpler 
arrangement needing less sensing channels. 

3.4 Standards and calibration 
of length 

With very little exception length measurements 
are now standardized according to SI measure- 
ment unit definitions, length being one of the 
seven base units. It is defined in terms of the unit 
called the meter. 

Until early 1982 the meter was defined in terms 
of a given number of wavelengths of krypton-86 
radiation. Over the 1970 decade, however, it 
was becoming clear that there were improved 
methods available that would enable definition 
with reduced uncertainty. 

The first was to make use, in the manner 
already adopted, of the radiation available from 
a suitable wavelength-stabilized laser source, for 
this is easier to produce and is more reproducible 
than krypton radiation. At first sight this might 
be an obvious choice to adopt, but a quite differ- 
ent approach was also available, that which was 
recommended in 1982. 

The numerical value of the speed of light 
c(c = 299 792 458 m^ 1 ) is the result of numerical 
standards chosen for the standards of time and of 
length. Thus the speed of light, as a numerical 
value, is not a fundamental constant. 

Time standards (parts in 10 14 uncertainty) are 
more reproducible in terms of uncertainty than 
length (parts in 10 8 uncertainty) so if the speed of 
light is defined as a fixed number then, in principle, 
the time standard will serve as the length standard 
provided suitable apparatus exists to make the 
conversion from time to length via the constant c . 

Suitable equipment and experimental proced- 
ures have now been proven as workable. By 
choosing a convenient value for c that suited 
measurement needs (that given above) it was, in 
1982, agreed by the signatories of the committee 
responsible for standardization of the meter that 



the new definition should be, “The meter is the 
length of the path travelled by light in vacuum 
during the fraction (1/299, 792, 458) of a second.” 

This new definition takes reproducibility of 
length definition from parts in 10 8 to parts in 10 10 . 
In common industrial practice, few people require 
the full capability of the standard but adequate 
margin is needed to provide for loss of uncertainty 
each time the standards are transferred to a more 
suitable apparatus. 

To establish the base standard takes many 
months of careful experimental work using very 
expensive apparatus. This method is not applicable 
to the industrial workplace due to reasons of cost, 
time, and apparatus complexity. The next level of 
uncertainty down is, however, relatively easily pro- 
vided in the form of the industrial laser interfero- 
meter that has been on the market for several years. 
Figure 3.5 is such an equipment in an industrial 
application. The nature of the laser system shown 
is such that it has been given approval by the 
National Institute for Standards and Testing (NIST) 
for use without traceable calibration, for, provided 
the lengths concerned are not too small, it can give 
an uncertainty of around 1 part in 10 8 which is 
adequate for most industrial measurements. 

Optical interferometer systems operate with 
wavelengths of the order of 600 nm. Subdivision 
of the wavelength becomes difficult at around 
1/1000 of the wavelength making calibration of 
submicrometer displacements very much less cer- 
tain than parts in 10 8 . In practice, lengths of a 
micrometer cannot be calibrated to much better 
than 1 percent of the range. 

Laser interferometers are easy to use and very 
precise, but they, too, are often not applicable due 
to high cost and unsuitability of equipment. A less 
expensive calibration method that sits below the 
interferometer in the traceable chain uses the 
mechanical slip and gauge block family. These are 
specially treated and finished pieces of steel whose 
lengths between defined surfaces are measured 
using a more certain method, such as an interfero- 
meter. The length values are recorded on calibration 
certificates. In turn the blocks are used as standards 
to calibrate micrometers, go/no-go gauges, and elec- 
tronic transducers. Mechanical gauges can provide 
of the order of 1 in 10 6 uncertainties. 

For lengths over a few meters, solid mechanical 
bars are less suitable as standard lengths due to 
handling reasons. Flexible tapes are used which are 
calibrated against the laser interferometer in stand- 
ards facilities such as that shown in Figure 3.6. 
Tapes are relatively cheap and easy to use in the 
field compared with the laser interferometer. They 
can be calibrated to the order of a part in 10 6 . 

For industrial use little difficulty will be experi- 
enced in obtaining calibration of a length-meas- 
uring device. Probably the most serious problem 
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Figure 3.6 Tape-calibration facility at the National Measurement Laboratory New South Wales, Australia. Courtesy CSIRO. 
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to be faced is that good calibration requires con- 
siderable time: the standard under calibration 
must be observed for a time in order to ensure 
that it docs have the long-term stability needed to 
hold the calibration. 



3.5 Practice of length 
measurement for industrial use 

3.5.1 General remarks 

A large proportion of industrial range meas- 
urements can be performed quite adequately 
using simple mechanical gauging and measuring 
instruments. If, however, the requirement is for 
automatic measurement such as is needed in 
automatic inspection, or in closed-loop control, 
then the manual methods must be replaced by 
transducer forms of length sensor. 

In many applications the speed of response 
needed is far greater than the traditional mechan- 
ical methods can yield. Numerically controlled 
mills, for instance, could not function without 
the use of electronic sensors that transduce the 
various axial dimensions into control signals. 

Initially, that is, in the 1950s, the cost of elec- 
tronic sensors greatly exceeded that of the traditional 
mechanical measuring tools and their servicing 
required a new breed of technician. Most of these 
earlier shortcomings arc now removed and today 



the use of electronic sensing can be more product- 
ive than the use of manually read micrometers and 
scales because of the reduced cost of the electronic 
part of the sensing system and the need for more 
automatic data processing. There can be little doubt 
that solely mechanical instruments will gradually 
become less attractive in many uses. 



3.5.2 Mechanical length-measuring equipment 

Measurement of length from a micrometer to 
fractional meters can be performed inexpensively 
using an appropriate mechanical instrument. 
These group into the familiar range of internal 
and external micrometers, sliding-jaw calipers, 
and dial gauges. Accuracy obtained with 
these depends much upon the quality of manu- 
facture. 

Modern improvements, which have been incor- 
porated into the more expensive units, include 
addition of electronic transduction to give direct 
digital readout of the value, making them easier 
to read and suitable for automatic recording. 

Another improvement, for the larger throat 
micrometers, has been the use of carbon fiber for 
throat construction. This has enabled the frame to 
be lighter for a given size allowing larger units and 
increased precision. 

For the very best accuracy and precision 
work, use is made of measuring machines incor- 




Figure 3.7 Automatically-read length-measuring machine incorporating ruled scales. Courtesy, SIP Society Genevoise 
d' Instruments de Physique. 
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porating manually or automatically read optical 
scales. Figure 3.7 shows the modern form of such 
measuring machines. This is capable of a guaran- 
teed accuracy of around 1 /mi in length measure- 
ments up to its full range capability of 300 mm. 
Larger machines arc also made covering the 
range of around 4 m: these machines have also 
been adapted to provide electronic readout; sec 
Section 3.6. 

Where measurement of complex shapes is 
important, the use of measuring machines can 
be quite tedious; more speedy, direct methods 
can be used when the accuracy needed is not of 
the highest limits. In this aspect of tool-room 
measurement the optical profile projector may 
be applicable. 

In these (sec Figure 3.8(a)), the outline. Figure 
3.8(b), of the article to be measured is projected 
onto a large screen. This can then be compared 
with a profile template placed around the image. 
It is also possible to project an image of the sur- 
face of an article. Figure 3.8(c), onto the viewing 
screen. The two forms of lighting can also be used 
in combination. 




(a) 




Figure 3.8 Measurement of geometry and lengths 
using the optical projector, (a) Optical system schematic. 

(b) Projected and enlarged image of profile of a component. 

(c) Oblique episcopic lighting to show surface detail. 
Courtesy, Henri Hauser Ltd. 



3.5.3 Electronic length measurement 

Any physical principle that relates a length to a 
physical variable has the potential to be used for 
converting length to another equivalent signal. 
The most used output signal is the electronic 
form. Thus, most length sensors use a transduc- 
tion relationship that converts length into an 
electrical entity either by a direct path or via one 
or more indirect conversion stages. 

Most methods for smaller ranges make use of 
electromechanical structures, in which electrical 
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resistance, inductance, or capacitance vary, or 
make use of time and spatial properties of radia- 
tion. Basic cells of such units are often combined 
to form larger range devices having similar dis- 
crimination and dynamic range to those given by 
the best mechanical measuring machines. 

For best results differential methods are util- 
ized where practicable for this reduces the inher- 
ent errors (no transducers are perfect!) of the 
various systems by providing an in-built mechan- 
ism that compensates for some deficiencies of the 
transducer principle adopted. For example, to 
measure displacement it is possible to use two 
electrical plates forming a capacitor. As their 
separation varies, the capacitance alters to give 
a corresponding change in electrical signal. To 
use only one plate-pair makes the system directly 
susceptible to variations in the dielectric constant 
of the material between the plates; small changes 
in the moisture content in an air-gap can give rise 
to considerable error. By placing two plate-pairs 
in a differential connection, the effect of the air 
moisture can largely be cancelled out. 



fl, + fl 2 ■=> R resistance 
of i length 
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Figure 3.9 Electrical-resistance length sensors. 

(a) Sliding contactalong fixed resistance unit, (b) Resistance 
change due to change of bulk properties of a resistance 
element induced by strain of the element. 



3. 5. 3. 1 Electrical resistance 

In essence some mechanical arrangement is made 
in which the electrical resistance between two 
ends of an interval is made to vary as the interval 
changes length. 

Methods divide into two groups — those in 
which the resistance of the whole sensor structure 
remains constant, length being taken off as the 
changing position of a contact point, and those in 
which the bulk properties of the structure are made 
to change as the whole structure changes length. 

In the first category is the slide-wire in which a 
single wire is used. A coiled system can provide a 
larger resistance gradient which is generally more 
suited to signal levels and impedance of practical 
electronic circuitry. 

Figure 3.9(a) is a general schematic of sliding- 
contact length sensors. A standard voltage V s is 
applied across the whole length of the resistance 
unit. The output voltage V out will be related to 
the length / being measured as follows. 

F 0 ut = (V S )/(L) ■ l 

Given that V s and L are constant, V onl gives a 
direct measure of length /. The resistance unit can 
be supplied, V s , with either d.c. or a.c. voltage. 
Errors can arise in the transduction process due 
to non-uniform heating effects causing resistance 
and length L change to the unit, but probably the 
most important point is that the readout circuit 
must not load the resistance, for in that case the 
output-to-length relationship does not hold in a 
linear manner as shown above. 



Sliding-contact sensors are generally inexpens- 
ive but can suffer from granularity as the contact 
moves from wire to wire, in wound forms, and 
from noise caused by the mechanical contact of 
the wiper moving on the surface of the wire. Wear 
can also be a problem as can the finite force 
imposed by the need to maintain the wiper in 
adequate contact. These practical reasons often 
rule them out as serious contenders for an appli- 
cation. Their use is, however, very simple to 
understand and apply. The gradient of the resist- 
ance with position along the unit can be made to 
vary according to logarithmic, sine, cosine, and 
other progressions. The concept can be formed in 
either a linear or a rotary form. Discrimination 
clearly depends upon the granularity of the wire 
diameter in the wound types; one manufacturer 
has reduced this by sliding a contact along (rather 
than across) the wound wire as a continuous 
motion. 

Resistance units can cover the range from 
around a millimeter to a meter with discrimin- 
ation of the order of up to 1/1000 of the length. 
Non-linearity errors are of the same order. 

The frequency response of such units depends 
more upon the mechanical mass to be moved 
during dynamic changes because the electrical 
part can be made to have low inductance and 
capacitance, these being the two electrical elem- 
ents that decide the storage of electrical energy 
and hence slowness of electrical response. 

Signal-to-noise performance can be quite rea- 
sonable but not as good as can be obtained with 
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alternative inductive and capacitive methods; the 
impedance of a resistance unit set to give fine 
discrimination generally is required to be high 
with subsequent inherent resistance noise gener- 
ation. These units are variously described in most 
general instrumentation texts. The alternative 
method. Figure 3.9(b), makes use of strain of 
the bulk properties of the resistance, the most 
used method being the resistance strain gauge. 
As strain gauges are the subject of Chapter 4 they 
will not be discussed further at this stage. 

An alternative bulk resistance method that 
sometimes has application is to use a material, 
such as carbon in disc form, using the input 
length change to alter the force of surface contact 
between the discs. This alters the pile resistance. 
The method requires considerable force from the 
input and, therefore, has restricted application. It 
does, however, have high electric current-carrying 
capability and can often be used to drive directly 
quite powerful control circuits without the need 
for electronic amplification. The bulk properties 
method can only transduce small relative length 
changes of an interval. Practical reasons generally 
restrict its use to gauge intervals of a few milli- 
meters and to strains of that interval of around 1 
percent. 



3. 5.3.2 Electrical magnetic inductive processes 

In general, the two main groups that use electrical 
inductive processes are those that vary the induct- 
ance value by geometry change, and those that 
generate a signal by the law of electromagnetic 
induction. 

An electrical inductance circuit component is 
formed by current-carrying wire(s) producing a 
magnetic field which tends to impede current 
change in dynamic current situations. The use of 
a magnetic circuit enhances the effect; it is not 
absolutely essential, but is generally found in 
inductive sensors. Change of the magnetic field 
distribution of an inductor changes its induct- 
ance. Length sensors make use of this principle 
by using a length change of the mechanical struc- 
ture of an inductance to vary the inductance. This 
can be achieved by varying the turns, changing 
the magnetic circuit reluctance, or by inducing 
effects by mutual inductance. Various forms of 
electric circuit are then applied to convert the 
inductance change to an electronic output signal. 

Figure 3.10 shows these three options in their 
primitive form. In some applications such simple 
arrangements may suffice but the addition of bal- 
anced, differential arrangements and use of 
phase-sensitive detection, where applicable, is 
often very cost-effective for the performance and 
stability are greatly improved. Now described, in 
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Figure 3.10 Electrical-inductance forms of sensor. 

(a) Turnsvariation with length change, (b) Reluctance 
variation with length change, (c) Mutual inductance change 
with length change. 







Fig ure 3.11 Magnetic-reluctance proximity sensor. 
Courtesy, Bruel & Kjaer Ltd. 



more detail, are examples of the mainly used 
forms of Figures 3.10(b) and 3.10(c). 

Figure 3.11 shows a single-coil proximity detec- 
tor that is placed close to a suitable, high mag- 
netic permeability plate attached to or part of the 
subject. The sensor would be mounted around 
2 mm from the plate. As the plate moves relative 
to the unit the reluctance of the iron circuit, 
formed by the unit, the plate, and the air-gap, 
varies as the air-gap changes. When the unit has 
a permanent magnet included in the magnetic 
circuit then movement will generate a voltage 
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without need for separate electronic excitation. It 
will not, however, produce a distance measure- 
ment when the system is stationary unless excited 
by a continuous a.c. carrier signal. 

Where possible two similar variable-reluctance 
units are preferred, mounted on each side of the 
moving object, and connected into a bridge con- 
figuration giving common-mode rejection of 
unwanted induced noise pick-up. These arrange- 
ments are but two of many possible forms that 
have been applied. Variable-reluctance methods 
are characterized by their relatively short range, 
poor linearity over longer ranges, and the possible 
need to move a considerable mass in making the 
measurement with consequent restricted dynamic 
performance. 

Mutual-inductance methods also exist in very 
many forms including the equivalent of Figure 
3.11. Probably the most used is the linear vari- 
able-differential transformer (LVDT). Figure 3.12 
shows a cross-section through a typical unit 
mounted for monitoring length change of a ten- 
sile test specimen. A magnetic material core, nor- 
mally a ferrite rod, moves inside three coils placed 
end to end. The center coil is fed from an a.c. 
excitation supply thus inducing voltages into the 
outer tw'o coils. (It can also be wound over the 
other two outer coils.) The two generated vol- 
tages will be equal when the core is positioned 
symmetrically. The voltage rises in one coil rela- 
tive to the other when the core is off-center. Dif- 
ference between the two voltages is, therefore, 
related to the position of the core, and the rela- 
tion can be made linear. Without circuitry to 
detect in which direction the core has moved from 




Figure 3.12 Cross-section of an LVDT inductive length 
sensor used to measure length change of a tensile test 
specimen. Courtesy Schaevitz Engineering. 



the null position, the output will be an a.c. signal 
of the excitation frequency which changes in 
amplitude with position and having direction in 
the signal as its phase. 

Practical use generally requires a d.c. output 
signal (actually a signal having frequency compon- 
ents in it that are present in the measured value’s 
movement) with direction information as signal 
polarity. This is easily achieved, at marginal addi- 
tional expense, by the use of phase-sensitive 
detection (also known as lock-in detection or 
carrier demodulation). Figure 3.13(a) shows a 
block diagram of the subsystem elements that 
form a complete LVDT length-measuring system. 
Figure 3.13(b) shows the output relationship 
with position of the core. Modern units now often 
supply the phase-sensitive detection circuits inside 
the case of the sensor; these are known as d.c. 
LVDT units. Considerable detail of the operation 
of these and variations on the theme are available 
in Herceg (1976). Detail of phase-sensitive detec- 
tion is in Part 4 and Sydenham (1982b), where 
further references will be found in a chapter on 
signal detection by D. Munroe. 

A simpler non- transformer form of the LVDT 
arrangement can be used in which the need for a 
separate central excitation coil is avoided. With 
reference to the LVDT unit shown in Figure 3.12 
the two outer coils only would be used, their inner 
ends being joined to form a center-tapped linearly 
wound inductor. This split inductor is then placed 
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Figure 3.13 Phase-sensitive detection system used with 
practical LVDTs. (a) Block diagram of electronic system. 

(b) Input-output characteristics after phase-sensitive 
detection. Courtesy Schaevitz Engineering. 
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in an a.c. bridge to which phase- sensitive detection 
is applied in a similar manner to recover a polar- 
ized d.c. output signal. 

Inductive sensors of the mutual-inductance 
form are manufactured in a vast range of sizes 
providing for length detection from as small 
as atomic diameters (sub-nanometer) out to a 
maximum range of around ±250 mm. They are 
extremely robust, quite linear, very reliable, and 
extremely sensitive if well designed. By mounting 
the core on the measured value object and the 
body on the reference frame it is also possible to 
arrange for non-interacting, non-contact meas- 
urement. Frequency response depends upon the 
carrier frequency used to modulate the coils; gen- 
eral practice sets that at around 50 kHz as the 
upper limit, but this is not a strong constraint 
on design. Attention may also need to be paid 
to mechanical resonances of the transducer. 

The second class of magnetically inductive 
length sensors, the magneto-electric kind, are 
those in which part of the electromagnetic circuit 
moves to generate a voltage caused by flux-cut- 
ting. For these the relevant basic expression is 
e = -{N d&ldt) where e is the voltage generated 
as N turns are cut by flux 4> in time t. These are 
strictly velocity, not displacement sensors, for the 
output is proportional to velocity. Integration of 
the signal (provided it has sufficient magnitude to 
be detected, for at low speeds the signal induced 
may be very small) will yield displacement. 
This form of sensor is covered in more detail in 
Chapter 6. 

Magneto-electric sensors are prone to stray 
magnetic field pick-up for that can introduce 
flux-cutting that appears to be signal. Good 
shielding is essential to reduce effects of directly 
detected fields and also for the more subtle 
induced eddy current fields that are produced in 
adjacent non-magnetic materials if they are elec- 
trically conducting. Magnetic shielding is a highly 
developed engineering process that requires spe- 
cial materials and heat treatments to obtain good 
shielding. Manufacturers are able to provide 
units incorporating shielding and to advise users 
in this aspect. It is not simply a matter of placing 
the unit in a thick, magnetic material case! Herceg 
(1976) is a starting point on effective use of LVDT 
units and other inductive sensors. 

When larger range is required than can be con- 
veniently accommodated by the single unit 
(desired discrimination will restrict range to a 
given length of basic cell) it is possible to add 
inductive sensor cells, end-to-end, using digital 
logic to count the cells along the interval with 
analog interrogation of the cell at the end of the 
measured value interval. This hybrid approach 
was extensively developed to provide for the 
meter distances required in numerically con- 



trolled machine tools. A form of long inductive 
sensor that has stood the test of time is the flat, 
‘'printed” winding that is traversed by a sensing 
short, flat coil. Each cell of this continuous grid 
comprises a coil pair overlapped by the sense coil 
that forms a flat profile LVDT form of sensor. 

Angles can be measured electromagnetically 
using devices called Synchros. These inherently 
include means for transmitting the information 
to a distance and are therefore described under 
Telemetry in Part 4. 

3. 5. 3. 3 Electrical-capacitance sensors 

Electrical capacitance stores electrical energy in 
the electric field form: electrical inductors store 
energy in the magnetic field form. Electromag- 
netic theory relates the two forms of field and 
thus most concepts applied to magnetic-induct- 
ance sensing are applicable to electrical-capacit- 
ance structures. 

It is, therefore, also possible to sense length 
change by using the input length to alter the 
structure of a capacitance assembly or to cause 
shape change to a solid material, thereby directly 
generating charge. The electrical capacitance of a 
structure formed by two electrically conducting 
plates is given by 




where C is the capacitance, c the dielectric con- 
stant of the material between the plates in the area 
A where they overlap at a distance of separation /. 

Thus a length sensor can be formed by varying 
the value of / which gives an inverse relationship 
between length input and capacitance change or 
by varying one length of the two plates that com- 
bine to provide the overlap area A ; this latter 
alternative can give a direct relationship. It is also 
sometimes practical to vary e by inserting a mov- 
ing piece of different dielectric into the capacit- 
ance structure. 

Simpler forms make use of a single capacitance 
structure, but for these, variation in e can intro- 
duce error due to humidity and pressure changes 
of air, the most commonly used dielectric. Differ- 
ential systems are more satisfactory. Figure 3.14 
shows the basic configuration of differential 
capacitance sensors. They can be formed from 
flat plates or from cylindrical sections, whichever 
is convenient. The cylindrical form of the second 
design has been used in a highly accurate alter- 
native to the LVDT. The guard rings shown are 
not needed if some non-linearity can be accepted. 

Capacitance systems are characterized by high 
output impedance, need for relatively high excita- 
tion voltages, accuracy of plate manufacture, and 
small plate clearance dimensions. 
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Figure 3.14 Some differential capacitance length- 
sensing structures. 



Potential sensitivity of the alternatives (induct- 
ive and capacitive) is virtually the same in practice: 
each having its own particular signal-to-noise pro- 
blems. For low-sensitivity use, capacitance devices 
are more easily manufactured than the inductive 
alternatives. 

Noise occurs in capacitance systems from 
charge pick-up produced by stray voltage poten- 
tials in the high impedance of the capacitance 
assembly. It is reduced by appropriate shielding 
and use of earthed guard plates that surround the 
active plates to collect and dump the unwanted 
charge. Capacitance structures lend themselves 
more for original equipment design rather than 
as ready-made sensor units applied after the basic 
plant is designed. This is because the layout of the 
working plant to be sensed can often provide 
directly one or more plates of the sensor as a 
non-contacting arrangement. For example, to 
monitor position of a pendulum in a tilt sensor 
it is straightforward to use the pendulum bob as 
the central plate that moves inside two plates 
added one to each side. 

In general, therefore, it will be found that com- 
mercial sensor makers offer more inductive sys- 
tems than capacitive alternatives, whereas in 
scientific and research work the tendency is to 
use capacitance systems as they are easier to 
implement at the prototype stage. Commercial 
suppliers also wish to offer a product that is 
self-contained and ready to apply and, therefore, 
a unit that can be verified before delivery. 

At extreme limits of discrimination (sub-nano- 
meters) capacitance sensing can be shown to be 



superior to inductive arrangements if properly 
designed. As with inductive systems they also 
need a.c. excitation to obtain a length change 
response for slowly moving events. 

Forces exerted by the magnetic and electric 
fields of the two alternatives can be designed to 
be virtually non-existent. Use in sensitive force 
balance systems allows the same plates to be used 
to apply a d.c. voltage to the central plate of a 
differential system. The plate can thus be forced 
back to the central null position at the same time 
as a higher frequency excitation signal is applied 
for position detection. 

Although the plate-separation capacitance 
method fundamentally provides an inverse rela- 
tionship to length change, the signal can be made 
directly proportional by placing the sensing cap- 
acitance in the feedback path of an operational 
amplifier. 



3.5.4 Use of electromagnetic and acoustic 
radiation 

Radiation ranging from the relatively long radio 
wavelengths to the short- wavelength X-rays in 
the electromagnetic (EM) radiation spectrum, 
and from audio to megahertz frequencies in the 
acoustic spectrum, has been used in various ways 
to measure length. 

In the industrial range the main methods 
adopted have been those based upon optical and 
near-optical radiation, microwave EM, and 
acoustic radiation. These are now discussed in 
turn. 



3. 5. 4. I Position-sensitive photocells 

An optical beam, here to be interpreted as ran- 
ging in wavelength from infrared ( ~ 1 0 pm) to 
the short visible (^4^m), can be used in two 
basically different ways to measure length. The 
beam can be used to sense movements occurring 
transverse to it or longitudinally with it. 

Various position-sensitive optical detectors 
have been devised to sense transverse motion. 
Their range is relatively small, being of the order 
of only millimeters. They are simple to devise and 
apply and can yield discrimination and stability 
of the order of a micrometer. 

Figure 3.15 outlines the features of the struc- 
ture of the three basic kinds that have been 
designed. Consider that of Figure 3.15(a). A 
beam having uniform radiation intensity across 
its cross-section falls upon two equal characteris- 
tic photocells. When the beam straddles the two 
cells, thereby providing equal illumination of 
each, the differentially connected output will be 
zero. At that point any common-mode noise 
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Figure 3.15 Optical position-sensitive detectors. 

(a) Split cell, (b) Lateral effect cell, (c) Photopotentiometer. 



signals will be largely cancelled out by the system. 
Such systems have good null stability. As the 
beam moves to one side of the null the differential 
output rises proportionally until all of the beam’s 
illumination falls on one cell alone. Direction of 
movement is established by the polarity of the 
output signal. Once the beam has become fully 
placed on one cell the output is saturated and 
remains at its maximum. These cells can be man- 
ufactured from one silicon slice by sawing or 
diffusing a non-conducting barrier in the top 
junction layer or can be made from separate cells 
placed side by side. Four cells, placed in two 
perpendicular directions in a plane, can be used 
to sense two axes of motion. 

Linearity of the output of these cells depends 
upon their terminating conditions. Working range 
can be seen to be equal to twice the beam width 
which should not exceed the width of the half 
detector size. Sensitivity depends upon the level 
of beam illumination so it is important to have 
constant beam intensity to obtain good results. 

In some applications the light-beam cross- 
section may vary with distance to the cell. In such 



cases the so-called Wallmark or lateral effect cell, 
Figure 3.15(b), may be more appropriate. In this 
case the two contacts are not rectifying as in the 
Figure 3.15(a) case but are, instead, ohmic. 

It has been shown that the voltage produced 
between the two ohmic contacts is related to the 
position of the centroid of the beam’s energy and 
to the intensity of the whole beam. Addition of 
the rectifying contact on the other side of the cell 
enables correction to be made for intensity 
changes, making this form of cell able to track 
the movements of a spot of radiation that 
changes both intensity and in size. Here also the 
beam must be smaller than the full working 
region of the cell surface. Detection limits are 
similar to those of the split cell form. 

This cell has enjoyed a resurgence of interest 
in its design, for the original logarithmic voltage- 
to-position characteristic can quite easily be 
arranged to be effectively linear by driving the 
cell into the appropriate impedance amplifier. It, 
too, is able to sense the motion of a beam in two 
axes simultaneously by the use of two additional 
contacts placed at right angles to those shown. 

Optical position-sensitive photocells, such as 
these, have found extensive use in conjunction 
with laser sources of radiation in order to align 
floors, ceilings, and pipes and to make precise 
mechanical measurement of geometry deviations 
in mechanical structures. 

The third form of optical position detector is 
the photopotentiometer shown in Figure 3.15(c). 
This form, although invented several years before 
microelectronic methods (it uses thick-film 
methods of manufacture), has also found new 
interest due to its printable form. The input beam 
of light falls across the junction of the conducting 
and resistive films causing, in effect, a wiper 
contact action in a Wheatstone bridge circuit. 
The contact is frictionless and virtually stepless. 
The range of these units is larger than for the 
position-sensitive photocells but they are rather 
specialized; few are offered on the market. Their 
response is somewhat slow (10 ms) compared 
with the cells detailed above (which have micro- 
second full scale times) due to the time response 
of the photoconductive materials used. The light 
beam can be arranged to move by the use of a 
moving linear shutter, a moving light source or a 
rotating mirror. 

Moire fringe position sensing methods make 
use of mechanical shuttering produced by ruled 
lines on a scale. These produce varying intensity 
signals, at a reference position location, that are 
in a fixed phase relationship; see Figure 3.16. 
These signals are interrogated to give coarse, 
whole line cycle counts with cycle division rang- 
ing from simple four-times digital division up 
to around 1 part in 100 of a cycle by the use of 




66 Measurement of length 




Source of 
radiation 
illuminating 
grating and 
i ndex 

Figure 3.16 Moir4 fringes used to measure length. 



analog subdivision methods. Moire fringe scales 
are able to provide large range (by butting sec- 
tions) and a discrimination level at the subdivi- 
sion chosen which can be as small as 1 /.im. 
Accuracy is limited by the placement of the lines 
on the scale, by the mounting of the scale, and by 
the temperature effects that alter its length. The 
method is suitable for both linear and rotary 
forms of sensing. 

Although there was much developmental activ- 
ity in moire methods in the 1 950-to-l 965 period, 
their design has stabilized now that the practical- 
ities have been realized. 

Moire methods have also found use for strain 
investigation, a subject discussed in Chapter 4. 

The easily procured coherent properties of con- 
tinuous wave laser radiation have provided a sim- 
ple, yet highly effective method for monitoring 
the diameter of small objects such as wire as it is 
being drawn. The radiation, being coherent, dif- 
fracts at the intersection with the wire producing 
a number of diffraction beams at points past the 
wire. Figure 3.17 shows the method. As the wire 
size reduces, the spots diverge, giving this method 
improved precision as the object size becomes 
smaller. 




Fi g u re 3 .1 7 Use of diffraction to gauge fine diameters. 



The position of the spots can be sensed with a 
position-sensitive photocell as described above. 
Where digital output of beam movement is 
needed it is also possible to use a linear array of 
photodetectors each operating its own level detec- 
tor or being scanned, sequentially, into a single 
output channel. Linear arrays with over 200 elem- 
ents are now commonplace. 

Optical lenses and mirrors can be used to alter 
the beam movement geometry in order to scale 
the subject’s movement amplitude to suit that of 
an optical position detector. 

3. 5. 4.2 Interferometry and transit-time methods 

Where long length (meters and above) measure- 
ments are needed it is possible to use a suitable 
beam of radiation sensed in its longitudinal direc- 
tion. Several different methods are available. 

If the beam has time-coherent properties 
(either superimposed or inherently in the carrier) 
it will then be possible to use interference methods 
to detect phase differences between a reference 
part of the beam and that sent to the subject to 
be reflected back. Laser, microwave sources, and 
coherently generated acoustic radiation each can 
be used in this interference mode. The shorter 
the wavelength of the radiation, the smaller the 
potential discrimination that can be obtained. 
Thus with optical interferometers it is practical 
to detect length differences as small as a nano- 
meter but only around a few millimeters when 
microwave radiation is used. 

Figure 3.18 shows the basic layout of the 
optical elements needed to form a laser-based 
interferometer. That shown incorporates fre- 
quency stabilization and Zeeman splitting of the 
radiation features that give the system a highly 
stable and accurate measurement capability and a 
frequency, rather than amplitude form, of output 
representing length. A commercial unit is shown 
in Figure 3.5. Corner cubes are used instead of 
the flat mirrors originally used in the classical 
Michelson interferometer. They make adjustment 
very straightforward, for the angle of the cube to 
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Figure 3.18 Basic layout of the frequency output form of 
laser length-measuring interferometer. 
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the incoming radiation is not critical. Usually one 
corner cube is held fixed to provide a reference 
arm. The other corner cube must be translated 
from a datum position to give length readings, for 
the method is inherently incremental. Allowing 
both corner cubes to move enables the system to 
be configured to also measure small angles to 
extreme precision. 

The laser interferometer is, without doubt, the 
superior length-measuring instrument for general 
purpose industrial work but its cost, line-of-sight 
beam movement restriction, incremental nature, 
and need for path condition control (for the best 
work) does eliminate it from universal use. Its 
dynamic measuring range covers from micro- 
meters to tens of meters, a range not provided 
by any other electronic length sensor. Recent 
improvements in laser system design have 
resulted in practical measurement systems even 
for industrial processes like level in tanks and 
open channels. 

Interferometry requires a reflector that gives 
adequate energy return without wavefront distor- 
tion. At optical wavelengths the reflecting surface 
must be of optical quality. Where very fine, 
micrometer discrimination is not required the 
use of microwave radiation allows interferometry 
systems that can operate directly on to the 
normal machined surface of components being 
machined. Acoustic methods can yield satisfact- 
ory results when the accuracy needed is only of 
the order of 1 part in 1000. 

Radiation methods can also make use of the 
time of flight of the radiation. For light this is 
around 300 mm in a nanosecond and for acoustic 
vibration from 300 mm to 6 m in a millisecond, 
depending upon the medium. In Ci time-of-flight ? ‘ 
methods the radiation, which can here be inco- 
herent, is modulated at a convenient frequency or 
simply pulsed. The radiation returning from the 
surface of interest is detected and the lapsed time 
to go and return is used to calculate the distance 
between the source and the target. These methods 
do not have the same discrimination potential 
that is offered by interferometry but can provide 
in certain applications (for EDM systems used 
over kilometer ranges) uncertainty of the order 
of a few parts in 10 6 . By the use of more than one 
modulation frequency it is possible to provide 
absolute ranging by this method, a feature that 
is clearly required for long distance measure- 
ments. The need for a controlled movement path 
over which the reflector must traverse the whole 
distance, as is required in incremental interfero- 
meters, is unworkable in surveying operations. 

The interference concept shown in Figure 3.18 
for one-dimensionai movement can be extended 
to three-dimensional measurement application in 
the holograph method. Holography provides a 



photographic image, in a plate known as a holo- 
gram, that captures the three-dimensional geo- 
metric detail of an object. The object of interest 
is flooded with coherent radiation, of which some 
reflects from the surfaces to be optically com- 
bined with reference radiation taken directly from 
the source. As the two are coherent radiations 
their wavefronts combine to form a flat two- 
dimensional interference pattern. The hologram 
bears little pictorial resemblance to the original 
object and has a most unexpected property. 
When the hologram is illuminated by coherent 
light the object can be seen, by looking through 
the illuminated hologram, as an apparent three- 
dimensional object. 

This basic procedure can be used in several 
forms to provide highly discriminating measure- 
ments of the shape of objects. 

A first method places a similar object to that 
for which a hologram has been made in the image 
space of that of the hologram. This, in effect, 
superimposes the standard object over the real 
object. Differences between the two can then be 
decided by eye. This is not a very precise method 
but does suit some inspection needs. 

In another method for using holography a sec- 
ond hologram is formed on the same plate as the 
first was exposed on. The combined pair is devel- 
oped as a single plate. When viewed, as explained 
above, this will reproduce an apparent object on 
which are superimposed fringes that represent 
shape differences between the two units. Each 
fringe width, as a guide, represents detailed dif- 
ferences of the order of the wavelength of the 
radiation. This form of holography is, therefore, 
a very powerful method for detecting small dif- 
ferences. It has been used, for example, to detect 
imperfections in car tires (by slightly altering the 
internal pressure) and to investigate shape 
changes in gas cylinders. It is very suitable for 
non-destructive testing but is expensive and 
somewhat slow in its use. 

Fast-moving objects can also be gauged using 
optical holography in the so-called time-lapse 
pulse holography method. Two holograms are 
exposed on top of each other on an undeveloped 
plate as mentioned above but in this situation 
they are formed by the same object which 
presents itself periodically at known times, for 
example a turbine blade rotating inside an 
aircraft engine. The laser source is pulsed as the 
object passes using synchronized electronic circuitry. 

Holography is suitable for use with any form of 
coherent radiation; optical, microwave, and 
acoustic systems have been reported. It is also 
possible to mix the radiations used at various 
stages in order to produce, and view 7 , the holo- 
gram with different absolute size scales. For 
example, a seafloor sand-profile mapping system, 
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Figure 3,1 9 Holography applied to seafloor mapping. 
Two radiations are used to convert the image size for reasons 
of convenience. 



Figure 3.19, uses an acoustic interference holo- 
gram which is then viewed by optical radiation 
for reasons of convenience. 

The most serious disadvantages of holography 
are the cost of the apparatus, slowness to produce 
an output, and difficulties in obtaining numerical 
measurements from the recorded information. 

Optical ways of measuring length are also dis- 
cussed in Chapter 12. 

3.5.5 Miscellaneous methods 

The above descriptions have shown that even for 
a few restricted classes of sensor there are many 
principles that can be used to produce transduced 
length signals. A comprehensive coverage would 
require several volumes on this parameter alone. 
This short subsection is included to emphasize the 
availability of many more methods that may be 
appropriate in given circumstances. Many of the 
unusual methods are less likely to be marketed 
for potential sales would not justify quantity 
manufacture. In applications of the aerospace 
industry, in original equipment needs of science 
and in industrial testing, in development, and in 
isolated applications they may be the most viable 
methods to adopt. It should not be construed that 
lack of commercial interest implies that a method 
is necessarily unworkable. Here are a few of these 
less commonly used methods. 



Magneto-resistive sensing elements are those in 
which their electrical resistance varies with the 
level of ambient magnetic field. These can be used 
as linear, or as proximity, sensors by moving the 
sensor relative to a field which is usually provided 
by a permanent magnet. 

Thickness of a layer being deposited in a 
deposition chamber can be measured by several 
means. One way is to monitor the mass build-up 
on a test sample placed in the chamber alongside 
that being coated. Another method is to directly 
monitor the change in optical transmission dur- 
ing deposition. 

Statistical calculation on the signal strength of 
an ionizing radiation source can be used to deter- 
mine distance from the source. 

Pressure formed, or liquid displaced, can be 
used to drive a pressure- or volume-sensitive 
device in order to measure movement of the 
driving element. This method has been used in 
the measurement of volumetric earth strain as 
it can provide very sensitive detection due to 
the cube-law relationship existing between 
volume change input and length output. 

The following chapter deals specifically with 
strain measurements. Chapter 6, on vibration, and 
Chapter 5, on level measurement, each include 
descriptions of length sensors. 

3.6 Automatic gauging systems 

Tool-room and factory gauging has its roots in 
the use of manually read measuring machines and 
tools such as those shown in Figures 3.7 and 3.8. 
These required, in their non-electronic forms, 
high levels of skill in their use and are very time- 
consuming. In general, however, they can yield 
the best results given that the best machines are 
used. 

The advent of electronic sensing of length and 
angle has gradually introduced a transformation 
in the measurement practices in the tool-room 
and on the factory floor. The cost of providing, 
using manual procedures, the very many inspec- 
tion measurements needed in many modern pro- 
duction processes has often proven to be 
uneconomic and far too slow to suit automatic 
production plants. As an example, piston manu- 
facture for a car engine can require over twenty 
length parameters to be measured for each piston 
produced on the final grinding machine. The time 
available to make the measurements is of the 
order of fractions of minutes. It has, in such 
instances, become cost-effective to design and 
install automatic measuring machines that gener- 
ate the extensive data needed. 

Automatic measuring systems are character- 
ized by their ability to deliver electronic signals 
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representing one or many length dimensions. 
In simple applications the operator places the 
component in a preset, multiprobe system. In 
a totally automated plant use is often made of 
piek-and-plaec robots to load the inspection 
machines. 

Automatic inspection systems began their 
development in the 1950s when they were 
required to complement the then emerging 
numerically controlled metal-working machine 
tools. They made use of similar measuring sen- 
sors as did the tools but differed from the metal 
working machine in several ways. 

Where inspection machines arc hand-operated 
the operator can work best when the system effect- 
ively presents no significant inertial forces to the 
input probe as it is moved. This can be achieved 
by a design that minimizes the moving masses or 
by the use of closed-loop sensor control that 
effectively reduces the sluggish feel due to the 
inertia of the moving mass present. For small-size 
systems (those around a meter in capacity) multi- 
point inspection needs can be met economically 
by the use of short-range length sensors. These 
come into contact with the surfaces to be meas- 
ured as the component is placed in the test set-up. 
Values are recorded, stored, and analyzed. The 
component may need to be rotated to give total 
coverage of the surfaces of interest. Figure 3.20 
shows such an apparatus being used to automatic- 
ally inspect several length dimensions of a gearbox 
shaft. 




Figure 3.20 Electronic gauge heads being used in 
a versatile test apparatus set up to inspect several length 
parameters of a gearbox shaft. Courtesy C. E. Johansson. 



When the size of the object to be inspected is 
large the use of multiple probes can be too expens- 
ive, and a single probe may be used to check given 
locations as a serial operation, Manual methods 
of point-to-point movement have, in some appli- 
cations, given way to automatic, surface contour- 
following probes and to the use of robot arms 
that are preprogramed to move as required; see 
Figure 3.21. 




Figure 3.21 Robot, pick-and-place arm adapted to a production-line inspection measurement task. Courtesy LK Tool 
Company and ASEA, 
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The reliability of electronics, its cost-effective- 
ness and its capability to be rapidly structured 
into circuits that can suit new data-processing, 
recording, and display situations has made trans- 
ducer measurement of length parameters a strong 
competitor for the traditional manually operated 
measuring machines. In most cases, however, the 
quality of length measurements made with auto- 
matic transducer methods still rests largely upon 
the mechanical structures of the sensing systems 
and upon the user’s appreciation of the effects of 
temperature, operation of transducer, and present- 
ation to the subject, all of which can generate 
sources of error. 
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4.1 Strain 

A particular case of length measurement is the 
determination of strains, i.e., the small changes 
in the dimensions of solid bodies as they are 
subjected to forces. The emphasis on such mea- 
surements comes from the importance of know- 
ing whether a structure is strong enough for its 
purpose or whether it may fail in use. 

The interrelation between stress (the force per 
unit area) and strain (the fractional change in 
dimension) is a complex one. involving in general 
three dimensions, particularly if the material con- 
cerned is not isotropic, i.e., does not have the same 
properties in all directions. A simple stress/strain 
concept is of a uniform bar stretched lengthwise, 
for which Young's modulus of elasticity is defined 
as the ratio stress:strain, i.e., the force per unit of 
cross-sectional area divided by the fractional change 
in length 




The longitudinal extension is accompanied by 
a transverse contraction. The ratio of the two 
fractions (transverse contraction)/(longitudinal 
extension) is called Poisson’s ratio, denoted by 
fx, and is commonly about 0.3. While we have 
talked of increases in length, called positive 
strain, similar behavior occurs in compression, 
which is accompanied by a transverse expansion. 

Another concept is that of shear. Consider the 
block PQRS largely constrained in a holder, Fig- 
ure 4.1. If this is subjected to a force F as shown, 
it will distort, PQ moving to P'Q'. The “shear 
strain” is the ratio PP7PT, i.e., the angle PTP' or 
A 0 (which equals angle QUQ') and the modulus 
of rigidity is defined as (shear stress)/(shear strain) 
or 




Figure 4.1 Shearstrain. 
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C = - -T- AO 
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when A is the area PQ x depth of block. In prac- 
tical situations, shear strain is often accompanied 
by bending, the magnitude of which is governed 
by Young’s modulus. 

There is some general concern with stress and 
strain at all points in a solid body, but there is a 
particular interest in measuring strains on sur- 
faces. It is only there that conventional strain 
gauges can readily be used and wide experience 
has been built up in interpreting results gained 
with them. At a surface, the strain normal to it 
can be calculated because the stress is zero (apart 
from the exceptional case of a high fluid pressure 
being applied), but we still do not usually know 
the direction or magnitude of strains in the plane 
of the surface so that for a complete analysis three 
strains must be measured in different directions. 

The measurement of strain is also discussed in 
Chapter 12. 

4.2 Bonded resistance strain 
gauges 

In the early 1940s, the bonded resistance strain 
gauge was introduced and it has dominated the 
field of strain measurement ever since. Its princi- 
ple can be seen from Figure 4.2. A resistor R is 
bonded to an insulator I, which in turn is fixed to 
the substrate S whose strain is to be measured. 
(The word “substrate” is not used universally with 
this meaning; it is adopted here for its conveni- 
ence and brevity.) When S is strained, the change 
in length is communicated to R if the bonding is 
adequate; it can be shown that the strain will be 
transmitted accurately even through a mechanic- 
ally compliant insulator provided there is suffi- 
cient overlap, i.e., if I is larger than R by several 
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Figure 4.2 Principle of resistance strain gauge. 
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times the thickness of either of them. Strains of 
interest are commonly very small; for elastic 
behavior, where concern is usually concentrated, 
strains do not exceed about 10 -3 . Many metals 
break if they are stretched by a few percent and 
changes in length of a few parts in a million are 
sometimes of interest, but when these are used to 
produce even small changes in the resistance of R 
we can take advantage of the precision with 
which resistance can be measured in order to get 
a precise figure for strain. 

The resistance of a conductor of length /, cross- 
sectional area A and resistivity p is 




When a strain A/// is imparted, it causes a frac- 
tional change of resistance 

“ = (' l+2 , + i^')a/ 

R V 

since there will be a Poisson contraction in A and 
there may also be a change in resistivity. The ratio 
(A RIR)/( All l ) is called the gauge factor of a 
strain gauge. If there were no change in resistiv- 
ity, it would be 1 A- Ip about 1.6 for most metals, 
whereas it is found to be 2 or more, demonstrat- 
ing that the sensitivity of strain gauges is 
increased by a change in p. 

Nickel alloys are commonly used as the strain- 
sensitive conductor, notably Nichrome (nickel- 
chromium) and Constantan (copper-nickel). As 
well as paper, epoxy resins and polyamide films 
are used for the backing insulator. 

Strain gauges are available commercially as 
precision tools; units supplied in one batch have 
closely similar characteristics, notably a quoted 
gauge factor. 

4.2.1 Wire gauges 

It is easier to measure resistances accurately when 
their values are not too low and this will also help 
to avoid complications in allowing for the effect 
of lead resistances in series with the active gauge 
element. On the other hand, gauges should not be 
too big, in order to measure strain effectively "at a 
point;” this calls for dimensions of the order of a 
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Figure 4.3 Layoutof wire gauge. 



centimeter, or perhaps only a few millimeters 
where very localized strains are to be studied. 
Both considerations point to the need for very fine 
wire, and diameters of 1 5-30 micrometers are used. 
The effective length is increased by having several 
elements side by side as shown in Figure 4.3. Lar- 
ger tags are attached at the ends of the strain- 
sensitive wire for connecting leads to. 

4.2.2 Foil gauges 

An alternative to using wire is to produce the 
conductor from a foil — typically 4 micrometers 
thick — by etching. Figure 4.4 illustrates a typical 
shape. Foil gauges have the advantage that their 
flatness makes adhesion easier and improves heat 
dissipation (see below) as well as allowing a wider 
choice of shape and having the tags for the leads 
integral with the strain-sensitive conductor, and 
they are in fact more widely used now than wire 
gauges. 
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Figure 4.4 Shape of foil gauge. Courtesy, Micro- 
Measurements Division, Measurements Group Inc. 



4.2.3 Semiconductor gauges 

Another version of strain gauge employs semi- 
conductor material, commonly silicon. Because 
the resistivity is higher, the sensitive element can 
be shorter, wider, and simpler: Figure 4.5. The 
great advantage of semiconductor strain gauges is 
that their resistivity can be very sensitive to strain, 
allowing them to have gauge factors many times 
(typically 50) greater than those of simple metals, 
but they tend to have higher temperature 
sensitivity and are less linear. They can be 
made integral with structural components and 
are used in this way for pressure measurement 
(see Chapter 9). 
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Figure 4.5 Examples of semiconductor gauges. 
Courtesy, Kuiite Semiconductor Products Inc. 



4.2.4 Rosettes 

We pointed out earlier that a full analysis of 
strain involves measurements in more than one 
direction. In fact, three measurements are 
required on a surface because strain can be repre- 
sented as an ellipse, for which the magnitudes and 
directions of the axes must be established. The 
directions chosen for strain measurements are 
commonly either at 120° or at 45° and 90° to each 
other. 

If we are dealing with large structures, it may 
be expected that strain will only vary gradually 
across a surface, and three closely spaced indivi- 
dual gauges can be thought of as referring to the 
same point. When there is little room to spare, it 
is desirable to have the three gauges constructed 
integrally, which anyhow simplifies installation. 
Such a unit is called a rosette . The three units may 
be either close together in one plane or actually 
stacked on top of each other (Figure 4.6). 




Figure 4.6 Rosette of gauges. Courtesy Micro- 
Measurements Division, Measurements Group Inc. 



4.2.5 Residual stress measurement 

The state of the surface at the time when a strain 
gauge is bonded to it has, of course, to be taken 
as the strain zero relative to which subsequent 
changes are measured. The gauge essentially meas- 
ures increments of strain with increments of 
load. For many purposes of calculating stresses 
and predicting life, this is the most important thing 
to do. 

Flowever, during fabrication, and before a 
gauge can be attached, some stresses can be 
locked up in certain parts and it may be desir- 
able to know these. This cannot be done with 
any accuracy non-destructively but if we delib- 
erately remove some material the observed 
strain changes in neighboring material can tell 
us what forces were previously applied through 
the now absent material. One technique is to 
strain-gauge a small area of interest, noting the 
changes in the gauge readings as that area is 
freed by trepanning. An alternative procedure 
is to drill a simple hole inside an array of strain 
gauges that remain attached to the main surface; 
changes in the strain they show can again indi- 
cate what the residual stress was. An array for 
this purpose is shown in Figure 4.7. 




Figure 4.7 Array of gauges for measuring residual stress. 
Courtesy, Micro-Measurements Division, Measurements 
Group Inc, 



4.3 Gauge characteristics 

We have discussed the gauge factor at some 
length; that is what enables resistance to be used 
at all to measure strain. Other features of strain 
gauges are important for successful instru- 
mentation. Information about the characteristics 
of particular gauges is available from manu- 
facturers. 
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4.3.1 Range 

The materials that strain gauges are made from 
cannot be expected to stretch by more than a few 
percent at most and still retain their properties in 
linear relationships; generally non-linearity is 
introduced before permanent damage occurs. 
Metals vary in the strain range over which they 
can be used; semiconductors have an appreciably 
shorter range. Although their limited range is an 
obvious theoretical restriction on the use of strain 
gauges, they can in fact cover most of the com- 
mon field of interest for metals and other hard 
structural materials. Strain gauges are not gener- 
ally suitable for use on rubber. 

4.3.2 Cross-sensitivity 

We have so far described the action of a strain 
gauge in terms of strain in the direction of the 
length of its conductor: this is the strain it is 
intended to measure. But. as explained above, 
some strain is generally present in the substrate 
also in a direction at right angles to this, and 
gauges are liable to respond in some degree to 
this. For one thing, part of the conducting path 
may be in that direction; for another the variation 
of resistivity with strain is a complex phenom- 
enon. The cross-sensitivity of a gauge is seldom 
more than a few percent of its direct sensitivity, 
and for foil gauges can be very small, but it 
should be taken into account for the most accur- 
ate work. 



4.3.3 Temperature sensitivity 

The resistance of a strain gauge, as of most 
things, varies with temperature. The magnitude 
of the effect may be comparable with the vari- 
ations from the strain to be measured, and a lot of 
strain gauge technology has been devoted to 
ensuring that results are not falsified in this way. 

Several effects must be taken account of. Not 
only does the resistance of an unstrained con- 
ductor vary with temperature but the expansion 
coefficients of the gauge material and of the sub- 
strate it is bonded to mean that temperature 
changes cause dimensional changes apart from 
those, resulting from stress, that it is desired to 
measure. 

It is possible to eliminate these errors by com- 
pensation. Gauge resistance is commonly meas- 
ured in a bridge circuit (see below), and if one of 
the adjacent bridge arms consists of a similar 
strain gauge (called a dummy) mounted on simi- 
lar but unstressed material whose temperature 
follows that of the surface being strained, then 
thermal, but not strain effects will cancel and be 
eliminated from the output. 



Self-temperature compensated gauges are 
made in which the conductor material is heat 
treated to make its resistivity change with tem- 
perature in such a way as to balance out the 
resistance change from thermal expansion. 
Because the expansion coefficient of the substrate 
has an important effect, these gauges are specified 
for use on a particular material. The commonly 
matched materials are ferritic steel (coefficient 
11 x 1(V 6 K _I ), austenitic steel (16 x 10 -6 K -1 ) 
and aluminum (23 x 10 -6 K -1 ). 

4.3.4 Response times 

In practice, there are few fields of study where 
strain gauges do not respond quickly enough to 
follow the strain that has been imposed. An 
ultimate limit to usefulness is set by the finite 
time taken for stress waves to travel through the 
substrate, which means that different parts of a 
strain gauge could be measuring different phases 
of a high-frequency stress cycle. But with stress- 
wave velocities (in metals) of the order 5000 m/s, 
a 10 mm gauge can be thought of as giving 
a point measurement at frequencies up to 
10-20 kHz. Of course it is necessary that the 
measuring circuits used should be able to handle 
high-frequency signals. 

It must be noted that strain gauges essentially 
measure the change in strain from the moment 
when they are fixed on. They do not give absolute 
readings. 

Very slowly varying strains present particular 
measurement problems. If a strain gauge is to be 
used over periods of months or years without 
an opportunity to check back to its zero reading, 
then errors will be introduced if the zero has 
drifted. Several factors can contribute to this: 
creep in the cement or the conductor, corrosion, 
or other structural changes. Drift performance 
depends on the quality of the installation; pro- 
vided that it has been carried out to high stand- 
ards, gauges used at room temperature should 
have their zero constant to a strain of about 10“ 6 
over months. At high temperatures it is a differ- 
ent matter; gauges using ceramic bonding can be 
used with difficulty up to 500/600 C C, but high- 
temperature operation is a specialized matter. 

4.4 Installation 

Sometimes strain gauges are incorporated into 
some measuring device from the design stage. 
More often they are used for a stress survey of a 
pre-existing structure. In either case it is most 
important to pay very close attention to correct 
mounting of the gauges and other details of 
installation. The whole operation depends on a 
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small unit adhering securely to a surface, gener- 
ally of metal. Very small changes in electrical 
resistance have then to be measured, necessitating 
close control of any possible resistances that may 
be either in series or parallel to that of interest — 
i.e., from leads or leakage. 

Of course it is important to ensure that a gauge 
is mounted at the correct site — often best identi- 
fied by tape. It may be noted that gauges can be 
mounted on cylindrical surfaces with quite small 
radii, but any double curvature makes fixing very 
difficult. We have already referred to the use of 
another gauge for temperature compensation. 
The introduction of any such “dummies'’ must be 
thought out; it is possible that an active gauge can 
be used for compensation, so doubling the signal, 
if a place can be identified where the strain will 
be equal but opposite to that at the primary site, 
e.g., the opposite side of a bending beam. 

The surface where the gauge is to be fixed must 
be thoroughly cleaned — probably best by abra- 
sion followed by chemical degreasing. Cements 
commonly used are cellulose nitrate up to 
100°C, epoxy up to 200 °C, and ceramic above 
that where special techniques must be used. Gauge 
manufacturers may specify a particular cement for 
use with their product. 

After the gauge is fixed down, its leads should 
be fastened in position and connected (by solder- 
ing or spot-welding) to the gauge. It is most 
important for leads to be mounted securely to 
withstand the vibration they may be subject to; 
in practice there are more failures of leads than in 
strain gauges themselves. 

Unless the installation is in a friendly environ- 
ment, it must then be protected by covering with 
wax, rubber, or some such material. The chief 
purpose of this is to exclude moisture. Moisture 
could cause corrosion and, also serious, an elec- 
trical leakage conductance. It must be remem- 
bered that 10 s ohms introduced in parallel with 
a 350-ohm gauge appears as a 3 in a million 
reduction in the latter: such a paralleling can be 
caused between leads or by an earth leakage 
depending on the circuit configuration and gives 
a false indication of strain of 3 x 10“ 6 . 

The various stages of installation are illustrated 
in Figure 4.8. 



4.5 Circuits for strain gauges 

For measurement of its small resistance changes, 
a strain gauge is generally connected in a Wheat- 
stone bridge. This may be energized with d.c., but 
a.c. — at frequencies of the order of kilohertz — is 
commoner: a.c. has the advantage of avoiding 
errors from the thermocouple potentials that 



can arise in the leads when the junctions of dis- 
similar metals are at different temperatures. 

Gauges are often mounted some distance from 
their associated measuring equipment, and care 
must be taken that the long leads involved do 
not introduce errors. In a simple gauge configur- 
ation (Figure 4.9), the two leads will be directly in 
series with the live gauge, and any changes in 
their resistance, for instance from temperature, 
will be indistinguishable from strain. This can be 
overcome by having three leads to the gauge 
(Figure 4.10); one lead is now in series with each 
of two adjacent arms, so giving compensation 
(for equal-ratio arms) provided changes in one 
lead are reproduced in the other. The third lead, 
going to the power source, is not critical. These 
are called “quarter-bridge” arrangements. 

A “half-bridge” set-up is sometimes used (Fig- 
ure 4. 1 1). This is when two strain gauges are both 
used in the measurement as explained above. 

The third possibility is a “full-bridge” (Figure 
4.12), when all four arms consist of gauges at the 
measurement site, the four long leads being those 
connecting the power source and out-of-balance 
detector. Their resistances are not critical so it is 
not necessary even to ensure that changes are 
equal. As with most bridge circuits, the power 
source and the detector can be interchanged. We 
have called the power source “bridge voltage,” 
implying that the supply is at constant potential; 
it can alternatively come as a constant current 
and this has some advantages for linearity. 

Bridges can be balanced, to take up component 
tolerance, by fine adjustment of series or parallel 
elements in the arms. Instead, the zero can be set 
within the amplifier that commonly forms part of 
the detector. Changing a high resistance across a 
strain gauge can be used to simulate a known 
strain and so calibrate all the circuit side of the 
measuring system. It is possible to have measure- 
ments made in terms of the adjustment needed to 
re-balance a bridge after a strain has occurred but 
more often the magnitude of the out-of-balance 
signal is used as an indication. 

The larger the voltage or current applied to a 
strain gauge bridge, the higher will its sensitivity be. 
The practical limit is set by self-heating in the 
gauge. If a gauge is appreciably hotter than its 
substrate, temperature errors are introduced. Com- 
pensation from a similar effect in another gauge 
cannot be relied on because the cooling is unlikely 
to be identical in the two cases. Self-heating varies 
a lot with the details of an installation but, with 
metal substrates, can generally be ignored below 1 
milliwatt per square millimeter of gauge area. 

We have described the basic circuitry as it con- 
cerns a single strain gauge. Tests are often made 
involving large numbers of gauges. For these, 
there is available elaborate equipment that allows 
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1. Roughening of the application area 2. Cleaning of the application area 3. Positioning of the strain gauge with tape 




7. Soldering the strain gauge ribbons 8. Soldering and fixing the cables 9. Covering the measurement point 

Figure 4.8 Stages and installing gauges. Courtesy HBM. 




Figure 4.9 Simple bridge circuit (quarter- bridge). 



Strain 




Figure 4.10 Quarter-bridge circuit with three long leads. Figure 4.12 Full-bridge circuit. 
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a multiplicity of gauges to be scanned in quick suc- 
cession, or simultaneous recordings made of a num- 
ber of high-speed dynamic strain measurements. 

4.6 Vibrating wire strain gauge 

Although bonded-resistance strain gauges are the 
type that has much the widest application, one or 
two other principles are made use of in certain 
situations. One of these is that of the vibrating- 
wire strain gauge. 

If a wire is put under tension, then its natural 
frequency of vibration (in its first mode) is 

where / is its length, T its tension, and rn its mass 
per unit length. 

The fixing points of the wire can be bonded to 
material whose strain changes are to be meas- 
ured. As the latter stretches, / changes and, more 
significantly, T changes following Hooke’s law. 
Strain can then be determined by monitoring 
natural frequency, easily done if the wire is mag- 
netic and a solenoid is placed nearby to attract it. 
Wire diameter is typically 0.25 mm, operating 
frequency 1 kHz. The commonest circuit arrange- 
ment is to excite the wire with a single current 
pulse, measuring the frequency of the damped 
vibrations that ensue. A sketch of a typical device 
is given in Figure 4.13. 

With the number of items that go to make up 
a vibrating-wire gauge, it is considerably larger 
(typically 100 mm long) than a bonded-resistance 
gauge. Because of the large force needed to 
stretch it, thought must be given to the gauge’s 
mounting. 

In fact, the largest application of such gauges 
has been to the measurement o f internal strains in 
concrete, where both these factors are attended 
to. By embedding the gauge in the concrete when 
the concrete is cast, with electrical leads coming 
out to some accessible point, good bonding to the 
end-points is ensured. A large gauge-length is 
desirable in order to average the properties of 
the material, which is very inhomogeneous on a 
scale up to a few centimeters. By choosing appro- 
priate dimensions for the components of a vibrat- 




Figure 4,13 Vibrating-wire strain gauge. Courtesy, 
Strainstail Ltd. 



ing-wire strain gauge, it is possible to make its 
effective elastic modulus the same as that of the 
concrete it is embedded in; the stress distribution 
in the bulk material will not then be changed by 
the presence of the gauge. A strain range up to 0.5 
per cent can be covered. 

It has been found that vibrating-wire strain 
gauges can be very stable; the yielding that might 
be expected in the vibrating wire can be elimin- 
ated by pre-straining before assembly. With care- 
ful installation and use at room temperature, the 
drift over months can correspond to strains of 
less than 10“ 6 . 

4.7 Capacitive strain gauges 

It is possible to design a device to be fixed to a 
substrate so that when the latter is strained the 
electrical capacitance (rather than the resistance) 
of the former is changed. Figure 4.14 is a diagram 
showing the principles of such a gauge. When the 
feet are moved nearer together, the arched strips 
change curvature and the gap between the cap- 
acitor plates P changes. The greater complexity 
makes these devices several times more expensive 
than simple bonded-resistance strain gauges, and 
they are seldom used except when their unique 
characteristic of low drift at high temperature (up 
to 600 °C) is important. They are most commonly 
fixed to metal structures by spot-welding. 
Although the capacitance is only about a pico- 
farad, it can be measured accurately using appro- 
priate bridge circuits; because both plates are live 
to earth, the effects of cable capacitance can be 
largely eliminated. 




Figure 4.14 Capacitive strain gauge. Courtesy, G.V. 
Planar Ltd. 

4.8 Surveys of whole surfaces 

A strain gauge only gives information about what 
is happening in a small region. Sometimes it is 
desirable to take an overview of a large area. 

4.8.1 Brittle lacquer 

One way of surveying a large area is to use brittle 
lacquer, though the technique is much less accu- 
rate than using strain gauges and does not work 
at all unless the strains are large. It has particular 
value for deciding where to put strain gauges for 
more accurate measurements. 
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A layer of special lacquer is carefully and consist- 
ently applied to the surface to be studied. The 
lacquer is dried under controlled conditions, where- 
upon it becomes brittle and therefore cracks if and 
when the part is strained above a certain threshold. 
Moreover, the higher the surface strain, the closer 
together arc the cracks. It is best to coat a calibra- 
tion bar in the same way and at the same time as the 
test part. Bending the bar then gives a range of 
known strains along it and the crack pattern 
observed at different points on the live surface can 
be compared with that seen on the calibration bar. 

In this way, the critical points where there are 
the highest stresses on the surface of a structure 
can be quickly recognized and the strain levels 
identified within about ±25 percent (of those 
levels) over a range of strains from 0.05 per cent 
to 0.2 percent. Because the cracks form perpen- 
dicularly to the maximum principal stress, the 
technique has the considerable additional advant- 
age of showing the directions of principal stresses 
all over a structure. Figure 4.15 shows the sort of 
crack pattern that can be observed. 

4.8.2 Patterns on surfaces 

Large strains can be determined simply by 
inscribing a pattern on a surface and noting how 
it changes. Figure 4.16 shows the changes of 
shape observed in one such investigation. 

Using moire fringes can increase the sensitivity 
to smaller strains. When a fine grating is seen 



through another grating that is comparable but 
not identical, dark and brighter regions — called 
"fringes" will alternate. The dark regions corres- 
pond to where spaces in one grating block light 
that has come through gaps in the other grating; 
bright regions arise when the gaps are super- 
posed. The small difference between the gratings 
can be one of orientation, or of separation of 
their elements. For instance, if one grating has 
1000 lines per centimeter and its neighbor 1001 
lines, there will be a dark fringe every centimeter, 
with bright ones in between them. Now suppose a 
1000-line grating is etched on a surface and 
another placed just above it; a strain of 10~ 3 in 
the surface will change the former into a 1001 -line 
grating and mean that fringes (seen in this case in 
light reflected off the surface) appear every cen- 
timeter. The larger the strain, the more closely 
spaced the fringes. 

Fringes appearing parallel to the original grat- 
ing lines will be a measure of the direct strain of 
one grating relative to the other. Fringes appear- 
ing perpendicular to the original grating lines will 
indicate rotation of one grating relative to the 
other. In general the fringes will be at an angle 
to the grating lines; therefore one pair of gratings 
will give a direct strain and a shear strain compon- 
ent. Two pairs, i.c., a grid or mesh, will give two 
direct strains and the associated shear strain and 
will thus permit a complete surface strain deter- 
mination to be made, i.e., principal strains and 
principal strain directions. 
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Figure 4,16 Distortion of a pattern under large strain. 
Courtesy, South Australian Institute ofTechnology, 



4.9 Photo -elasticity 

For many years, the phenomenon of photo-elas- 
ticity has been employed in experimental studies 
of stress distribution in bodies of various shapes. 
The effect made use of is the birefringence that 
occurs in some materials and its dependence on 
stress. 

Light is in general made up of components 
polarized in different directions; if in a material 
the velocities of these components arc different, 
the material is said to be birefringent. The birefrin- 
gence is increased (often from zero in stress-free 
material) by stress, commonly being proportional 
to the difference in stress in the two directions of 
polarization. The effect was originally discovered 
in glass; synthetic materials, notably epoxy resins, 
are much more commonly used now. 

In practice, a model of the structure to be 
examined is made out of photo-clastic material. 
This is placed in a rig or poiariscope such as the 
one shown in Figure 4.17, and loaded in a way 
that corresponds to the load imposed on the ori- 
ginal. By recombining components of the light 
ray with polarizations parallel to the two princi- 
pal stresses, fringes arc produced, and their posi- 
tion and number give information about strain in 
the model. The first-order fringe occurs when 
there is a phase difference of 360 c between the 
components; the /Uh order when there is a 360 °n 
difference. 




Figure 4.17 Poiariscope in use. Courtesy, Sharpies Stress Engineers Ltd. 
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Figure 4.18 Use of a polariscope to determine principal 
stress directions. Courtesy Sharpies Stress Engineers Ltd. 



As discussed for strain gauges, both the direc- 
tion and the magnitude of the principal stresses 
come into stress analysis, and this complicates the 
situation. To find directions, a polariscope system 
as indicated in Figure 4.18 can be used; if the axes 
of polarizer and analyzer are at right angles and 
parallel to the principal stresses, there will be no 
interference, just a black spot whatever the load 
may be. So the “isoclinics” — loci of points having 
the same direction of principal stresses — can be 
established. 

For example, if a two-dimensional model of a 
loaded notched beam were examined in such a 
crossed polariscope two types of fringes would be 
observed: a black fringe, the isoclinic, joining all 
points where the principal stress directions were 
parallel to the axes of polarization, and colored 
fringes, the “isochromatics/* contours of equal 
principal stress difference. The first-order iso- 
chromatic would pass through all points of the 
model where the stress had a particular value of 
P-Q, where P and Q are the two principal stres- 
ses. Similarly the wth-order isochromatic would 
pass through all points where the stress had n 
times that value. 

By using simple tensile calibration strips it is 
possible to determine the value which corres- 



ponds to each fringe order. Since the stress nor- 
mal to the unloaded boundaries of the model is 
zero, i.e., Q = 0, it is a relatively simple matter to 
determine the stress all along the unloaded 
boundaries. Determination of the stresses in the 
interior of the model is also possible but requires 
complex stress separation. 

Normally a monochromatic light source is 
used, but white light has the advantage that the 
first-order fringe can be distinguished from 
higher orders. 

Birefringence all along the ray path through 
the model will contribute to the phase difference 
between the two optical components. The effect 
measured is therefore an integral of stress along 
that path. This means that fringe patterns in 
photo-elasticity are most easily interpreted with 
thin — or effectively two-dimensional — models. 
There is a technique for studies in three dimen- 
sions. This is to load the model in an oven at a 
temperature high enough to “anneal” out the bire- 
fringence. Subsequent slow cooling means that 
when the load is removed at room temperature 
birefringence is locked into the unloaded model, 
which can then be carefully sliced; examination of 
each slice in a polariscope will show the original 
stresses in that particular region. 
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5 Measurement of level 
and volume 

P. H. SYDENHAM and W. H. BOYES 



5.1 Introduction 

Many industrial and scientific processes require 
knowledge of the quantity of content of tanks 
and other containers. In many instances it is not 
possible, or practical, to directly view the interior. 
Parameters of interest are generally level of the 
contents, volume, or simply the presence of sub- 
stances. Sensors may be needed, Figure 5.1, to 
detect high or low' level states for alarm or control 
use, to provide proportional readout of the level 




with respect to a chosen datum, for automatic con- 
trol purposes, or for manually read records. 

Simple installations may be able to adopt inex- 
pensive manual methods such as a dipstick. 
Automatic control applications, however, will 
require control signals for operation of a process 
actuator or alarm. For these cases there are avail- 
able several options of output signal which 
include indirect electric contacts and electronic 
proportional outputs, and direct flow and pneu- 
matic valving. 





Figure 5.1 Schematic diagrams of level instrument installations, (a) High -low level detectors driving lamps and an alarm, 
(b) High -low detectors operating on inlet valve, (c) Full control of two inlet pumps using a continuous detector readout over 
full range of capacity, one or more settable high-low trigger positions, and appropriate lamps and alarms. 
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As well as the obvious liquid substances, such 
as water, oil, petroleum, and milk, level sensors 
have been successfully applied to measurement of 
solids such as flour, mineral ores, food grain, and 
even potatoes and coal. Two-phase systems arc 
also often measured, for example liquid and froth 
levels in beer making and for mineral slurries. 

Due to the extensive need for this basic process 
parameter many types of level instruments are 
available; their installation details are important. 
A useful tutorial introduction to level measure- 
ment is available in Lazenby (1980) and Norton 
(1969). O’Higgins (1966) and Miller (1975) also 
make valuable contributions. 

5.2 Practice of level 
measurement 

5.2.1 Installation 

Suppliers of level-sensing systems generally pro- 
vide good design support for installation, enabling 
the prospective user to appreciate the practical 
problems that arise and offering wide variation in 
the sensor packaging and systems arrangements. 
However, it is often difficult to select the appro- 
priate sensor for a particular system even with 
support from a supplier. If the system is other than 
a simple one, great care should be taken in product 
selection. Then, even greater care should be taken 
in the application of the sensor itself. 

Put the sensor where it will not be affected by 
the turbulence caused by the product flowing in 
and out of the vessel. Positioning in order to con- 
trol errors is also important. For example, when 
a stilling tube is placed outside the container, its 
contents may be at a different temperature from 
those in the container. The complete sensor may 
need to be fully removable without imposing the 
need to empty the container. 

It is often necessary to incorporate followers, 
such as shown in Figure 5.2, in the sensing system 
to constrain the unwanted degrees of freedom of 
such components as floats. 

Corrosion effects, caused by the contents, on 
the components of the sensing arrangements must 
also be carefully considered. High temperatures, 
corrosive materials, and abrasion in granular- 
material measurement can progressively alter the 
characteristics of the system by producing undue 
friction, changing the mass of floats, and simply 
reducing the system to an unworkable state. 

This has caused, in recent years, more reliance 
on non-contacting or noninvasive means of meas- 
uring level. When these devices are properly 
applied, they have the potential for indefinitely 
long operational life. 

The level sensor should preferably have built-in 
backlash which provides a toggle action (hyster- 



Threaded rod nut 
and washer 




Fi g u r e 5 . 2 Installation of float-type level indicator with 
guide wires on a fixed-roof tank. A. Guide wire anchor. 

Wires may be anchored to a heavy weight or the bottom 
of the tank. B. Float guide wires. C. Float having sliding 
guides which move freely on the guide wires. D. Manhole 
sufficiently large for float and anchor weight to pass through. 
E. Flexible joint. F. Pulley housings. G. Vapor seal (if required). 
FI. Float tape. I.Tape conduit. J. Sliding guides. K. Gauge head. 
L. Guide wire tension adjustment. 



esis) so that the sensing contacts for simple high- 
or low-level alarms or switch controls do not 
dither at the control point. Some systems incorpor- 
ate this in their mechanical design (an example 
being given later in Figure 5.5), others in their 
electronics. 

Nuclear level gauges must be installed in accord- 
ance with the specific regulatory guidelines of each 
country. In the United States, those guidelines are 
set by the Nuclear Regulatory Commission (NRC). 
These gauges use very small-strength sources and 
pose an absolutely minimal hazard in themselves. 
They are described in Part 3. 

If installed without due consideration, the 
installation itself may introduce a hazard due to 
the nature of the mechanical components of the 
system causing blockages in the system. 

5.2.2 Sources of error 

A first group of errors are those associated with 
problems of defining the distributed contents by 
use of a single measurement parameter made at 
one point in the extended surface of the whole. As 
a general guide, definition of the surface, which 
is used to decide the contents, can be made to 
around 0.5 mm in industrial circumstances. 
Methods that sense the surface can be in error 
due to surface tension effects that introduce hys- 
teresis. Where the quantity of a particular sub- 
stance is of concern, any build-up of sediment 
and other unwanted residues introduces error. 
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Granular materials will not generally flow to 
form a flat surface as do liquids. The angle of 
repose of the material and the form of input and 
output porting will give rise to error in volume 
calculations if the actual geometry is not allowed 
for in use of a single point sensor. 

Turbulence occurring at the sensor, caused by 
material flow in the container or by vibrations 
acting on the container, may also be a source of 
error. It is common practice to mount a mechan- 
ical level sensor in some form of integrating 
chamber that smooths out transient dynamic vari- 
ations. A common method is the use of a stilling 
pipe or well that is allowed to fill to the same level 
as the contents via small holes-see Figures 5.3 
and 5.4. The time rate responses of such still 
tubes, however, become important in fast-moving 
systems as they can introduce phase-shift and 
amplitude attenuation. 

Changes of the mass of floats, due to sediment 
build-up or corrosion, will alter the depth of 
immersion of float sensors. A systematic error 



Rodding- 

Gaugehead out points 




External still pipe with 
removable ilanges 
at each end 



Figure 5.3 Integrating chamber used to average 
transient variation. Internal still pipe. 




Figure 5.4 Integrating chamber used to average 
transient motion. External still pipe. 



also exists due to the actual depth to which the 
float sinks to provide its necessary buoyancy 
force. This varies with material density which 
often varies with temperature. 

A second class of errors arise due to tempera- 
ture and, to a lesser extent, pressure changes to 
the contents. Where the required measurement is 
a determination of the volume or mass of the con- 
tents, use is made of level as an indirect step toward 
that need. All materials change volume with chang- 
ing temperature. It may therefore be necessary to 
provide temperature measurements so that level 
outputs can be corrected. 

For some forms of level sensor external still 
tubes should be situated to retain the same tem- 
perature as that of the tank because localized 
heating, or cooling, can cause the contents of 
the still tube to have a different density from that 
existing in the tank. Methods that are based upon 
use of buoyancy chambers, which produce a meas- 
urement force rather than following the surface, 
will produce force outputs that vary with tem- 
perature due to altered buoyancy upthrust as the 
density of the fluid changes. 

Floats are generally made from waterproofed 
cork, stainless steel, copper, and plastic materials. 
The material used may need to be corrosion-resist- 
ant. Where the contents are particularly corro- 
sive, or otherwise inhospitable to the components 
of the sensing systems, it is preferable to reduce, 
to the absolute minimum, the number of sub- 
system parts that are actually immersed in the 
contents. 

Considerable use is made of magnetic coupling 
between the guided float and the follower. Figure 
5.5 shows one such arrangement. 

Nuclear level gauging offers the distinct advant- 
age (see Figure 5.6) that no part of the level- 
detecting system need be inside the container. It is 
discussed further in Part 3. 

Finally, on general choice of level-sensing sys- 
tem, Table 5.1 from Lazenby (1980) provides 
guidelines for selecting appropriate methods. 

5.3 Calibration of level- 
measuring systems 

Contents that are traded for money, such as petro- 
chemicals, foods, milk, and alcohol, must be meas- 
ured to standards set by the relevant Weights 
and Measures authority. Official approval of 
the measuring system and its procedures of use 
and calibration is required. In such cases the 
intrinsic value of the materials will decide the 
accuracy of such measurements, and this often 
means that the system and calibrations must 
comply to very strict codes and be of the highest 
accuracy possible. 
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Figure 5.5 Repulsion of like magnetic poles providing 
non-immersed sensing and toggle action to a float sensor. 
One commercial form. Courtesy, BESTALtd. 



container's dimensions after it is built. This can 
be a time-consuming task. The values can be used 
to calculate the volume corresponding to differ- 
ent levels. From this is compiled a conversion 
chart for manual use or a “look-up table" for 
computer use. 

By far the most accurate method, however, is a 
direct volumetric calibration of the container by 
which a suitable fluid (usually water) is pumped 
in and out. to provide two readings, the tank 
passing it through an accurate flow-metering sta- 
tion. Whilst this is in process level data are 
recorded, enabling the conversion factors to be 
provided for each level measurement value. These 
results will often require correction for tempera- 
ture as has been already discussed. Another volu- 
metric calibration method is to pump the liquid 
into a tanker vessel, usually a truck, which can 
then itself be weighed and the tare of the empty 
vessel subtracted, to produce an accurate measure 
of volume. 

Highly accurate level measurement requires 
continuous monitoring of the various error 
sources described earlier so that ongoing correc- 
tions can be made. A continuous maintenance 
program is needed to clean floats and electrodes 
and to remove unwanted sediment. 

In many instances the use of hand dipping is 
seen as the ongoing calibration check of the level 
measurement level. For this, rods or tapes arc 
used to observe the point where the contents wet 
the surface along the mechanical member. 
Obviously this cannot be used for dry substances; 
for those the rod or tape is lowered until the end 
rests on the surface. 

In each case it is essential to initially establish 
a permanent measurement datum, cither as the 
bottom of the tank where the rod strikes or as 
a Fiducial mark at the top. This mark needs to be 
related to the transducer system's readout and to 
the original calibration. 



The use of the indirect process of determining 
volumetric or mass contents, based upon a level 
measurement, means that a conversion coeffi- 
cient, or chart of coefficients, must be prepared 
so that the level measurements can be converted 
into the required measurement form. 

Calibration tables for a large fabricated tank 
are most easily prepared using the original 
engineering construction drawings. This, how- 
ever. is not an accurate or reliable method. This 
is especially true because of the difficulty in 
obtaining accurate “as-built" details on many 
vessels other than custom-built process reactor 
vessels. 

A more accurate, and traceable, method 
(known as “strapping") is to actually survey the 



5.4 Methods providing 
full-range level measurement 

Methods used to measure or control level in a 
container can be divided into those that measure 
a continuous range of level and those that mea- 
sure a small change or point level. These full 
range or continuous level methods have found 
wide acceptance. 

5.4.1 Sight gauges 

A simple externally mounted sight -glass can be 
used for reading the level of contents within a 
closed container, such as a steam boiler. This 
generally consists of a tube of toughened (usually 
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Sensitive scintillation 
detector plus 
electronics control 
unit mounted in 
weatherproof cast 
aluminum housing 
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Microprocessor 
controller simplifies 
installation and 
commissioning 




Figure 5.6 Nuclear gauging system needs mounting only on the outside of existing pipes or containers. Courtesy Mineral 
Control Instrumentation. 



Table 5.1 Some guidelines for selecting a suitable level sensor. Adapted from Lazenby (1980) 



Is remote eonlrol or indication desirable? 

With level indicators, is time spent in taking a reading 
important? 

Can the sensor contact the material being measured? 
Must weight be measured rather than height? 



Arc there objections to mechanical moving parts? 

Is the application in a liquid? 

Is the application for a powdered or granular material? 
Do level indicators have to be aee urate to about 2%? 



Do level indicators need to have an accuracy that is a 
lot better than 1%? 



A YES excludes mechanical float gauges, sight glasses, 
dipsticks, and other devices designed specifically for 
local control. 

A YES excludes dipsticks, sight glasses, mechanical 
float-gauges and certain balance systems. 

A NO eliminates all but ultrasonics, radiation, radar, 
and optical and load cells. 

A YES means the choice is limited to load cells: but in 
uniform-sided tanks, other devices such as capacitance 
meters can be calibrated for weight, particularly if a 
liquid is being measured. 

A YES gives one a choice of sight glasses and 
capacitance, ultrasonic, radiation, conductivity, radar, 
load-cell, optical, thermistor, and bubbler devices. 

A YES eliminates vibrators and certain paddle types, 
A YES eliminates dipsticks, sight glasses, floats, 
themistors, conductivity devices, pressure (except 
pressure switches) instruments, bubblers, displacers. 

A YES eliminates thermistors, vibrators, paddles, 
optical devices, suspended tilting switches, and 
conductivity instruments, as those types only provide 
control. AH other types can be considered, but the 
poorest accuracies probably come from float gauges 
and radiation instruments. 

A YES reduces the list to dipsticks, some of the 
displacers, and balance devices. 



borosilicate) glass connected through unions and 
valves into the tank wall. The diameter of the 
tube must be large enough not to cause “climb" 
of the contents due to capillary action. The level 
will follow that of the contents. Figure 5.7(a) 



gives the basic structure of such a device. Where 
the contents are under pressure it will be neces- 
sary to use safety devices to control pressure 
release in case of tube breakage. In addition, 
when the contents are corrosive, other methods 
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Figure 5.7 Sight-glass level indicator, (a) Basic 
schematic, (b) Sight-glass with automatic cut-off. Courtesy, 
Hopkinsons Ltd, 



c90 




Figure 5.8 Schematic of magnetic level indicator 
installation. Courtesy, Weka-Besta Ltd. 



than simple glass sight gauges should be consid- 
ered. Valves are usually incorporated to allow the 
whole fitting to be removed without having to 
depressurize the container. Figure 5.7(b) shows 
a configuration incorporating these features. 

A modern development of the above sight- 
gauge concept is the magnetic level indicator 
shown in Figure 5.8. As the float, containing a 
bar magnet, follows the liquid surface in the still 
tube the individual, magnetically actuated flaps 
rotate to expose a differently colored surface that 
is coated with luminous paint. The float is chosen 
to suit the specific gravity of the fluid. 

The magnetic action also operates individual 
switches for control and alarm purposes. Discrimin- 
ation is to around 5 mm. Magnets must not be 
operated beyond their Curie point, at which tem- 
perature they lose their desired properties. As a 
guide these systems can measure liquids under pres- 
sures up to 300 bars at temperatures up to 400 °C. 

In some circumstances it may be possible to 
view the surface of the liquid from about but 
not from the side. In this case a hook gauge, 
Figure 5.9, can be used to enable the observer to 
detect when the end of the dipstick rod just 
breaks the surface. 

5.4.2 Float-driven instruments 

The magnetic indicator described above is one of 
a class of level indicators that use a float to follow 
the liquid surface. Where a float is used to drive a 
mechanical linkage that operates a remotely 
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Figure 5.9 Hook-type level indicator 

located readout device of the linkage motion, 
there is need to ensure that the linkage geometry 
does not alter the force loading imposed on the 
float, for this will alter its immersion depth and 
introduce error. Frictional forces exerted by the 
linkage can also introduce error. 

Compensation for changes in linkage weight 
as a float moves is achieved by using such 
mechanisms as counterbalance masses and 
springs. Figure 5.10 shows the construction of a 




Figure 5.10 Spring torque motor compensated float- 
type transfer system. 1. Precision cast main housing. 2. Side 
cover. 3. Perforated steel tape type 316 stainless. 4. Molded 
thermosetting phenolic tape drum. 5. Broad Negator Motor, 
stainless steel. 6. Power drum. 7. Storage drum. 8. Precision 
made sprocket. 9. P.T. F. E. bearings. 1 0. Type 316 stainless 
steel shafts. 11. Drain plug. 12. Digital counter housing. 13. 
Reading window. 14. Stainless steel band covers adjustment 
slots. 1 5. Operation checker handle (out of view). 

16. Operation checker internal assembly. 17. Negator motor 
guide, stainless steel. 18. Counter assembly in the chamber 
beyond tank pressure and vapors. 19. Cap screws drilled for 
sealing. Courtesy Whessoe Ltd. 



sophisticated form that uses a pre-wound 
“Neg’ator” (also called “Tensator”) spring torque 
motor that has its torque characteristic tailored 
to vary as more tape is to be supported during 
windout. 

The production costs of precision mechanical 
systems can make them less attractive than elec- 
tronic equivalents but such systems do have 
the advantages that no electrical power supply 
is needed. Previously, another advantage of 
mechanical level systems was the fact that a wider 
range of plant operators easily understood them. 
This is no longer necessarily the case. It is com- 
monly now recommended that non-contacting or 
non-invasive level measurements be the measure- 
ments of First choice where possible. 

5.4.3 Capacitance probes 

The electrical capacitance C between two adja- 
cent electrically conducting surfaces of area A , 
separated by distance d , is given by 




The constant of proportionality e is the dielectric 
constant of the material between the plates. An 
electrode is suspended in the container, electrically 
insulated from it. Presence of liquid or granular 
material around the electrode alters the capacitance 
between the electrode and the walls. The capacit- 
ance is sensed by electronic circuitry. Figure 5.11 is 
a cut-away view of one form. 

The electrode is tailored to the situation; forms 
include rigid metal rods, flexible cables, and 
shielded tubes. Capacitance sensors rely on uni- 
form contact being maintained between the con- 
tents and a long thin electrode. Where they are 
used for level sensing of granular materials, such 
as wheat, the material has a tendency to pile non- 
uniformly around the electrode, producing what 
is known as “rat-holing.” Placing the electrode at 
an angle to the vertical helps reduce this as it 
alters the angle of repose of the material, helping 
it to follow the stem more consistently. As the 
method provides continuous readout of level over 
its full electrode length, circuitry can also be used 
to provide multiple on-off setpoints for alarms 
and control functions. The same principle is used 
for single point sensing, in which case a simpler 
electrode and circuitry can be used. Electrical 
potential and power are usually low enough to 
eliminate hazards. 

5.4.3. 1 Weighing of the contents 

The volume of a container’s contents can, of 
course, be inferred from weight measurements; 
these are discussed in Chapter 8. 
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Plug-in electronics are easily 
removed for maintenance 



Cable entry threaded for 
20 mm conduit entry 



Plastic cover provides additional 
protection for electronic circuits 



Large terminals facilitate 
connection of wires to controller 



Weatherproof type cable gland 
as standard 



Three-point fixing of head to boss 
enables head to be positioned with 
cable entry in most convenient 
position 



Walkerite gasket acts 
as weatherproof seal 




Screw on aluminum 
alloy cover 



Silicon rubber O-ring 
makes head waterproof 

Terminals protected by molded 
plastic spacer 



Robust sensor head made of 
die-cast aluminum alloy (cast iron 
alternative available) 



Blowout plug: Releases internal 
pressure in excess of 2 bar in the 
unlikely event of the failure of 
the pressure seals 



Clamping collar holds rod insulation 
against tapered bush 



Mild steel or stainless steel boss, 
threaded lin BSP or lin NPT. 
BS, DIN or NP flanges are 
available 



PTFE or polypropylene insulates 
and protects electrode rod 



' A wide variety of electrode types 
for most applications 



Electrode rod of mild steel 
(fully covered electrode) or 
stainless steel (part covered) 
electrode), 12mm diameter 



Figure 5.11 Cutaway view of capacitance level sensor Courtesy, Kent Industrial Measurements Ltd. 



5.4.4 Upthrust buoyancy 

A long vertical tubular float will exert an 
upward force proportional to the depth of 
immersion in the fluid. These are also some- 
times referred to as “displacers.” The float does 
not rise to follow the surface but is used instead 
to exert a force that is usually converted into a 
torque by a radius arm with a counteracting 
torque shaft. Force-balance can also be used to 
determine the upthrust force. Figure 5.12 is an 
assembly view of one design. 



Upthrust depends upon the specific gravity of 
the fluid so instruments employing it must be cali- 
brated for a stated density. Density varies with 
temperature. For the best accuracy, correction is 
needed; some reduction in the actual error magni- 
tude, however, occurs due to the float becoming a 
little larger in volume as its temperature increases. 

5.4.5 Pressure sensing 

Providing the contents behave as a liquid that 
flows to equalize pressures at a given depth (some 
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Figure 5. '12 Assembly view of Fisher torque tube unit. 
Courtesy, GEC Elliot Control Valves Ltd. 

granular materials may not fulfill this require- 
ment) then pressure acting upon a given area at 
the bottom of a tank is proportional only to the 
density of the fluid and the head of pressure. In 
most cases density can be assumed to be uniform, 
thereby allowing a pressure sensor, placed on the 
bottom, to be used as a measure of tank level. 
Pressure gauges are described in Chapter 9. 

Lying in the same class are purge methods. The 
pressure needed to discharge gas or liquid from a 
nozzle placed at the bottom of the tank depends 
upon the head of liquid above and its density. 
Bubblers, as these are called, are simple to 
arrange and give readout as a pressure-gauge 
reading that can be read directly or transduced 
into a more suitable form of signal. 

Obviously bubblers do not work in granular 
materials. The addition of small quantities of 
liquid or gas must not significantly affect the 
contents of the tank. 

5.4.6 Microwave and ultrasonic, time-transit 
methods 

A source of coherent radiation, such as ultra- 
sound or microwaves, can be used to measure 
the distance from the surface to the top of the 
tank or the depth of the contents. In essence a 
pulse of radiation is transmitted down to the sur- 
face where some proportion is bounced back by 
the reflecting interface formed at the surface. The 
same concept can be used with the weaves being 
sent upward through the material to be reflected 
downward from the surface. With relatively 
sophisticated electronic circuitry it is possible to 
measure the flight time and, given that the velo- 



city of the waves is known, the distance may then 
be calculated. 

Many variations exist upon this basic theme. 
The choice of radiation, use from above or from 
below, and of frequency depend much upon the 
material and the accuracy sought. 

Although pulses are sent, the repetition rate is 
fast enough for the output to appear continuous. 
The method can be made suitable for use in 
hazardous regions. 

5.4.7 Force or position balance 

In these methods a short-range sensor, such as a 
float resting in the surface or a surface sensor of 
an electronic nature, is used to provide automatic 
control signals that take in, or let out, cable or 
wire so that the sensor is held at the same position 
relative to the surface. Figure 5.13 gives the 
arrangement of one such system that makes use 




Figure 5.13 Schematic of self-balancing level gauge 
using RF surface sensing. Courtesy, GEC-Elliot Process 
Instruments Ltd.1. Sensing element. 2. Tape insulator. 3. Tape 
counter- weight. 4. Flexible coupling used on fixed roof only. 
5. Pulley box over tank. 6. Pulley box over tankside unit. 

7. Temperature cable junction box. 8. Temperature bulb 
mounting kit. 9. Averaging resistance thermometer bulb. 

10. Cable counter-weight. 11. Stainless steel perforated 
measuring tape. 12. Radio frequency cable. 13. 65 mm dia. 
standpipe. 14. Servo-electronic box. 15. Level indication. 

16. Tape retrieval housing. 
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of a radio-frequency surface sensor to detect the 
surface. 

Self-balancing level sensors offer extreme 
ranges, and variable forces exerted by changing 
mechanical linkage geometry are made negligible. 
Very high accuracies can be provided, the method 
being virtually an automated tape measure. 

5.5 Methods providing 
short-range detection 

In many applications there is only a need to sense 
the presence or absence of contents in order to 
operate on-off switches or alarms. In some con- 
tinuous-reading systems a short proportional 
range is needed to control the driven measuring 
member. This section addresses short-range detect- 
ors of level. 

5.5.1 Magnetic 

Movement of a permanent magnet floating in the 
surface of the liquid can be sensed by using the 
magnet to operate a switch contact set. Figure 5.5 
shows a system actuated by a rising radius arm 
and incorporating a toggle snap action. An alter- 
native arrangement uses the rising magnet to 
close a magnetic reed switch contact, as shown 
in Figure 5.14, either as a coaxial arrangement, or 
as a proximity sensor. 

5.5.2 Electrical conductivity 

Liquids such as sewage, sea water, and town 
supply water, which contain dissolved salts, have 
conductivities higher than pure water. The con- 
ductivity of most liquids is much higher than that 
of air so an electrical circuit, depending on cur- 
rent flow, can discriminate between air and liquid 
and so detect the interface. Figure 5.15 is a multi- 
ple-probe system used to distinguish the various 
layers in a pulp-froth-air system, as is found in 
mineral processing. 




Contacts c!ose 
on rising 
f'u/d levof 



(a) 





Figure 5.14 Magnetic level switch using magnetic reed 
contact set. (a) Coaxial, (b) Proximity. 
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Figure 5.15 Multiple-conductivity probe sensing pulp 
and froth layers over set increments. Courtesy, Mineral 
Control Instrumentation. 



Conductivity probes are used for digital moni- 
toring of the level of boiler water. Conductivity 
can also be used to provide continuous range 
measurement, for as the liquid rises up an elec- 
trode the resistivity between the electrode and 
a reference surface changes in a proportional 
manner. 

5.5.3 Infrared 

When fluid wets an optical surface the reflectance 
of that surface changes considerably enabling 
detection of liquid when it rises to cover the 
optical component. 

The optical arrangement that is commonly 
used is a prism, arranged as shown in Figure 
5.16. Infrared radiation is used, this being easily 
produced with light emitting diodes and readily 
detected. When the prism outer surface is wetted 
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Figure 5.16 Infrared discrete-position level sensor. Principle and physical equipment. Courtesy, ABB Instrument Group. 



the majority of the radiation passes through the 
quartz-glass prism into the liquid, dropping the 
signal level given out by the photocell. 

This method docs not require the installation 
of electrical connections into the tank and, there- 
fore, lends itself to use where intrinsically safe 
operation is needed. Typical discrimination is 
around 1 mm. 



5.5.4 Radio frequency 

This form of' surface sensor is used in the system 
shown in Figure 5.13. The tank gauge unit con- 
tains an RF (radio-frequency) oscillator tuned to 
around 160 MHz. Its signal, modulated at 50 Hz, 
is transmitted to the sensing probe located on 
the end of the cable line. The probe is a tuned 
antenna set to be resonant at the carrier fre- 
quency. When the tip is brought close to the 
liquid its resonant frequency is altered. Demodu- 
lation at the probe produces a 50 Hz signal that 
is fed back along the cable as a voltage levels 
depending upon the relationship between oscilla- 
tion frequency and the resonance of the antenna. 
This is compared with a reference voltage to pro- 
duce an error signal that is used to drive the cable 



to place the probe at the present null position 
with respect to the surface. 



5.5.5 Miscellaneous methods 

The following are some of the other principles that 
have been used to sense the presence of a liquid. 
The turning moment exerted to rotate a turning 
paddle will vary when material begins to cover the 
paddle. The resonant frequency of a vibrating tun- 
ing fork will change as it becomes immersed. The 
electrical resistance of a heated thermistor will vary 
depending upon its surroundings. 
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6.1 Introduction 

6.1.1 Physical considerations 

Vibration is the oscillatory motion of objects. 
Several different measurable parameters may be 
of interest: relative position, velocity, acceler- 
ation, jerk (the derivative of acceleration), and 
dynamic force being those most generally desired. 

For each parameter it may be the instant- 
aneous value, the average value, or some other 
descriptor that is needed. Accuracy of the order 
of 1 part in 100 is generally all that is called for. 

Vibration, in the general sense, occurs as peri- 
odic oscillation, as random motion, or as transient 
motion, the latter more normally being referred 
to as shock when the transient is large in ampli- 
tude and brief in duration. 

Vibration can occur in linear or rotational 
forms of motion, the two being termed respect- 
ively translational or torsional vibrations. In 
many ways the basic understanding of each is 
similar because a rotational system also concerns 
displacements. Translational forms are outlined 
in the following description. There will usually 
exist an equivalent rotational system for all 
arrangements described. 

In vibration measurement it is important to 
decide whether or not a physically attached 
mechanical sensor can be used, corresponding to a 
contacting or non-contacting technique. 

Adequate measurement of vibration can be a 
most complex problem. The requirement is to 
determine features of motion of a point, or an 
extended object, in space relative to a reference 
framework; see Figure 6. 1 . 

A point in space has three degrees of freedom. 
It can translate in one or more of three directions 
when referred to the Cartesian coordinate system. 
Rotation of a point has no meaning in this case. 
Thus to monitor free motion of a point object 
requires three measurement sensing channels. 

If the object of interest has significant physical 
size it must be treated as an extended object in 
which the rotations about each of the three axes, 
described above, provide a further three degrees 
of freedom. Thus to monitor the free motion of a 



realistic object may need up to six sensors, one for 
each degree of freedom. 

In practice some degrees of freedom may be 
nominally constrained (but are they really?), pos- 
sibly eliminating the need for some of the six 
sensors. Practical installation should always con- 
tain a test that evaluates the degree of actual 
constraint because sensors will often produce 
some level of output for the directions of vibra- 
tion they are not primarily measuring. This is 
called their cross-axis coupling factor, transverse 
response, or some such terminology. 

In many installations the resultant of the 
motion vector may lie in a constant fixed direc- 
tion with time. In such cases, in principle, only 
one sensor will be required provided it can be 
mounted to sense in that direction. If not, as is 
often the case, more than one unit will be 
required, the collective signals then being com- 
bined to produce the single resultant. 

The potential frequency spectrum of vibration 
parameters extends, as shown in Figure 6.2, from 
very slow motions through frequencies experi- 
enced in machine tools and similar mechanical 
structures to the supersonic megahertz fre- 
quencies of ultrasound. It is not possible to cover 
this range with general-purpose sensors. Each 







Figure 6.1 Possible motions of an extended object in 
space relative to a Cartesian framework. 
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Figure 6.2 Frequency spectrum and magnitude of vibration parameters. Courtesy, Bruel & Kjaer. 



application will need careful consideration of its 
many parameters to decide which kind of sensor 
should be applied in order to make the best meas- 
urement. 

A complicating factor in vibration measure- 
ment can be the distributed nature of mechanical 
systems. This leads to complex patterns of vibra- 
tion, demanding care in the positioning of sensors. 

Mechanical systems, including human forms, 
given as an example in Figure 6.3, comprise mass, 
spring compliance (or stiffness), and damping 
components. In the simplest case, where only 
one degree of freedom exists, linear behavior of 
this combination can be well described using lin- 
ear mathematical theory to model the time behav- 
ior as the result of force excitation or some initial 
position displacement. 

Vibration can be measured by direct compari- 
son of instantaneous dimensional parameters 
relative to some adequately fixed datum point 
in space. The fixed point can be on an “independ- 
ent” measurement framework (fixed reference 
method) or can be a part that remains stationary 
because of its high inertia (seismic system). 

In general a second-order linear system output 
response q 0 is related to an input function q\ by 
the differential equation 



d l 1 



dt 



+ a 0 q 0 = % 



(spring-mass-damper system) (input driving func- 
tion) 

For the specific mechanical system of interest 
here, given in Figure 6.4, this becomes 



md 2 xo 

~d7~ 



cdxo 

dt 



= q\ 



where m is the effective mass (which may need to 
include part of the mass of the spring element or 
be composed entirely of it), c is the viscous 
damping factor, and /c s the spring compliance 
(expressed here as length change per unit of force 
applied). 

Where the damping effect is negligible, the sys- 
tem will have a frequency at which it will natu- 
rally vibrate if excited by a pulse input. This 
natural frequency is given by 




Presence of damping will alter this value, but as 
the damping rises the system is less able to pro- 
vide continuous oscillation. 
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Figure 6.3 Mechanical systems can be modeled in terms 
of springs, masses, and dampers. This is a model of a human 
body being vibrated upward from the lower foot. Courtesy, 
Bruel & Kjaer. 

The static sensitivity is given by the spring con- 
stant, either as k s the spring compliance or as its 
reciprocal, that is, expressed as force per unit 
extension. 

The influence of damping is easily described by 
a dimensionless number, called the damping 
ratio, which is given by 

£ = — -t— 

2y/k s -m 

It is usually quoted in a form that relates its 
magnitude with respect to that at £ — 1. 



These three important parameters are features 
of the spring-mass-damper system and are inde- 
pendent of the input driving function. 

Such systems have been extensively analyzed 
when excited by the commonly met input forcing 
functions (step, impulse, ramp, sinusoid). A more 
general theory for handling any input function 
other than these is also available. In practice 
the step, impulse, and continuous sinusoidal 
responses are used in analyzes, as they are reason- 
ably easy to apply in theory and in practical use. 

As the damping factor £ increases the response 
to a transient step force input (applied to the 
mass) can vary from sinusoidal oscillation at 
one extreme (underdamped) to a very sluggish 
climb to the final value (overdamped). These 
responses are plotted in Figure 6.5. In the case 
of continuous sinusoidal force input the system 
frequency response varies as shown in Figure 6.6, 
Note the resonance build-up at u n which is 
limited by the degree of damping existing. Thus 
the damping of the system to be measured or of 
the sensor, if it is of the seismic kind, can be 
of importance as a modifier of likely system 
responses. As damping increases the system 
response takes on the form of the lower First- 
order, exponential response system and it cannot 
oscillate. 

Useful introductions to this aspect of vibrations 
are to be found in Oliver (1971), the dynamic 
behavior of systems being expounded in more 
depth in Crandall (1959), Harris and Crede 
(1961). Sydenham (1983), Trampe-Broch (1980). 
and Wallace (1970). 

The above discussion, given with respect to 
vibration of the measurand, is also the basis of 
understanding the operation of seismic vibration 
sensors, as will be seen later. 

It is a property of second-order systems, there- 
fore, to have a natural frequency of vibration. 
This is the frequency at which they vibrate when 
given impulse energy that is not overridden by 
continuous forced vibrations. Thus a sensing sys- 
tem that is second-order and not damped will 
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Figure 6.4 One-degree-of-freedom, spring, mass, and 
damper system model. 




Figure 6.5 Displacement responses of second-order 
system to input step of force. 
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Figure 6.6 Displacement responses of second-order system to continuous sinusoidal force input. The same curves relative 
displacements of a seismic mass to the acceleration of the mass. See Section 6.3.4. 



(due to noise energy inputs) produce outputs at 
its natural frequency that are not correlated with 
frequencies occurring in the system of interest. 
Use of seismic vibration sensors must, therefore, 
recognize these limitations. 

In practice it is also often more convenient to 
sense vibration by an indirect means and obtain 
the desired unit by mathematical processing. For 
example, accelerometers are conveniently used to 
obtain forces (from force = mass x acceleration) 
and hence stresses and strains. Acceleration sig- 
nals can be twice integrated with respect to time 
to yield displacement. Sensors that operate as 
velocity transducers can yield displacement by 
single integration. 

Integration is generally preferred to differentia- 
tion as the former averages random noise to a 
smaller value compared to the signal, whereas the 
latter, in reverse, can deteriorate the signal-to- 
noise ratio. Mathematical signal manipulation is 
common practice in vibration measurement as a 
means to derive other related variables. 

6.1.2 Practical problems of installation 

With vibration measurement it is all too easy to 
produce incorrect data. This section addresses 
several important installation conditions that 
should be carefully studied for each new applica- 
tion. 

6. 1.2.1 Cross-coupling 

Transducers may exhibit cross-axis coupling. 
Wise practice, where possible, includes a test that 
vibrates the sensor in a direction perpendicular to 
the direction of normal use. Rotational sensitivity 
may also be important. These tests can be 
avoided each time they are used if the sensors 
are precalibrated for this source of error and, of 



course, are still within calibration. Sensors that 
have no such parameter quoted should be 
regarded as potential sources of error until pro- 
ven otherwise. 

6. 1.2.2 Coupling compliance 

The compliance of the bond made between the 
sensor and the surface it is mounted on must be 
adequately stiff. If not, the surface and the sensor 
form a system that can vibrate in unpredictable 
ways. As an example an insufficiently stiff mount- 
ing can give results that produce much lower 
frequency components than truly exist. In 
extreme cases the sensor can be shaken free as it 
builds up the unexpectedly low resonance fre- 
quency of the joint to dangerous amplitude levels. 
As a guide the joint should be at least ten times 
stiffer than the sensor so that the resonant fre- 
quency of the joint is well above that of the 
sensor. 

6. 1.2.3 Cables and pre-amplifiers 

Certain types of sensor, notably the piezoelectric 
kind, are sensitive to spurious variation in cap- 
acitance and charge. Sources of such charges are 
the triboelectric effect of vibrating cables (special 
kinds are used, the design of which allows for 
movement of the cable), varying relative humidity 
that alters electric field leakage (this becomes 
important when designing long-term installa- 
tions), and pre-amplifier input condition vari- 
ations. 

6. 1.2.4 Influence errors 

Ideally the sensor should operate in a perfect 
environment wherein sources of external error, 
called influence parameters, do not occur. In 
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vibration sensing possible influence error sources 
include temperature variation of the sensor, pos- 
sible magnetic field fluctuations (especially at 
radio frequency), and existing background acous- 
tic noise vibrations. Each of these might induce 
erroneous signal. 

A good test for influence parameters is to fully 
connect the system, observing the output when 
the measurand of interest is known to be at zero 
level. Where practical the important error inputs 
can be systematically varied to see the sensor 
response. Many a vibration measurement has 
finally been seen to be worthless because some 
form of influence error turned out to be larger 
than the true signal from the measurand. Vibra- 
tions apparently occurring at electric mains fre- 
quency (50 or 60 Hz) and harmonics thereof are 
most suspect. Measurement of mechanical vibra- 
tion at these frequencies is particularly difficult 
because of the need to separate true signal from 
influence error noise. 



6. 1.2.5 Subject loading by the sensor 

Vibration sensors contain mass. As this mass 
is made smaller the sensitivity usually falls. 
Addition of mass to a vibrating system can load 
the mass of that system, causing shifts in fre- 
quency. For this reason manufacturers offer a 
wide range of attached type sensors. Provided 
the mass added is, say, 5 percent or less of the 
mass of interest, then the results will be reason- 
able. Cables can also reduce mechanical comp- 
liance, reducing the system amplitude. Where a 
system is particularly sensitive to loading, 
the use of non-contact, fixed-reference methods 
may be the only way to make a satisfactory mea- 
surement. 



6. 1.2.6 Time to reach equilibrium 

When damping of a structure is small, the time 
taken for a resonance to build up to its peak value 
is large. When using forced vibration to seek such 
a resonance, it is therefore important not to sweep 
the excitation input frequency too rapidly. 



6.1.3 Areas of application 

When searching for information about a measure- 
ment technique it is usually helpful to have an 
appreciation of the allied fields which use the same 
equipment. Vibration, of course, will be of interest 
in very many applications but a small number can 
be singled out as the main areas to which commer- 
cial marketing forces have been directed. 




Figure 6.7 In machine health monitoring the normal 
vibration levels of parts of the installation are recorded to 
provide a normal signature. Variations of this indicate 
changes in mechanical conditioning. Courtesy, Bruel & Kjaer. 

6. 1.3.1 Machine health monitoring 

A significant field of interest is that of machine 
health, or condition, monitoring; failures can 
often be avoided by “listening” to the sounds and 
vibrations made by the system. An example is 
shown in Figure 6.7. Vibration and other forms 
of sensor are applied to the operating system, first 
whilst running in early life, and then at periodic 
intervals during life. If the frequency/amplitude 
data (the so-called signature) has changed then this 
can provide diagnostic information suggesting 
which component is beginning to fail. It can then 
be conveniently replaced before a major, untimely 
breakdown occurs. Introduction to this aspect is to 
be found in Bently Nevada (1982) and Wells (1981). 

6.2 Amplitude calibration 

Static amplitude (displacement) is easily calibrated 
using a standardized micrometer, displacement 
sensor, or optical interferometry. Dynamic 
calibrations may be made either by comparison, 
using a technique of known accuracy and fre- 
quency response, or by using a calibrated vibration 
generator. 

6.2.1 Accelerometer calibration 

Figure 6.8 shows outlines of three methods for the 
calibration of accelerometers and other vibration- 
measuring sensors. Calibration is normally per- 
formed at 500 rad s _1 . 

Other methods that can be used are to subject the 
accelerometer to accelerations produced by the 
earth’s force. Simple pseudo-static rotation of an 
accelerometer in the vertical plane will produce 
accelerations in the 0 to ± 1 g range (g is used here 
for the earth’s acceleration). Larger values can be 
obtained by whirling the accelerometer on the 
extremity of a rotating arm of a calibrating centri- 
fuge, or it can be mounted on the end of a hanging 
pendulum. 
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Figure 6.8 Two alternatives for calibrating 
accelerometers, (a) Calibrated vibration exciter shaking 
accelerometer at calibrated levels-the reciprocity method. 

(b) Back-to-back calibration of a calibrated accelerometer 
against one to be calibrated-comparison method. 

(c) Absolute measurement using optical interferometry. 



6.2.2 Shock calibration 

Short-duration acceleration, as produced by 
impact, requires different approaches to calibra- 
tion. Accelerations can exceed 10, 000 g and last 
for only a few milliseconds. 

A commonly used method is to produce a cali- 
brated shock by allowing a steel ball to free-fall 
on to an anvil on which is mounted the sensor. 
This method provides an absolute calibration 
but, as with all of the above described methods, 
has uncertainties associated with the practical 
method. In this case one source of error is caused 
by the difficulty of releasing a ball to begin its 
downward path without imparting some velocity 
at time zero. 

6.2.3 Force calibration 

Static forces can be calibrated by applying “dead- 
weights” to the force sensor, the “weights” being 
calibrated masses. (See Chapter 7.) 

Dynamic forces arising in vibration can more 
easily be determined using the relationship 
force = mass x acceleration. A shaking table is 



used to produce known accelerations on a known 
mass. In this way the forces exerted on the accel- 
erometer can be determined along with the corres- 
ponding output voltage or current needed to 
produce transducer sensitivity constants. 

Space does not permit greater explanation but 
there are several detailed accounts of vibration 
sensor calibration available in the literalure- 
Endevco (1980), Harris and Crede (1961), Herceg 
(1972), Norton (1969), Oliver (1971), and Trampe- 
Broch (1980). National and international stand- 
ards are extensively listed in Bruel and Kiaer 
(1981). 

6.3 Sensor practice 

6.3.1 Mass-spring seismic sensors 

Whereas the fixed reference methods do have 
some relevance in the practical measurement of 
vibration the need for a convenient datum is very 
often not able to be met. In the majority of vibra- 
tion measurements use is made of the mass-spring, 
seismic sensor system. 

Given the correct spring-mass-damping com- 
bination a seismic system attached to a vibrating 
surface can yield displacement, velocity, or accelera- 
tion data. Unfortunately the conflicting needs of 
the three do not enable one single design to be used 
for all three cases. However, it is often possible to 
derive one variable from another by mathematical 
operations on the data. 

Two forms of seismic sensor exist. The first, 
called open-loop, makes use of the unmodified 
response of the mass moving relative to the case 
to operate either a displacement or a velocity 
sensing transducer. The second form closes the 
loop (and is, therefore, referred to as a closed- 
loop or servo seismic sensor) using the output 
signal to produce an internal force that retains 
the mass in the same relative position with respect 
to the case, the magnitude of the force being a 
measure of the vibration parameter. 

6.3. LI Open-loop sensors 

The fundamental arrangement of the open-loop 
seismic sensor form is as given in Figure 6.9. 
Actual construction can vary widely depending 
upon how the spring force and damping are pro- 
vided and upon the form of the sensor used. 

The spring element can be produced as a 
distinct mechanical element. Figure 6.10 is an 
example made with flexure strips; alternatively 
perforated membranes, helical coils, torsional 
strips, and the like can be used. Otherwise, the 
compliance of the mass itself may be the spring, 
for example in the piezoelectric crystal which also 
acts as the sensing element. 
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Figure 6.9 Schematic layout of open-loop, seismic- 
form, vibration sensor. 




of sensor 



Figure6.10 Diagrammatic view of a spring-mass 
seismic sensor that uses parallel flexure-strip spring 
suspension and inductive sensor of mass displacement. 
Courtesy, Schaevitz Engineering. 

Important design parameters of a spring are 
the compliance, amplitude range, fatigue life, 
constancy of rate with time, temperature, and 
other influence effects and the suitability to be 
packaged to produce a suitable sensor unit. 
Except for the highest natural frequency sensors 
the masses used can be regarded as completely 
rigid compared with the spring element. 

Rotary forms of the linear arrangement, shown 
in Figure 6.9, are also available. 

Sensing methods that have been used include 
electrical-resistance sliding potentiometer, variable 
inductance (see, for instance. Figure 6.10), variable 
reluctance, variable capacitance, electrical metallic 
strain gauges (bonded and unbonded as in Figure 
6.11) and semiconductor strain gauges, piezoelectric 
crystal and magnetostrictive elements, position- 
sensitive optical detectors, and electromagneto 
principles (that provide direct velocity sensing). 

Sensors are often encapsulated. The encapsula- 
tion takes many forms ranging from miniature 
units of total weight around 1 g through to 0.5 kg 
units where the sensing mass must be physically 
large. As simultaneous measurements in two or 
three directions are often required, seismic sensors 
are also made that consist of two or three units, 
as shown in Figure 6.12, mounted in different 
directions. 

Compensation for temperature is needed in 
many designs. This is either performed in the elec- 




Figure 6.11 Displacement sensing of mass motion in 
accelerometers can be achieved by many methods. This unit 
uses unbonded strain gauges. Courtesy, Statham 
Instruments Inc. 





(3 components) 



S = Spring M - Mass B - Base C ' Cable 
P ' Piezoelectric element R - Clamping ring 
F - Fastening surface 

Figure 6.12 Examples of single- and three-axis 
accelerometers based on the piezoelectric sensor. Courtesy, 
Bruel & Kjaer. 



ironic circuitry or by incorporating some form of 
thermomechanical device into the spring-mass- 
sensor layout. 
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6.3. 1.2 Servo accelerometers 

The performance of open-loop seismic sensors 
can be improved with respect to their sensitivity, 
accuracy, and output signal amplitude by forming 
the design into a closed-loop form. 

Figure 6.13 gives the schematic diagram of one 
kind of closed-loop system which is based upon a 
moving-coil actuator and capacitance displace- 
ment sensor. The mass upon which the acceler- 
ation is to be exerted is able to rotate on the end 
of a freely supported arm. This is attached to the 
electrical coil placed in the permanent magnetic 
field supplied by the magnet assembly. Acceler- 
ation applied to the mass attempts to rotate the 
arm causing displacement. This unbalances the 
capacitive displacement sensor monitoring the 
relative position of the mass. Displacement sig- 
nals produce an input to the difference-sensing 
amplifier. The amplifier drives a corresponding 
electric current into the coil causing the arm to 
rotate back to the null displacement position. 
Provided the loop response is rapid enough the 
mass will be retained in a nearly constant place 
relative to the displacement sensor. Acceleration 
variations are, thereby, converted to variations in 
coil current. In this way the displacement sensor 
is used in the preferred null-balance mode in 
which error of linearity and temperature shift 
are largely avoided. Only the more easily 
achieved proportionality between coil current 
and force is important. Servo instruments are 
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Figure 6.13 Basic component layout of one form of 
closed-loop accelerometer. Courtesy, Schaevitz 
Engineering, 



further described in Jones (1982). Herceg (1972), 
and Norton (1969). 



6.3.2 Displacement measurement 

Where a fixed reference method is applicable it 
is possible to employ any suitable displacement 
sensor. Spurious phase shift in the system may be 
a concern but in some applications phase is unim- 
portant. The reader is directed to Chapter 3 for 
an introduction to displacement devices. 

It is sometimes more convenient to integrate 
the signal from a velocity transducer mounted 
to make use of a fixed reference. 

Where a fixed reference method is inconvenient 
one of several forms of seismic sensor system can 
be employed as follows. 

The second-order equations of motion, given in 
Section 6.1.1 for a mass moving relative to a fixed 
reference frame (the mode for studying the move- 
ment of vibrating objects), can be reworked to 
provide response curves relating the displacement 
amplitude of the seismic mass to the amplitude of 
its case. This is the seismic sensor output. Figure 
6.14 is the family of response curves showing the 
effects of operating frequency and degree of 
damping. Given that the case is moving in sym- 
pathy with the surface of interest it can be seen, 
from the curves, that for input vibration frequen- 
cies well above the natural frequency of the seis- 
mic sensor the measured output displacements 
will be a true indication (within a percent or so) 
of the movements of the surface. This form of 
seismic displacement sensor is also often called a 
vibrometer. It is possible to lower the frequency 
of operation by using a damping factor with a 




Figure 6.14 Responses relevant to displacement and 
velocity sensing with seismic sensors. 
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nominal value of 0.5. This, however, does intro- 
duce more rapidly changing phase shift error with 
frequency which may be important. The lowest 
frequency of use above which the response 
remains virtually flat is seen to be where the var- 
ious damping factor curves approach the 
horizontal line equal to unity ratio, to within the 
allowable signal tolerance. 

Given that the chosen damping remains 
constant and that a system does follow the 
second-order response it is also possible to pro- 
vide electronic frequency compensation that can 
further lower the useful frequency of operation by 
a small amount. 

Thus to directly measure displacement ampli- 
tudes with a seismic sensor it must have a natural 
frequency set to be below the lowest frequency of 
interest in the subject’s vibration spectrum. In 
this mode the seismic mass virtually remains sta- 
tionary in space acting as a fixed reference point. 
It is also clear that the seismic sensor cannot 
measure very low frequencies for it is not possible 
to construct an economical system having a low 
enough resonant frequency. 

The curves are theoretical perfections and 
would apparently indicate that the seismic sensor, 
in this case, will have flat response out to infinite 
frequency. This is not the case in practice for as 
the frequency of vibration rises the seismic sensor 
structure begins to resonate at other frequencies 
caused by such mechanisms as the spring vibrat- 
ing in modes other than the fundamental of the 
system. 

Given that the low frequency range of accel- 
erometers can extend down to less than 1 Hz 
(see Section 6.3.4) it may often be more practical 
to twice integrate an accelerometer signal, in 
order to derive displacement amplitude, rather 
than to make use of a direct-reading displacement 
design of seismic sensor. 

Vibration measurement is also discussed in 
Chapter 12. 

6.3.3 Velocity measurement 

The prime method used to generate a direct velo- 
city signal makes use of the law of electromag- 
netic induction. This gives the electrical voltage e 
generated as N turns of an electric coil cut mag- 
netic flux cj) over time t as 



Velocity sensors are self-generating. They pro- 
duce a voltage output that is proportional to the 
velocity at which a set of turns moves through a 
constant and uniform magnetic field. 

Many forms of this kind of sensor exist. The 
commonly used, moving-coil arrangement com- 



prises a cylindrical coil vibrating inside a mag- 
netic field that is produced by a permanent 
electromagnet. A commonly seen arrangement, 
Figure 6.15(a), is that typified by the reversible- 
role moving-coil, loud-speaker movement. For 
this form the output voltage V out is given by 

V out = —Blv I0- 9 

where B is the flux density in tesla, / the effective 
length of conductor contributing in total 
flux-cutting, and v the instantaneous velocity, 
expressed in ms -1 , of the coil relative to the 
magnet. Given that the design ensures that the 
field is uniform in the path of the fixed conductor 
length the sensor can provide very linear output. 
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Figure 6.15 Forms of velocity sensor, (a) Moving coil, 
(b) Variable reluctance, (c) Moving permanent magnet. 
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The sensors were adopted in early seismology 
studies because of their inherently high output at 
relatively low velocities. The coil impedance will 
generally be low, enabling signals with good sig- 
nal-to-noise ratios to be generated along with 
reduction of error caused by variations in lead 
length and type. They are. however, large with 
resultant mass and rigidity problems. They tend 
to have relatively low resonant frequencies (tens 
of hertz), which restricts use to the lower frequen- 
cies. Output tends to be small at the higher fre- 
quencies. It will be apparent that these sensors 
cannot produce signals at zero velocity because 
no relative movement occurs to generate flux- 
cutting. 

A second variation of the self-generating velo- 
city sensor, the variable-reluctance method, uses 
a series magnetic circuit containing a permanent 
magnet to provide permanent magnetic bias. A 
part of this circuit, the armature, is made so that 
the effective air-gap is varied by the motion to be 
monitored. Around the magnetic circuit is placed 
a pick-up coil. As the armature moves the result- 
ing flux variation cuts the coil, generating a signal 
that can be tailored by appropriate design to be 
linear with vibration amplitude. This form of 
design has the advantage that the armature can 
readily be made as part of the structure to be 
monitored, as shown in Figure 6.15(b). This ver- 
sion is not particularly sensitive, for the air-gap 
must be at least as large as the vibration ampli- 
tude. As an example a unit of around 12 mm 
diameter, when used with a high magnetic per- 
meability moving disc set at 2 mm distance, will 
produce an output of around 150 m V/m s -1 . 

A third method uses a permanent magnet as 
the mass supported on springs. One example is 
shown in Figure 6.15(c). Vibration causes the 
magnet to move relatively to the fixed coil 
thereby generating a velocity signal. This form 
can produce high outputs, one make having a 
sensitivity of around 5 V/m s -1 . 

Where a fixed reference cannot be used this 
form of sensor, instead of a displacement sensor, 
can be built into the seismic sensor arrangement. 
In such cases the vibrating seismic sensor will 
then directly produce velocity signals. These will 
follow the general responses given in Figure 6.14. 
From those curves it can be seen that there is 
a reasonably flat response above the natural 
frequency which is inherently quite low. 



6,3.4 Acceleration measurement 

The fixed-reference method of measuring acceler- 
ation is rarely used, most determinations being 
made with the seismic form of sensor. For the 
seismic sensor system the mass and the spring 



compliance are fixed. Consideration of the 
F = m - a law and spring compliance shows that 
displacement of the mass relative to the sensor 
case is proportional to the acceleration of the 
case. This means that the curves, plotted in Figure 
6.6 (for sinusoidal input of force to a second-order 
system), are also applicable as output response 
curves of accelerometers using displacement sen- 
sing. In this use the vertical axis is interpreted as 
the relative displacement of the mass from the 
case for a given acceleration of the case. 

The curves show that a seismic sensor will pro- 
vide a constant sensitivity output representing 
sensor acceleration from very low frequencies to 
near the natural frequency of the spring-mass 
arrangement used. Again, the damping ratio can 
be optimized at around 0. 5-0.6 and electronic 
compensation added (if needed) to raise the upper 
limit a little further than the resonance point. 

At first sight it might, therefore, appear that a 
single, general-purpose design couid be made 
having a very high resonant frequency. This, 
however, is not the case for the deflection of the 
spring (which is a major factor deciding the sys- 
tem output sensitivity) is proportional to 1 /cc 2 . 
In practice this means that as the upper useful 
frequency limit is extended the sensor sensitivity 
falls off. Electronic amplification allows low 
signal output to be used but with additional cost 
to the total measuring system. 

At the low-frequency end of the accelerometer 
response the transducers become ineffective 
because the accelerations produce loo small a 
displacement to be observed against the back- 
ground noise level. 

6. 3. 4. 1 Typical sensors 

As a guide to the ranges of capability available, 
one major manufacturer's catalogue offers accel- 
erometers with sensitivities ranging from a small 
30 pNim%~ 2 through to 1 V/ms~ 2 with corres- 
ponding sensor weights of 3 g and 500 g and use- 
ful frequency ranges of 1-60 000 FIz and 
0.2-1 000 Hz. Sensors have been constructed for 
even higher frequencies but these must be regarded 
as special designs. A selection is shown in Figure 
6.16. 

The many constraints placed upon the various 
performance parameters of a particular seismic 
sensor can be shown on a single chart such as 
Figure 6.17, Harris and Crede (1961). 

As the accelerometer spring is often required to 
be stiff compared with that of the seismic displace- 
ment sensor it will not always need to make use of 
coiling, a device for decreasing the inherent 
spring constant of a material. Accelerometer 
springs may occur as stamped rigid plates, as fiat 
cusped spring washers, or as a sufficiently com- 
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Figure 6.16 A range of accelerometers is required to 
cover the full needs of vibration measurement. Courtesy, 
Inspek Supplies, New South Wales. 




Figure 6.17 Useful linear operating range of an 
individual seismic vibration sensor can be characterized 
with this form of chart. Courtesy, McGraw-Hill, 



pliant clamping bolt. In the case of piezosensitive 
material use is often made of the compliance of 
the material. 

6. 3.4.2 Response to eomple.x waveforms 

The response curves given relate to seismic sen- 
sors excited by sinusoidal signals. To predict the 
behavior of a certain sensor, such as an accelero- 
meter, when used to measure other continuous 
or discrete waveforms it is first necessary to break 
down the waveform into its Fourier components. 
The response, in terms of amplitude and phase, to 
each of these is then added to arrive at the result- 
ant response. It has been stated above that 
damping can be added to extend the useful band- 
width of a seismic sensor. However, where this is 
done it generally increases the phase shift vari- 
ation with frequency. A signal comprising many 
frequencies will, therefore, produce an output 




Half sine input 
pulse 



Seismometer 
output responses 
for varying degrees 
of damping 



Natural period of seismometer = duration 
of half sine pulse 

Figure 6.18 Example of response, at various damping 
factor levels, of a seismic accelerometer to a complex forcing 
input a half-sine wave of similar period to that of the natural 
resonance period of the sensor. 



that depends largely on the damping and natural 
frequency values of the sensor. A number of 
responses are plotted, such as that in Figure 
6.18, in Harris and Crcdc (1961), to which the 
reader is referred. Generally the damping value 
for best all-round results is that near the critical 
value. 



6.3. 4. 3 The piezoeleefrie sensor 

Numerous sensing methods have been devised to 
measure the motion of the mass in a seismic 
sensor. We discuss here the most commonly used 
method: others are described in Endcvco (1980). 
Harris and Credc (1961), Hcrccg (1972), Norton 
(1969), and Oliver (1971). 

Force applied to certain crystalline substances, 
such as quart/, produces between two surfaces of 
a suitably shaped crystal an electric charge that is 
proportional to the force. This charge is con- 
tained in the internal electrical capacitance 
formed by the high-dielectric material and two 
deposited conducting surfaces. The descriptive 
mathematical relation for this effect is 

q = a • F - K s 

where q is the electrical charge generated by force 
F { in newtons) applied across the faces of a piezo- 
electric device having a mechanical compliance of 
spring rate ^(mN^ 1 ) and a more complex mater- 
ial constant a (of dimensions Cm *). 
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The constant a depends on many factors 
including the geometry of the crystal, position of 
electrodes, and material used. Typical materials 
now used (natural quartz is less sensitive and, 
therefore, less applicable) include barium titanate 
with controlled impurities, lead zirconate, lead 
niobate, and many that are trade secrets. The 
material is made from loose powder that, after 
shaping, is fired at very high temperature. Whilst 
cooling, the blocks are subjected to an electric 
field that polarizes the substance. 

The sensitivity of these so-called “PZT mater- 
ials' T is temperature-dependent through the charge 
sensitivity and the capacitance value, both of 
which alter with temperature. These changes do 
not follow simple linear laws. Such materials have 
a critical temperature, called the “Curie point." 
They must never be taken above it. The Curie 
point varies from 120 °C for the simpler barium 
titanate forms ranging up to values close to 
600 °C. For the interested reader more explan- 
ation is to be found in Bruel and Kjaer (1976), 
Endevco (1980), Harris and Crede (1961), Klaasen 
(1978), and Trampe-Broch (1980), and in the 
detailed information provided by the makers of 
PZT materials. 

To read the charge of a PZT sensor an electro- 
nic amplifier that converts charge magnitude to 
a voltage equivalent is used. The nature of the 
system provides no true DC response. 

In practice the PZT sensors used to measure 
acceleration can be operated down to around 
0.1 Hz, dependent on the amplitude to be meas- 
ured. With natural resonant frequency that can be 
made relatively very high (up to 1 00, 000 Hz in some 
designs), PZT sensors provide a useful frequency 
range that can cover most vibration needs. The 
system response, however, relies not only on the 
sensor but upon the cables and the pre-amplifier 
used with the PZT unit. 

The PZT material can be used in pure compres- 
sion, shear, or bending, to produce the charge. 
Figure 6.12 gives some examples of commercially 
available PZT accelerometers. The sensor design 
is amenable to the combination of three units 
giving the three translation components of 
vibration. 



PZT material itself contributes only of the 
order of 0.03 of critical damping. If no additional 
damping is added, PZT transducers must not be 
used too close to their resonant frequency. 
Mounting arrangements within the case will also 
add some additional damping. Some designs 
make use of an additional spring element; some 
use an additional spring to precompress the PZT 
element so that it remains biased in compression 
under all working amplitudes: this makes for 
more linear operation. 

Typical sensor sensitivities range from 0.003 
pC/m s~ 2 up to lOOOpC/m s -2 , implying that the 
following pre-amplifier units will also need to vary 
considerably. 

6. 3. 4. 4 Amplifiers for piezoelectric sensors 

An amplifier for reading out the state of the PZT 
sensor is one that has very high input impedance, 
an adequate frequency response, and low output 
impedance. Adjustment of gain and filtering 
action and integration to yield velocity and dis- 
placement are usually also needed to provide easy 
use for a variety of applications. Figure 6.19 is a 
typical system incorporating most features that 
might be needed. 

The amplifier could be designed to see the sen- 
sor either as a voltage source or as a charge 
source. The latter is preferred for, using modern 
electronic-feedback operational amplifier tech- 
niques, the effect of cable, sensor, and amplifier 
capacitances can be made negligible (which, in 
the voltage-reading method, is not the case). 
Cable length is, therefore, of no consequence. 
This is justified as follows. 

Figure 6.20 is the relevant equivalent circuit for 
a PZT accelerometer that is connected to an 
operational amplifier (the pre-amplifier) via a 
cable. It includes the dominant capacitances that 
occur. 

It can be shown (see Trampe-Broch (1980) for 
example) that the use of feedback in this way and 
a very high amplifier gain A gives 

_ Sq« 
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Figure 6.19 Block diagram of vibration measuring system showing functions that maybe required. Courtesy, Bruel & Kjaer. 
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Figure 6.20 Equivalent circuit for piezoelectric sensor 
when interrogated, as a charge-generating device, by an 
operational amplifier technique. 



This shows that the user need only define the 
sensor charge sensitivity S q and the feedback 
capacitance Q in order to be able to relate output 
voltage from the preamplifier to the acceleration 
of the sensor. 



6.3.5 Measurement of shock 

Shock is a sudden short impulse of applied force 
that generates very large acceleration ( 100, 000 g 
can arise) and is not recurrent. It can be regarded 
as a once-only occurrence of a vibration wave- 
form, although sometimes it is used to describe a 
short burst of oscillation. 

Understanding the behavior of a given vibra- 
tion sensor requires Fourier analysis of its 
response to a truncated wave shape. The mathe- 
matics becomes more complex. Theoretical study 
does lead to the generalization that as the wave- 
form becomes more like a single pulse of high 
magnitude and very short duration, the frequency 
band of the sensor must be widened if the 
delivered output is to be a satisfactory replica of 
the actual input vibration parameter. Fidelity 
increases as the period of the natural frequency 
of the sensor becomes shorter than the pulse 
length. An idea of the variation of responses with 
natural frequency and damping is available in 
graphs given in Harris and Crede (1961). An 
example is that is Figure 6.18. 

The very large forces exerted oil the transducer 
require a design that recognizes the need to with- 
stand large transient forces without altering 
mechanical strains in the sensor system. 

Well designed shock sensors can accurately 
measure single half-sine-wave pulses as short as 
5/_ts. Some amount of ringing in the output is 
usually tolerated in order to provide measure- 
ment of very short duration shocks. 



6.4 Literature 

There exist many general books on the kinds of 
transducers that are in use. An IMEKO biblio- 
graphy, Sydenham (1983), is a useful entry point 
to the literature of measurement technology. 

Of the many general instrument texts that are 
available, very few actually address the subject 
of vibration as a distinct chapter. Where included, 
relevant material will be found under such headings 
as velocity and acceleration measurement, accelero- 
meters, position sensing, and piezoelectric systems. 
Texts containing a chapter-length introductory 
discussion include Herceg (1972). Norton (1969), 
and Oliver (1971). 

There are, as would be expected, some (but 
only a few) works entirely devoted to vibration 
and related measurands. The following will be of 
value to readers who require more than the 
restricted introduction that a chapter such as this 
provides: Bruel and Kjaer (1975, 1982), Endevco 
(1980), Harris and Crede (1961), Trampe-Broch 
(1980), and Wallace (1970). 

The various trade houses that manufacture 
vibration-measuring and -testing equipment also 
often provide extensive literature and other forms 
of training aids to assist the uncertain user. 



6.5 References 

Bently Nevada, Bently Book One (application notes on 
vibration and machines), Bently Nevada, Minden. 
Nev. (1982) 

Bruel & Kjaer, Vibration Testing Systems , Bruel & 
Kjaer, Naerum, Denmark (1975) 

Bruel & Kjaer, Piezoelectric Accelerometer and Vibra- 
tion Preamplifier Handbook , Bruel & Kjaer, Naerum, 
Denmark (1976) 

Bruel & Kjaer, Acoustics , Vibration & Shock, Luminance 
and Contrast, National and International Standards and 
Recommendations , Bruel & Kjaer. Naerum, Denmark 
(1981) 

Bruel & Kjaer, Measuring Vibration-an Elementary 
Introduction , Bruel & Kjaer, Naerum, Denmark (1982) 

Crandall, S. H. Random Vibration, Wiley, New York 
(1959) 

Endevco, Shock and Vibration Measurement Techno- 
logy , Endevco Dynamic Instrument Division, San 
Juan Capistrano, Calif. (1980) 

Harris, C. M. and C. E. Crede, Shock and Vibration 
Handbook Vol. I, Basic Theory and Measurements , 
McGraw-Hill, New York (1961, reprinted in 1976) 

Herceg, E. E. Handbook of Measurement and Control, 
HB-72, Schaevitz Engineering, Pennsauken, N.J. 
(1972, revised 1976) 

Jones, B. E. “Feedback in instruments and its applications” 
in Instrument Science and Technology , B. E. Jones, (ed.), 
Adam Hilger, Bristol, U.K. (1982) 

Klaasen, K. B. “Piezoelectric accelerometers” in Modern 
Electronic Measuring Systems, Regtien, P. P. L. (ed.), 
Delft University Press, Delft (1978) 




Further reading 105 



Norton. H. N. Handbook of Transducers for Electronic 
Measuring Systems, Prentice-Hall, Englewood ClifTs, 
N.J. (1969) 

Oliver, F. J. Practical Instrumentation Transducers , 
Pitman, London (1971) 

Sydenham, P. H. Handbook of Measurement Science— 
Vol. 2. Fundamentals of Practice . Wiley, Chichester, 
U.K. (1983) 

Trampe-Broch, J. Mechanical Vibration ami Shock Meas- 
urements , Bruel & Kjaer, Naerum. Denmark (1980) 

Wallace, R. H. Understanding and Measuring Vibra- 
tions , Wykeham Publications, London (1970) 



Wells, P. “Machine condition monitoring/ 1 Proceedings 
of structured course, Chisholm Institute of Techno- 
logy, Victoria. Australia (1981) 



6.6 Further reading 

Smith, J. D., Vibration Measurement and Analysis , 
Butlerworth-Heinemann, Oxford (1989) 

Wowk, V., Machinery Vibration , McGraw-Hill, 
New York (1991) 




7 Measurement of force 
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7.1 Basic concepts 

If a body is released, it will start to fall with an 
acceleration due to gravity or acceleration of free 
fall of its location. We denote by g the resultant 
acceleration due to attraction of the earth upon 
the body and the component of acceleration due 
to rotation of the earth about its axis. The value 
of g varies with location and height and this 
variation is about 0.5 per cent between the equa- 
tor and the poles. The approximate value of g is 
9.81 m/s 2 . A knowledge of the precise value of g is 
necessary to determine gravitational forces acting 
on known masses at rest, relative to the surface of 
the earth, in order to establish practical standards 
of force. Practical standards of dead-weight cali- 
bration of force-measuring systems or devices are 
based on this observation. 

It is necessary to make a clear distinction 
between the units of weight-measuring (mass- 
measuring) and force-measuring systems. The 
weight-measuring systems are calibrated in kilo- 
grams while the force-measuring systems are in 
newtons. Mass, force, and weight are defined as 
follows: 

Mass. The mass of a body is defined as the 
quantity of matter in that body and it remains 
unchanged when taken to any location. The unit 
of mass is the kilogram (kg). 

Force. Force is that which produces or tends to 
produce a change of velocity in a body at rest or 
in motion. Force has magnitude, direction, and a 
point of application. It is related to the mass of a 
body through Newton’s second law of motion 
which gives: force = mass x acceleration. 

Unit of force. In the International System of 
units, the unit of force is the newton (N) and it is 
that force which when applied to a mass of one 
kilogram, gives it an acceleration of one meter per 
second per second (m/s 2 ). 

Weight. Weight F of a body of mass m at rest 
relative to the surface of the earth is defined as the 
force exerted on it by gravity: F = mg, where g is 
the acceleration due to gravity. 

The main purpose of this chapter is to review 
the most commonly used force measurement 
methods and to discuss briefly the principles 



employed in their design, limitations, and use. It 
is not intended to give a too detailed description 
of mathematical and physical concepts, but 
enough information to allow an interested reader 
to read further. 

7.2 Force measurement 
methods 

Force measurement methods may be divided into 
two categories, direct comparison and indirect 
comparison. In a direct comparison method, an 
unknown force is directly compared with a gravi- 
tational force acting on a known mass. A simple 
analytical balance is an example of this method. 
An indirect comparison method involves the use 
of calibrated masses or transducers and a sum- 
mary of indirect comparison methods is given 
below: 

(a) Lever-balance methods. 

(b) Force-balance method. 

(c) Hydraulic pressure measurement. 

(d) Acceleration measurement. 

(e) Elastic elements. 

Note that the lever-balance methods include 
examples of both direct and indirect compari- 
sons, but to maintain continuity of information, 
they are described under one heading. 

7.3 Lever-balance methods 

7.3.1 Equal-lever balance 

A simple analytical balance is an example of an 
equal-lever balance, which consists of a “rigid” beam 
pivoted on a knife-edge, as shown in Figure 7.1. An 
unknown force F\ is compared directly with a 
known force Fi. When the beam is in equilibrium 
the sum of moments about the pivot is zero. 

F\a — F 2 a = 0 
A F x = F 2 

This type of balance is mainly used for weighing 
chemicals. It gives direct reading, and can weight 
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Figure 7.1 Equal-lever balance. 



up to about 1000 kg with high accuracy if 
required. 

7.3.2 Unequal-lever balance 

Figure 7.2 shows a typical arrangement of an 
unequal-lever balance which can be used for meas- 
uring large masses or forces. The balance is 
obtained by sliding a known mass along the lever. 
At equilibrium, we have 

F) a = Fib 
F\ = F 1 bla 
F\ oc b 

The right-hand side of the beam can therefore be 
used as a measure of force. 




Figure 7.2 Unequal-lever balance. 



This type of balance is extensively used in 
materials-testing machines and weight measure- 
ment. The balance is normally bulky and heavy, 
but can be made very accurate. 

7.3.3 Compound lever balance 

Figure 7.3 shows a compound lever balance that 
is used for measuring very large masses or forces. 
Using a number of ratio levers, the applied force 
is reduced to a level which is just sufficient to 
actuate a spring within the indicator dial head. 
The balance is calibrated in units of mass. 




7.4 Force-balance methods 

Figure 7.4 shows an electronic force-balance type 
force-measuring system. The displacement caused 
by the applied force is sensed by a displacement 
transducer. The displacement transducer output 
is fed to a servo amplifier to give an output 
current which flows through a restoring coil and 
exerts a force on the permanent magnet. This 
force adjusts itself always to balance the applied 
force. In equilibrium, the current flowing through 
the force coil is directly proportional to the 
applied force. The same current flows through 
the resistor R and the voltage drop across this 
resistor is a measure of the applied force. Being a 
feedback system, such a device must be thor- 
oughly checked for stability. 

The force-balance system gives high stability, 
high accuracy, and negligible displacement and is 



| Applied 
force 




Displacement transducer 
(capacitive or L.V.D.T.) 



Figure 7.4 Force-balance system. 
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suitable for both static and dynamic force 
measurement. The range of this type of instru- 
ment is from 0.1 N to about 1 kN. It is normally 
bulky and heavy and tends to be expensive. 

7.5 Hydraulic pressure 
measurement 

The change in pressure due to the applied force 
may be used for force measurement. Figure 7.5 
shows a general arrangement of a hydraulic load 
cell. An oil-filled chamber is connected to a pres- 
sure gauge and is sealed by a diaphragm. The 
applied force produces a pressure increase in the 
confined oil and is indicated on the pressure 
gauge calibrated to give direct reading of force. 
If an electrical output is required, an electrical 
pressure transducer may be used in place of the 
pressure gauge. 

Hydraulic load cells are stiff, with virtually no 
operational movement, and they can give local or 
remote indication. They are available in force 
ranges up to 5 MN with system accuracy of the 
order of 0.25 to 1.0 per cent. 




practice, this method may be used for measuring 
dynamic forces associated with vibrating masses, 
and is discussed further in Chapter 6. 

7.7 Elastic elements 

A measuring system basically consists of three 
elements; a transducer, a signal conditioner, and 
a display or recorder. In this section, we will 
discuss various types of transducers, based on 
small displacements of elastic elements. In gen- 
eral, a transducer is defined as a device which 
changes information from one form to another. 
For the purpose of this discussion, a force trans- 
ducer is defined as a device in which the magni- 
tude of the applied force is converted into an 
electrical output, proportional to the applied 
force. The transducers are divided into two 
classes: active and passive. A passive transducer 
requires an external excitation voltage whereas an 
active transducer does not require an electrical 
input. 

In general, a transducer consists of two parts: 
a primary elastic element which converts the 
applied force into a displacement and a secondary 
sensing element which converts the displacement 
into an electrical output. The elastic behavior of 
the elastic element is governed by Hooke’s law 
which states that the relationship between the 
applied force and the displacement is linear, pro- 
vided the elastic limit of the material is not 
exceeded. The displacement may be sensed by 
various transducing techniques; some of them 
are examined in this section. 



7.6 Acceleration measurement 



As mentioned earlier, force is a product of mass 
and acceleration. If the acceleration x of a body 
of known mass m is known, then the force Fx 
causing this acceleration can be found from the 
relationship: 

Fx — mx 

The acceleration is measured by using a cali- 
brated accelerometer as shown in Figure 7.6. In 
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Figure 7.6 



Acceleration * 






Force measurement using accelerometer. 



7.7.1 Spring balances 

The extension of a spring may be used as a meas- 
ure of the applied force, and this technique is 
employed in the design of a spring balance as 
shown in Figure 7.7. This type of balance is a 
relatively low’ cost, low accuracy device and can 
be used for static force measurement. 

7.7.2 Proving rings 

A proving ring is a high-grade steel ring-shaped 
element with integral loading bosses as shown in 
Figure 7.8. Under the action of a diametral force, 
the ring tends to distort. The amount of distor- 
tion is directly proportional to the applied force. 
For low accuracy requirements, the distortion is 
measured using a dial gauge or a micrometer 
whereas for high accuracy applications, a displace- 
ment transducer such as a linear variable differ- 
ential transformer may be used. See Chapter 3. 

Proving rings are high precision devices which 
are extensively used to calibrate materials-testing 
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Figure 7.7 Spring balance. 
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Figure 7.8 Proving ring fitted with displacement- 
sensing device. 



machines. They may be used both in tension and 
compression, with a compressive force range of 
the order of 2 kN to 2000 kN with accuracy from 
0.2 to 0.5 per cent. 

7.7,3 Piezoelectric transducers 

A typical arrangement of a piezoelectric transdu- 
cer is shown in Figure 7.9. When the transducer is 
subjected to the applied force, a proportional 
electrical charge appears on the faces of the piezo- 
electric element. The charge is also a function of 
force direction. The piezoelectric transducer dif- 
fers from a conventional (passive) transducer in 
two respects. First, it is an active system, and 
second, the deflection at rated load is no more 
than a few thousandths of a millimeter, whereas 
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Figure 7.9 Piezoelectric force transducer. 



the corresponding deflection for the conventional 
system may amount to several tenths of a milli- 
meter. 

This type of transducer has high stiffness, 
resulting in a very high resonant frequency. 
Because charge can leak away through imperfect 
insulation, it is unsuitable for measuring steady 
forces. It is mainly used in vibration studies and is 
discussed further in Chapter 6. It has small size, 
rugged construction, is sensitive to temperature 
changes, and is capable of measuring compressive 
forces from a few kilonewtons to about 1 mega- 
newton with accuracy from 0.5 to 1.5 percent. 



7.7.4 Strain-gauge load cells 

7. 7. 4. 1 Design 

Bonded strain-gauge load cells are devices produ- 
cing an electrical output which changes in magni- 
tude when a force or weight is applied, and which 
may be displayed on a readout instrument or used 
in a control device. The heart of the load cell is 
the bonded-foil strain gauge which is an extrem- 
ely sensitive device, whose electrical resistance 
changes in direct proportion to the applied force. 
See Chapter 4. 

A load cell comprises an elastic element, nor- 
mally machined from a single billet of high tensile 
steel alloy, precipitation hardening stainless steel, 
beryllium copper or other suitable material, heat- 
treated to optimize thermal and mechanical prop- 
erties. The element may take many forms, such as 
hollow or solid column, cantilever, diaphragm, 
shear member, or ring. The design of the element 
is dependent on the load range, type of loading, 
and operational requirements. The gauges are 
bonded on to the element to measure the strains 
generated and are usually connected into a four- 
arm Wheatstone bridge configuration. On larger 
elements, to get a true average of the strains, 
often 8, 16, or even 32 gauges are used. To illus- 
trate the working principle, a cantilever load cell 
is shown in Figure 7.10. Figure 7.11 shows a 
bridge circuit diagram that includes compensa- 
tion resistors for zero balance and changes of zero 
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Figure 7.11 Load cell bridge circuit with compensation 
resistors. 



and sensitivity with temperature. To achieve high 
performance and stability and to minimize glue 
line thickness, the gauges are often installed on 
flat-sided elements. 

The complete assembly is housed within a 
protective case with sealing sufficient to exclude 
the external environment, but capable of allowing 
the deformation of the element to occur when the 
force is applied. In some cases, restraining dia- 
phragms minimize the effect of side-loading. 

After assembly, the elements are subjected to a 
long series of thermal and load cycling to ensure 
that remaining “locked-up” stresses in the element 
and bonding are relieved, so that the units will 
give excellent long-term zero stability. 



Figure 7.12 shows some commercially available 
compression load cells that have been successfully 
used for monitoring the tension in the mooring 
legs of a North Sea platform. 

7J.4.2 Selection and installation 

There are five basic types of cell on the market: 
compression, tension, universal (both compres- 
sion and tension), bending, and shear. The main 
factors influencing the selection of cell type are: 

(a) The ease and convenience (and hence the 
cost) of incorporating a cell into the weigher 
structure. 

(b) Whether the required rated load and accur- 
acy can be obtained in the type of cell. 

Other considerations include low profile, 
overload capacity, resistance to side-loads, 
environmental protection and a wide operating 
temperature range. 

To retain its performance, a cell should be 
correctly installed into the weigher structure. This 
means the structure of the weigher, such as vessel, 
bin, hopper, or platform, is the governing factor in 
the arrangement of the load cells. The supporting 
structure is also to be considered since it will 
carry the full weight of the vessel and contents. 
Difficulties caused by misapplication leading to 
poor performance and unreliability fall into three 
main headings: 

(a) A non-axial load is applied. 

(b) Side-loads are affecting the weight reading. 

(c) Free-axial movement of the load is restricted. 

Figure 7.13 shows how normal, non-axial, and 
side-loading affects a column stress member. 
Under normal loading conditions (A) the active 
strain gauges go into equal compression; how- 
ever, under non-axial (B) or side-loading (C) con- 
ditions, asymmetrical compression results, 
causing readout errors. 

Examples of correct and incorrect fitments are 
shown in Figure 7.14. The support bracket D is 
cantilevered out too far and is liable to bend 
under load. The bracket is applying a load to 
the side of the vessel, which itself exaggerates 
this effect as the vessel is not strong enough to 
support it. The beam also deflects under load, 
rotating the load cell away from the vertical. 
The correct example E shows how the errors can 
be overcome. 

In weighing installations it is important that 
there is unimpeded vertical movement of the 
weigh vessel. Obviously this is not possible where 
there are pipe fittings or stay rods on the vessel, 
but the vertical stiffness must be kept within 
allowable limits. One of the most satisfactory 
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Figure 7.12 Compression load cells. 



ways of reducing the spring rates is to fit flexible 
couplings in the pipework, preferably in a hori- 
zontal mode, and after (for example) the dis- 
charge valve so that they arc not subject to 



varying stiffness due to varying pressure (see 
F and G in Figure 7.14). Where possible, entry 
pipes should be free of contact with the vessel 
(refer to H and I). 



Normal 



Non -axial 



Side-loading 




7,7.43 Applications 

Load cells have many applications including 
weight and force measurement, weigh platforms, 
process control systems, monorail weighing, belt- 
weighers, aircraft, freight and baggage weighing, 
and conversion of a mechanical scale to an elec- 
tronic scale. Over the past few years, the indus- 
trial weighing field has been dominated by load 
cells because electrical outputs are ideal for local 
and remote indication and to interface with 
microprocessors and minicomputers. 



SG^Strain gauges 




Correct Incorrect 

A C 



Figure 7.13 Effects of normal, non-axial, and side- 
loading. 



Key features of load cells are: 

(a) Load range 5N to40MN. 

(b) Accuracy 0.01 to 1.0 percent. 

(c) Rugged and compact construction. 

(d) No moving parts and negligible deflection 
under load. 

(c) I Iermetically sealed and thermal compensation. 
(0 High resistance to side-loads: withstands over- 
loads. 
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Figure 7.14 Examples of correct and incorrect fitments. 



7. 7. 4. 4 Calibration 

Calibration is a process that involves obtaining 
and recording the load cell output while a direct 
known input is applied in a well-defined environ- 
ment. The load cell output is directly compared 
against a primary or secondary standard of force. 
A primary standard of force includes dead-weight 
machines with force range up to about 500 kN; 
higher forces are achieved with machines having 
hydraulic or mechanical amplification. 

A secondary standard of force involves the use 
of high precision load cells and proving rings with 
a calibration standard directly traceable to the 
National Institute for Standards and Testing in 
Gaithersburg, Maryland, or the equivalent stand- 
ards in other countries. The choice of the standards 
to be used for a particular calibration depends 
on the range and the location of the device to 
be calibrated. 



The foregoing has indicated some force- 
measurement methods. Others are many and 
varied and no attempt has been made to cover 
all types. To simplify the selection of a method 
for a particular application, the main para- 
meters of the methods discussed are summarized 
in Table 7.1. 



7.8 Further developments 

Advancing technology, improvements in manu- 
facturing techniques, and new materials have per- 
mitted increased accuracy and improved design 
of bonded strain-gauge load cells since their 
introduction about 30 years ago. Microproces- 
sor-enabled and controlled load cells have 
become ubiquitous. 

New transducing techniques are being con- 
stantly researched; a number of them have been 
well studied or are being considered, including 
gyroscopic force transducers, fiber optics, 
microwave cavity resonator, and thin-film trans- 
ducing techniques. The thin-film techniques are 
well documented and therefore are briefly dis- 
cussed. 

Pressure transducers based on vacuum- 
deposited thin-film gauges are commercially 
available and attempts are being made to apply 
these techniques to load cells. The advantages 
of these techniques are as follows: 

(a) Very small gauge and high bridge resist- 
ance. 

(b) Intimate contact between the element and 
gauge. No hysteresis or creep of a glue line. 

(c) Wide temperature range (-200 °C to + 200°C). 

(d) Excellent long-term stability of the bridge. 

(e) Suitability for mass production. 

The techniques are capital-intensive and are 
generally suitable for low force ranges. 



Table 7.1 Summary of main parameters of force-measuring methods 



Method 


Type of loading 


Force range , N 
(approx. ) 


Accuracy % 
(approx. ) 


Size 


Lever balance 


Static 


0.001 to 150k 


Very high 


Bulky and heavy 


Force- balance 


Static/dynamic 


0.1 to 1 k 


Very high 


Bulky and heavy 


Hydraulic load cell 


Static/dynamic 


5 k to 5 M 


0.25 to 1.0 


Compact and stiff 


Spring balance 


Static 


0.1 to 10k 


Low 


Large and heavy 


Proving ring 


Static 


2 k to 2 M 


0.2 to 0.5 


Compact 


Piezoelectric transducer 


Dynamic 


5 k to 1 M 


0.5 to 1.5 


Small 


Strain-guage load cell 


Static/dynamic 


5 to 40 M 


0.01 to 1.0 


Compact and stiff 
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8 Measurement of density 



E. H. HIGHAM AND W. H. BOYES 



8.1 General 

The measurement and control of liquid density is 
critical to a large number of industrial processes. 
But although density in itself can be of interest, it 
is usually more important as a way of inferring 
composition, or concentration of chemicals in 
solution, or of solids in suspension. In addition, 
density is often used as a component in the meas- 
urement of mass flow. Because the density of 
gases is very small, the instruments for that meas- 
urement have to be very sensitive to small 
changes. They will be dealt with separately at 
the end of the chapter. 

In considering the measurement and control of 
density or relative density* of liquids, the units 
used in the two factors should be borne in mind. 
Density is defined as the mass per unit volume of 
a liquid and is expressed in such units as kg/m 3 , 
g/1 or g/ml. 

Relative density, on the other hand, is the ratio 
of the mass of a volume of liquid to the mass of 
an equal volume of water at 4°C (or some other 
specified temperature), the relative density of 
water being taken as 1.0. Both density and rela- 
tive density are temperature-dependent and, for 
high precision, the temperature at which a meas- 
urement is made will have to be known, so that 
any necessary compensation can be introduced. 

The majority of industrial liquid-density instru- 
ments are based on the measurement of weight, 
buoyancy, or hydrostatic head, but measuring 
systems based on resonant elements or radiation 
techniques are also used. In recent years, the 
increasing popularity of Coriolis force based 
mass flowmeters has led to their being one of 
the most common ways to measure density, 
derived, of course, from the mass flow value. 



*The term “specific gravity” is often used for relative 
density. However, it is not included in the SI System of 
Units and BS350 points out that it is commonly used 
when the reference substance is water. “Specific gravity” 
is far more commonly used in the United States, where 
American Standard Units prevail. 



8.2 Measurement of density 
using weight 

The actual weighing of a sample of known 
volume is perhaps the simplest practical applica- 
tion of this principle. Various methods for con- 
tinuous weighing have been devised, but the most 
successful involves the use of a horizontal U- 
shaped tube with flexible couplings at a pivot 
point. 

One example of this type of instrument is the 
Fisher-Rosemount mark V gravitrol density 
meteF shown in Figure 8. 1 . In it, the process fluid 
passes via flexible connectors into the lube loop 
which is supported towards the curved end on a 
link associated with the force-balance measuring 
system. In the pneumatic version of the instru- 
ment, the link is attached towards one end of the 
weighbeam which itself is supported on cross 
flexure pivots and carries an adjustable counter- 
balance weight on the opposite side. Also 
attached to the weighbeam is a dash-pot to 
reduce the effect of vibration induced by the flow 
of the process fluid or by the environment in 
which the instrument is located. 

In operation, the counterbalance weight is pos- 
itioned to achieve balance with the tube loop 
filled with fluid having a density within the 
desired working range, and the span adjustment 




Figure 8 .1 Gravitrol density meter. Courtesy, Fisher- 
Rosemount Inc. 



t|S T o longer available 





Measurement of density using buoyancy 115 



is set to its mid position. Balance is achieved 
when the force applied by the feedback bellows 
via the pivot and span-adjustment mechanism to 
the weighbeam causes it to take up a position in 
which the feedback loop comprising the flapper 
nozzle and pneumatic relay generates a pressure 
which is both applied to the feedback bellows and 
used as the output signal. A subsequent increase 
in the density of the process fluid causes a minute 
clockwise rotation of the weighbeam with 
the result that the flapper is brought closer to 
the nozzle and so increases the back pressure. 
This change is amplified by the relay and applied 
to the feedback bellows, which in turn applies an 
increased force via the span-adjustment system 
until balance is restored. 

An electronic force-balance system is also 
available which serves the same function as the 
pneumatic force-balance system just described. 
The basic calibration constants for each instru- 
ment are determined at the factory in terms of the 
weight equivalent to a density of 1.0 kg/dm 3 . To 
adjust the instrument for any particular applica- 
tion. the tube loop is first emptied. Then weights 
corresponding to the lower range value are added 
to the calibration scale-pan and the counter- 
balance weight is adjusted to achieve balance. 

Further weights are then added, representing 
the required span, and the setting of the span 
adjustment is varied until balance is restored. 
The two procedures are repeated until the 
required precision is achieved. The pneumatic 
output, typically 20-100 kPa, then measures the 
change in density of the flowing fluid. It can be 
adjusted to operate for spans between 0.02 and 
0.5 kg dm 3 and for fluids having densities up to 
1.6kg/dm\ The instrument is of course suitable 
for measurement on “clean” liquids as well as 
slurries or fluids with entrained solid matter. In 
the former case a minimum flow velocity of 1 . 1 m/s 
is recommended and in the latter case at least 

2.2 m/s to avoid deposition of the entrained 
solids. 

8.3 Measurement of density 
using buoyancy 

Buoyancy transmitters operate on the basis of 
Archimedes’ principle: that a body immersed in 
a liquid is buoyed upward by a force equal to the 
weight of the liquid displaced. The cross-sectional 
area of a buoyancy transmitter displacer is con- 
stant over its working length, so that the buoyant 
force is proportional to the liquid density; see 
Figure 8.2. 

With the arrangement of the force-balance 
mechanism shown in Figure 8.3, the force on 
the transmitter force bar must always be in the 




Figure 8.2 Buoyancy transducer and transmitter with 
tank. 




Figure 8.3 Buoyancy transducer and transmitter 
installation. Courtesy, Invensys Inc. 



downward direction. Thus, the displacer element 
must always be heavier than the liquid it dis- 
places. Displacers are available in a wide selection 
of lengths and diameters to satisfy a variety of 
process requirements. 

Buoyancy transmitters are available for 
mounting either on the side of a vessel or for 
top entry and can be installed on vessels with 
special linings such as glass, vessels in which a 
lower connection is not possible. They are also 
suitable for density measurements in enclosed 
vessels where either the pressure or level may 
fluctuate, and they avoid the need for equalizing 
legs or connections for secondary compensating 
instrumentation, such as repeaters. These trans- 
mitters are also suitable for applications involv- 
ing high temperatures. 

Turbulence is sometimes a problem for buoy- 
ancy transmitters. When this occurs, the most 
simple (and often the least expensive) solution is 
the installation of a stilling well or guide rings. 
Another alternative is to use a cage-mounted 
buoyancy transmitter, as shown in Figure 8.4. 
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Figure 8.4 Buoyancy transducer and transmitter with 
external cage. Courtesy, Invensys Inc. 



With this configuration, the measurement is out- 
side the vessel and therefore isolated from the 
turbulence. 




0 05 1.0 1.5 2.0 

Reiaiive densiiy span ip 2”fV 

Figure 8.6 Relative density span versus //for various 
spans. 



8.4 Measurement of density 
using hydrostatic head 

The hydrostatic-head method, which continu- 
ously measures the pressure variations by a fixed 
height of liquid, has proved to be suitable for 
many industrial processes, and continues to be a 
most commonly used method. Briefly, the prin- 
ciple, illustrated in Figure 8.5, is as follows. 

The difference in pressure between any two 
elevations (A and B) below the surface is equal 
to the difference in liquid head pressure between 
these elevations. This is true regardless of varia- 
tion in liquid level above elevation B. This differ- 
ence in elevation is represented by dimension H. 
Dimension H must be multiplied by the relative 
density of the liquid to obtain the difference in 
head. This is usually measured in terms of milli- 
meters of water. 

To measure the change in head resulting from a 
change in relative density from p\ to pi it is 
necessary only to multiply H by the difference 
between p\ and pi . Thus 




Outlet 



Figure 8.5 Density measurement- hydrostatic head. 



P = H{ P1 - Px ) 

and if both H and P are measured in millimeters 
then the change in density is 

(pi-pi) = PIH 

It is common practice to measure only the span of 
actual density changes. Therefore, the instrument 
“zero” is “suppressed” to the minimum head 
pressure to be encountered; this allows the entire 
instrument measurement span to be devoted to 
the differential caused by density changes. For 
example, if p\ is 0.6 and H is 3 meters, then the 
zero suppression value should be 1.8 meters of 
water. The two principal relationships that must 
be considered in selecting a measuring device are: 

span = H(p 2 - p\) 

zero suppression value = H ■ p\ 

For a given instrument span, a low density span 
requires a greater H dimension (a deeper tank). 
For a given density span, a low span measuring 
device permits a shallower tank. Figure 8.6 shows 
values of H plotted against gravity spans. 



8.4.1 General differential-pressure (d/p) 
transmitter methods 

There is a variety of system arrangements for 
determining density from measurements of hydro- 
static head using differential-pressure (d/p) trans- 
mitters. Although flange-mounted d/p transmitters 
are often preferred, pipe-connected transmitters 
can be used on liquids where crystallization or 
precipitation in stagnant pockets will not occur. 

These d/p transmitter methods are usually 
superior to those in which the d/p transmitter 
operates in conjunction with bubble tubes and 
can be used in either pressure or vacuum systems. 
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Figure 8.7 Density measurement with constant head. 



However, all require the dimensions of the pro- 
cess vessel to provide a sufficient change of head 
to satisfy the minimum span of the transmitter. 



8.4.2 D/p transmitter with overflow tank 

Constant-level overflow tanks permit the sim- 
plest instrumentation, as shown in Figure 8.7. 
Only one d/p transmitter is required. With H as 
the height of liquid above the transmitter, the 
equations are still: 

span = H(p 2 - p\) 

zero suppression value = H . p\ 



8.4.3 D/p transmitter with a wet leg 

Applications with level or static pressure vari- 
ations require compensation. There are three basic 
arrangements for density measurement under 
these conditions. First, when a seal fluid can be 
chosen that is always denser than the process 
fluid and will not mix with it, the method shown 
in Figure 8.8 is adequate. This method is used 
extensively on hydrocarbons with water in the 
wet leg. For a wet-leg fluid of specific gravity 
ps, an elevated zero transmitter must be used. 
The equations become: 




Figure 8.8 Density measurement with wet leg. 




Figure 8.9 Density measurement with purge liquid. 
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Figure 8.10 Purge system with gooseneck and trap. 



span = H{p 2 - p\) 

zero elevation value = H(p$ — p\) 

When there is no suitable wet-leg seal fluid, but 
the process liquid will tolerate a liquid purge, the 
method shown in Figure 8.9 can be used. To 
ensure that the process liquid does not enter the 
purged wet leg, piping to the process vessel should 
include an appropriate barrier, either goose- 
neck or trap, as shown in Figure 8.10. Elevation 
or suppression of the transmitter will depend on 
the difference in specific gravity of the seal and 
process liquids. Here, the equations are: 

span = i/(p 2 -pi) 

zero suppression value = H(p\ — ps ), 

when pi > ps 

zero elevation value ~H(ps — p\), 

when ps > Pi 

Ideally, the purge liquid has a specific gravity 
equal to pi, which eliminates the need for either 
suppression or elevation. 
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8.4.4 D/p transmitter with a pressure repeater 

Figure 8.11 shows the use of a pressure repeater 
for the upper connection. In one form, this 
instrument reproduces any pressure existing at 
the B connection from full vacuum to about 
250 Pa positive pressure. In another form this 
instrument will reproduce any pressure from 
7kPa to 700 kPa. The repeater transmits the 
total pressure at elevation B to the low-pressure 
side of the d/p transmitter. In this way, the 
pressure at elevation B is subtracted from the 
pressure at elevation A. 




Figure 8.11 Density measurement with pressure 
repeater. 



The lower transmitter, therefore, measures 
density (or H ■ p, where p is the specific gravity 
of the liquid). The equations for the lower trans- 
mitter are: 

span = /f (/?2 - Pi) 

zero suppression value = H ■ p\ 

The equation for the upper repeater is: 

output (maximum) = (^b max + P max 

where is the distance from elevation B to the 
liquid surface, and P is the static pressure on the 
tank, if any. 

Special consideration must be given when the 
repeater method is used for vacuum applications, 
where the total pressure on the repeater is less 
than atmospheric. In some instances density meas- 
urement is still possible. Vacuum application 
necessitates biasing of the repeater signal or pro- 
viding a vacuum source for the repeater relay. In 
this case, there are restrictions on allowable grav- 
ity spans and tank depths. 



8.4.5 D/p transmitter with flanged or extended 
diaphragm 

Standard flanged and extended diaphragm trans- 
mitter applications are illustrated in Figures 



Standard 
flanged 
d/p cell 
transmitter 




Inside wall 
of tank 



(a) 



Extended 
diaphragm 
d/p cell 
transmitter 




Figure 8.12 D/p cell with flanged or extended 
diaphragm. 



(b) 



8.12(a) and (b), respectively. An extended dia- 
phragm transmitter may be desirable in order to 
place the capsule flush with or inside the inner 
wall of the tank. With this instrument, pockets in 
front of the capsule where build-up may occur are 
eliminated. 

8.4.6 D/p transmitter with pressure seals 

If the process conditions are such that the process 
fluid must not be carried from the process vessel 
to the d/p transmitter then a transmitter fitted 
with pressure seals can be used as shown in Fig- 
ure 8.13. Apart from the additional cost, the 
pressure seals reduce the sensitivity of the meas- 
urement and any mismatch in the two capillary 
systems can cause further errors. However, 
the system can be used for either open or closed 
vessels. 




Figure 8.13 D/p cell with pressure seals. 
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8.4.7 D/p transmitter with bubble tubes 

This very simple system, illustrated in Figure 
8.14, involves two open-ended tubes, terminated 
with “V'* notches. These are immersed in the 
liquid with the “V” notches separated by a known 
fixed vertical distance H and purged with a low 
but steady flow of air (or inert gas) at a suitable 
pressure. 

A d/p transmitter connected between these 
tubes, with the higher-pressure side associated 
with the lower “V” notch, measures the difference 
A p in hydrostatic pressure at the two points. This 
is equal to the density x the vertical distance 
between the two “V” notches: 

density = A p/H 

Although this method is very simple and effec- 
tive, it is unsuitable for closed vessels or for 
liquids that may crystallize or involve precipita- 
tion which might block the bubble tubes and so 
give rise to erroneous results. 

8.4.8 Other process considerations 

Agitation in a process tank where density meas- 
urement is made must be sufficient to ensure 
uniformity of the liquid. But the velocity of fluid 
at the points where head pressure is measured 
must be sufficiently low to avoid a significant 
measurement error. Locations of side-mounted 
transmitters should be sufficiently high above 
the bottom of the tank to avoid errors due to 
them becoming submerged in the sediment that 
tends to collect there. 




8.5 Measurement of density 
using radiation 

Density measurements by this method are based 
on the principle that absorption of gamma radia- 
tion increases with increasing specific gravity of 
the material measured. These are discussed in 
Part 3. 

The principal instrumentation includes: a con- 
stant gamma source, a detector, and an indicating 
or recording instrument. Variations in radiation 
passing through a fixed volume of flowing pro- 
cess liquid are converted into a proportional elec- 
trical signal by the detector. 

8.6 Measurement of density 
using resonant elements 

Several density-measuring instruments are based 
on the measurement of the resonant frequency of 
an oscillating system such as a tube filled with 
the fluid under test or a cylinder completely 
immersed in the medium. Examples of each are 
described in the succeeding sections. 

8.6.1 Liquid density measurement 

The Solartron 7835 liquid density transducer is 
shown in Figure 8.15. The sensing element com- 
prises a single smooth-bore tube through which 
flows the fluid to be measured. The tube is fixed 
at each end into heavy nodal masses which are 
isolated from the outer case by bellows and liga- 
ments. Located along the tube are the electro- 
magnetic drive and pick-up coil assemblies. In 
operation, the amplifier maintains the tube oscil- 
lating at its natural frequency. 

Since the natural frequency of oscillation of the 
tube is a function of the mass per unit length, it 
must also be a function of the density of the 
flowing fluid. It also follows that the tube should 
be fabricated from material having a low and 
stable coefficient of expansion. If for reasons of 
corrosion or wear this is not possible, it is impor- 
tant that the temperature is measured and a sui- 
table correction applied to the density value 
determined from the resonant frequency. 

Typically, the tube vibrates at about 1.3 kHz 
(when filled with water) and with an amplitude of 
about 0.025 mm. Densities up to 3000 kg/m 3 can 
be measured with an accuracy of 0.2 kg/m 3 and a 
repeatability of 0.02 kg/m 3 . This contrasts with 
accuracies of only about 1 percent of span that 
can be achieved with other methods, unless 
extreme care is taken. 

The response is continuous throughout its 
operating range with no adjustments of span or 
zero. Recalibration is effected by adjustment of 
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Figure 8.15 Solartron 7835 liquid density transducer. Courtesy SolartronTransducers. 



the constants in the associated readout or signal 
conditioning circuits. The density-frequency rela- 
tion is given by 




where p is the density of the measured fluid; K () is 
constant for the transducer. 7 q is the time period 
of oscillation under vacuum conditions, and T is 
the time period of oscillation under operating 
conditions. 

It is noteworthy that, although the relation 
between density and the period of the oscillation 
strictly obeys a square law, it is linear within 
2 percent for a change in density of 20 percent. 
For narrower spans the error is proportionally 
smaller. 



8.6.2 Gas density measurements 

The relationship between temperature, pressure, 
and volume of a gas is given by 

PV = nZR () T 

where P is the absolute pressure, l 7 is the volume, 
and n is the number of moles, Z is the compres- 
sibility factor, Ro is the Universal gas constant, 
and T is the absolute temperature. Use of the mole 
in this equation eliminates the need for determin- 
ing individual gas constants, and the relationship 



between the mass of a gas tip its molecular weight 
M\\\ and number of moles is given by 

n = ml Mw 

When the compressibility factor Z is 1.0 the gas is 
called ideal or perfect. When the specific heat is 
assumed to be only temperature dependent the 
gas is referred to as ideal. If the ideal relative 
density RD of a gas is defined as the ratio of 
molecular weight of the gas to that of air, then 



whereas the real relative density is defined as the 
ratio of the density of the gas to that of air, which 
is 

RD = 

Pair 

for a particular temperature and pressure. 

The above equation can be rearranged as a 
density equation, thus 

m SGM\\ lur P 
P= ~ V = ZRnI 

Most relative density measuring instruments 
operate at pressures and temperatures close to 
ambient conditions and hence measure real rela- 
tive density rather than the ideal relative density 
which is based on molecular weights and does not 
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take into account the small effects of compressi- 
bility. Hence 

RD 

(real) V Aiir / /■/> 



where T and P arc close to ambient eonditions. 
Substituting the equation leads to P 




For most practical applications this leads to 



RD = 



(z**\ 

UJr, 



Thus, the signal from the density transducer pro- 
vides an indication of the molecular weight or 
specific gravity of the sampled gas. 

The measurement can be applied to almost any 
gas provided that it is clean, dry, and non-corro- 
sive. The accuracy is typically 0.1 percent of 
reading and the repeatability 0.02 percent. 



To measure the lower densities of gases, a more 
sensitive sensing element than that described for 
measurements on liquids is required. The Solar- 
tron 7812 gas density transducer shown in Figure 
8.16 achieves this by using a thin-walled cylinder 
resonated in the hoop or radial mode. The max- 
imum amplitude of vibration occurs at the middle 
of the cylinder with nodes at each end, and it is 
therefore clamped at one end with a free node- 
forming ring at the other end, 

The cylinder is immersed in the gas whose den- 
sity is to be measured, and it is thus not stressed 
due to the pressure of the gas. Gas in contact with 
the cylinder is brought into oscillation and effec- 
tively increases the mass of the vibrating system, 
thereby reducing its resonant frequency. 

Oscillation is maintained electromagnetically by 
positioning drive and pick-up coils inside the cylin- 
der and connecting them to a maintaining ampli- 
fier. The coils are mounted at right angles to each 
other to minimize stray coupling and phased so that 
the induced signal is proportional to the velocity, 
thereby reducing the effect of viscous damping. 
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Figure 8.16 Solartron 7812 gas density transducer. Courtesy, SolartronTransducers. 
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A low temperature coefficient is obtained by 
constructing the cylinder from material having a 
low temperature coefficient of expansion. The 
cylinder wall thickness varies from 0.05 to 
0.15 mm according to the required density range, 
the corresponding density ranges varying from 0 
to 60 kg/m 3 and 40 to 400kg/mA 
The relation between the time period of oscilla- 
tion of the transducer and gas density p is given 
by 



p = 2d 0 



( T ~ n>) 

( r o) 





where r is the measured time period of oscilla- 
tion, ro is the time period of oscillation under 
vacuum conditions, and do and K are the calibra- 
tion constants for each transducer. 

An alternative method for measuring gas den- 
sity involves a cylindrical test cell in which a 
hollow spinner is rotated at constant speed. This 
develops a differential pressure between the cen- 
ter and ends of the spinner which is directly pro- 
portional to the density of the gas and can be 
measured by any standard differential pressure 
measuring device. A calibration constant con- 
verts the differential pressure to density for the 
actual conditions of temperature and pressure in 
the cell. 

A sample flow of gas through the cell is 
induced by connecting it across a small restriction 
inserted in the main line to create an adequate 
pressure drop. The restriction could be deter- 
mined from the square root of the differential 
pressure across the orifice plate multiplied by 
the differential pressure developed in the density 
cell. However, it is important to ensure that the 
flow of the gas through the density cell is not a 
significant proportion of the total flow. It is also 
important to apply a correction if there is any 




Figure 8.17 Solartron 3096 specific gravity transducer. 
Courtesy, SolartronTransducers. 



difference between the temperature and pressure 
of the gas in the density transducer and that in the 
main stream. 

8.6.3 Relative density of gases 

The Solartron 3096 specific gravity transducer 
shown in Figure 8.17 utilizes the density sensor 
described in the previous section to measure rela- 
tive density of gases. In it, the sample of gas and 
the reference gas are stabilized at the same tem- 
perature by coils within thermal insulation. The 
reference chamber is a constant volume contain- 
ing a fixed quantity of gas; any variation in tem- 
perature is compensated by a change in pressure 
which is transmitted to the sample gas by a flex- 
ible diaphragm. Having achieved pressure and 
temperature equalization by using a reference 
gas, a direct relationship between density and 
relative density can be realized. 



8.7 Further reading 

Petroleum Measurement Manual Pan 7; Density, Wiley, 
Chichester, U.K., Section 2 (1984); Section 1 (1985) 
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9.1 What is pressure? 

When a fluid is in contact with a boundary it 
produces a force at right angles to that boundary. 
The force per unit area is called the pressure. In 
the past, the distinction between mass and force 
has been blurred because we live in an environ- 
ment in which every object is subjected to gravity 
and is accelerated towards the center of the earth 
unless restrained. As explained in Chapter 8, the 
confusion is avoided in the SI system of units 
(Systeme International d’Unites) where the unit 
of force is the newton and the unit of area is a 
square meter so that pressure, being force per unit 
area, is measured in newtons per square meter 
and the unit, known as the pascal, is independent 
of the acceleration due to gravity. 

The relation between the pascal and other 
units used for pressure measurements is shown in 
Table 9.1. 

There are three categories of pressure measure- 
ments, namely absolute pressure, gauge pressure, 
and differential pressure. The absolute pressure is 
the difference between the pressure at a particular 
point in a fluid and the absolute zero of pressure, 
i.e., a complete vacuum. A barometer is one exam- 
ple of an absolute pressure gauge because the 
height of the column of mercury measures the 
difference between the atmospheric pressure and 
the “zero” pressure of the Torricellian vacuum 
that exists above the mercury column. 

When the pressure-measuring device measures 
the difference between the unknown pressure and 
local atmospheric pressure the measurement is 
known as gauge pressure. 

When the pressure-measuring device measures 
the difference between two unknown pressures, 
neither of which is atmospheric pressure, then the 
measurement is known as the differential pressure. 

A mercury manometer is used in Figure 9.1 to 
illustrate these three measurements. 



9.2 Pressure measurement 

There are three basic methods for pressure meas- 
urement. The simplest method involves balancing 



the unknown pressure against the pressure 
produced by a column of liquid of known density. 
The second method involves allowing the 
unknown pressure to act on a known area and 
measuring the resultant force either directly or 
indirectly. The third method involves allowing 
the unknown pressure to act on an elastic mem- 
ber (of known area) and measuring the resultant 
stress or strain. Examples of these methods are 
described in the following sections. 

9.2.1 Pressure measurements by balancing 
a column of liquid of known density 

The simplest form of instrument for this type of 
measurement is the U-tube. Consider a simple U- 
tube containing a liquid of density p as shown in 
Figure 9.2. The points A and B are at the same 
horizontal level, and the liquid at C stands at a 
height h mm above B. 

Then the pressure at A 
= the pressure at B 

= atmospheric pressure + pressure due to 
column of liquid BC 
= atmospheric pressure T hp 

If the liquid is water the unit of measure is 
mmFCO, and if the liquid is mercury then the unit 
of measure is mmHg. The corresponding SI unit 
is the pascal and 

lmmH 2 0 = 9.806 65 Pa 
1 mmHg = 133.322 Pa 

For a system such as this it must be assumed that 
the density of the fluid in the left-hand leg of the 
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Figure 9.1 Comparisonof types of pressure 
measurements. 




Table 9.1 Pressure measurements 





Pascal 

Pa 


Bar 

bar 


Millibar 

mbar 


Standard 

atmosphere 

atm 


Kilogram 
force per 
square cm 
kgflcm 2 


Pound force 
per square 
inch 
Ibflin 2 


Torr 


Milli- 
meter 
of water 
mmhljO 


Milli- 
meter 
of mercury 
mmHg 


Inch of 
water 

inH ? 0 


Inch of 
mercury 

inlig 


Pa 


1 


10~ 5 


10 " 2 


9.86923 

xlO 6 


1.01972 
xlO 5 


1.45038 
x IO -4 


7.50062 

x 10 -3 


o 

* s 

O -J 

l NJ 


7.50062 

xlO- 3 


4.01463 
x 1 0 -3 


2.953 00 
x 10 -4 


bar 


10 5 


1 


I0 3 


9.86923 
x 10 1 


1.01972 


14.5038 


7.50062 

xlO" 2 


1.01972 

xlO 2 


7.50062 

xlO 2 


4.0163 
x io - ® 


29.5300 


mbar 


10 2 


10“ 3 


1 


9.86923 

xlO- 4 


1.01972 

xlO- 3 


1.45038 

xlO" 2 


7.50062 
x 10 _1 


1.01972 
x 10 


7.50062 
xlO 5 


4.01462 
x 10 1 


2.95300 
x IO -2 


atm 


1.01325 

xlO 5 


1.01325 


1.01325 

xlO 3 


1 


1.033 23 


1.469 59 
x 10 


7.60000 

xlO 2 


1.03323 

xlO 5 


760 


4.06783 

xlO 2 


29.9213 


kgf/cm 2 


98066.5 


0.980 665 


980665 


0.967 841 


1 


14.2233 


735.559 

xlO 2 


IO 4 


7.35559 

xlO 2 


3.93700 

xlO 2 


28.9590 


lbf/in 2 


6894.76 


0.0689476 


68.9476 


6.804 60 
xlO' 2 


7.03070 

io - 2 


1 


51.7149 


7.03069 

xlO 2 


51.7)49 


27.6798 


2.03602 


torr 


133.322 


1.33322 
x 1 0~ 3 


1.333 22 


1.31579 
x 10 -3 


1.35951 
x 10 -3 


1.933 68 
xlO" 2 


1 


13.5951 


1 


53.5240 


3.93701 

x 10 -2 


mmH 2 0 


9.80665 


9.80665 
x 10 5 


9.806 65 
xlO 2 


9.678 41 
x 10 -5 


io - 4 


1.422 33 
xlO" 3 


7.355 59 
x IO -2 


1 


7.355 59 
xlO” 2 


3.93701 
x 10“ 2 


2.895 90 
x 10 -3 


mmHg 


133.322 


1.33322 

xlO' 3 


1.333 22 


1.31579 
x 1 0— 3 


1.359 51 
x 10“ 3 


1.933 68 
x 10 -2 


1 


13.5951 


1 


53.5240 


3.93701 

xlO" 2 


inH 2 0 


249.089 


2.49089 
x 10 -3 


2.49089 


2.458 31 
xlO- 3 


2.54 
x 10 -3 


3.61272 

xl0“ 2 


1.868 32 


25.4 


1.868 32 


1 


7.355 59 
xlO' 2 


inHg 


33.8639 


3.38639 

xlO^ 2 


33.8639 


3.342 1 1 
xlO" 2 


3.453 16 
xlO^ 2 


0.491 154 


25.4000 


3.453 16 
xl0“ 2 


25.4000 


13.5951 


I 



NB: ExtracLs from British Standards are reproduced by permission of the British Standards Institution. 2 Park Street, London W1A 2BS from whom complete copies can be obtained. 
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manometer (Figure 9.2) is negligible compared 
with the manometer liquid. If this is not so then 
a correction must be applied to allow for the 
pressure due to the fluid in the gauge and con- 
necting pipes. Referring to Figure 9.3, we have 

Pressure at A = pressure at B 
P (gauge pressure) = p\h\ + atmospheric pressure 

= pih + atmospheric pressure 
or 

P = p 2 h — p\h\ 

(Gauge pressure because the atmospheric pres- 
sure is superimposed on each manometer leg 
measurement.) 

If the manometer limbs have different dia- 
meters as in the case for a well-type manometer, 
shown in Figure 9.4, then the rise in one leg does 
not equal the fall in the other. If the well has a 
cross-sectional area A and the tube an area a , 
then the loss of liquid in one unit must equal the 
gain of liquid in the other. Hence h m A = hia so 
that hi = h m A/a. 

For a simple U-tube measurement the applied 
pressure P = {hi + k m )p. If the left-hand leg of 
the manometer becomes a wet leg with fluid dens- 
ity then 

P + {h\ + hf)pi — (hi + hm)p\ 



Applied 




Figure 9.4 Manometer with limbs of different diameters. 



so that 

p — (/; 2 + h m )p\ — (h\ + hi) pi 
If both manometer legs are wet then 

P + (hi + hi) pi = (hi + h m )p\ + (h\ — h m )p2 

p = (h 2 + h m )py + (hi - h m )p 2 
-(hi +h 2 )p2 

= hi pi + h m pi -\-h 1 p 2 - h m pi 
-h { pi -h 2 p2 

— pi (hi + h m ) — pi(h m + hi) 
= (hi +/?m)(Pl - pi) 

= h m (A/a+\)(p\ - pi) 

Effect of temperature The effect of variations in 
temperature has been neglected so far but for 
accurate work the effect of temperature on the 
densities of the fluids in the manometer must be 
taken into account and the effect of temperature 
on the scale should not be overlooked. For most 
applications it is sufficient to consider the effect 
of temperature only on the manometer liquid, in 
which case the density p at any temperature T can 
be taken to be: 



r 1 + ,3T - To 

where po is the density at base conditions, ft is the 
coefficient of cubic expansion, To is the base 
temperature, and T is the actual temperature. 

9.2.2 Pressure measurements by allowing the 
unknown pressure to act on a known area and 
measuring the resultant force 

9.2.2. 1 Dead-weight testers 

The simplest technique for determining a pressure 
by measuring the force that is generated when 
it acts on a known area is illustrated by the 
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Figure 9.5 Basic system of dead-weight 
tester. Courtesy, Budenberg Gauge Co. Ltd. 



dead-weight tester, but this system is used for 
calibrating instruments rather Lhan measuring 
unknown pressures. 

The basic system is shown diagrammatically in 
Figure 9.5. It comprises a priming pump and 
reservoir, an isolating valve, the piston carrying 
the weight, a screw press, and the gauge under 
test. In operation, the screw press is set to its zero 
position, weights representing the desired pres- 
sure are applied to the piston, and the priming 
pump is operated to pressurize the system. The 
valve is then shut and the screw press is adjusted 
until the pressure in the system is sufficient to 
raise the piston off its stops. If the frictional 
forces on the piston are neglected then the pres- 
sure acting on it is p newtons per square meter, 
and if its area is a square meters, then the result- 
ant force is pa N. This will support a weight 
W = pa N. 

The accuracy depends on the precision with 
which the piston and its associated cylinder are 
manufactured and on eliminating the effect of 
friction by rotating the piston while the reading 
is taken. 

The Desgranges and Huot range of primary 
pressure standards is a very refined version of 
the dead-weight testers. Figure 9.6 shows a sec- 
tional drawing of an oil-operated standard. For 
this degree of precision it is important to ensure 
that the piston area and gravitational forces are 
constant so that the basic relation between the 
mass applied to the piston and the measured 
pressure is maintained. The instrument therefore 
includes leveling screws and bubble indicators. 

Side stresses on the piston are avoided by load- 
ing the principal weights on a bell so that their 
center of gravity is well below that of the piston. 
Only the fractional weights are placed directly on 
the piston plate and the larger of these are 
designed to stack precisely on the center line. 

The mobility of the piston in the cylinder 
assembly determines the sensitivity of the instru- 
ment and this requires an annulus that is lubri- 
cated by liquid even when gas pressures are being 



Pision 




Figure 9.6 Arrangement of a precision dead-weight 
tester. Courtesy, Desgranges and Huot. 




Figure 9.7 Lubrication of the piston, (a) Oil-operated 
system, (b) Gas-operated system. Courtesy, Desgranges 
and Huot. 



measured. Figures 9.7(a) and (b) show how this is 
achieved. 

The system for liquids is conventional but for 
gases lubricant in the reservoir passes into the 
annulus between the piston and cylinder. The 
gas pressure is applied both to the piston and to 
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the reservoir so that there is always a small 
hydraulic head to cause lubricant to flow into 
the assembly. 

Rotation of the piston in the cylinder sets up 
radial forces in the lubricating fluid which tend to 
keep the piston centered, but the speed of rota- 
tion should be constant and the drive itself should 
not impart vibration or spurious forces. This is 
achieved by arranging the motor to drive the 
cylinder puiley via an oval drive pulley which is 
therefore alternatively accelerating and decelerat- 
ing. The final drive is via the bearing on to the pin 
secured to the piston plate. In this way, once the 
piston is in motion, it rotates freely until it has 
lost sufficient momentum for the drive bearing to 
impart a small impulse which accelerates the pis- 
ton. This ensures that it is rotating freely for at 
least 90 percent of the time. 

The piston and cylinder are machined from 
tungsten carbide to a tolerance of 0.1 micrometer 
so that the typical clearance between them is 0.5 
micrometer. A balance indicator that tracks a soft 
iron band set in the bell shows the position of the 
piston and allows fluid head corrections for the 
most precise measurements. 

The principal weights are fabricated in stainless 
steel and supplied in. sets up to 50 kg according to 
the model chosen. The mass of the bell (typically 
0.8 kg) and the piston plate assembly (typically 
0.2 kg) must be added to the applied mass. 

A complete set of piston and cylinder assem- 
blies allows measurements to be made in the 
ranges from 0.1 to 50 bar to 2.0 to 1000 bar, the 
uncertainty of measurement being ±5 x 10 -4 or 
less for the “N” class instruments and ±1 x 1CT 4 
or less for the U S'’ class instruments. 



9.2.3 Pressure measurement by allowing the 
unknown pressure to act on a flexible member and 
measuring the resultant motion 

The great majority of pressure gauges utilize a 
Bourdon tube, stacked diaphragms, or a bellows 
to sense the pressure. The applied pressure causes 
a change in the shape of the sensor that is used to 
move a pointer with respect to a scale. 

9.2.3. 1 Bourdon tubes 

The simplest form of Bourdon tube comprises a 
tube of oval cross-section bent into a circle. One 
end is sealed and attached via an adjustable con- 
necting link to the lower end of a pivoted quad- 
rant. The upper part of the quadrant is the 
toothed segment that engages in the teeth of the 
central pinion which carries the pointer that 
moves with respect to a fixed scale. Backlash 
between the quadrant and pinion is minimized 



by a delicate hairspring. The other end of the 
tube is open so that the pressure to be measured 
can be applied via the block to which it is fixed 
and which also carries the pressure connection 
and provides the datum for measurement of the 
deflection. 

If the internal pressure exceeds the external 
pressure the shape of the tube changes from oval 
towards circular with the result that it becomes 
straighter. The movement of the free end drives 
the pointer mechanism so that the pointer moves 
with respect to the scale. If the internal pressure is 
less than the external pressure, the free end of the 
tube moves towards the block, causing the pointer 
to move in the opposite direction. 

The material from which the tube is formed 
must have stable elastic properties and be selected 
to suit the fluid whose pressure is to be measured. 
Phosphor bronze, beryllium copper, and stainless 
steel are used most widely but for applications 
involving particularly corrosive fluids, alloys, such 
as K-Monel, are used. The thickness of the tube 
and the material from which it is to be fabricated 
are selected according to the pressure range, but 
the actual dimensions of the tube determine the 
force available to drive the pointer mechanism. 
The construction of a typical gauge is shown in 
Figure 9.8. 

The performance of pressure gauges of this 
type varies widely, not only as a result of their 




Figure 9.8 Mechanism of Bourdon tube gauge. 
Courtesy, Budenberg Gauge Co. Ltd. 
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Figure 9.9 Precision absolute pressure gauge. Courtesy 
U.S, Filter Corp. 



basic design and materials of construction, but 
also because of the conditions under which they 
are used. The principal sources of error are hys- 
teresis in the Bourdon tube, changes in its sensi- 
tivity due to changes of temperature, frictional 
effects, and backlash in the pointer mechanism. 
A typical accuracy is ±2 percent of span. 

Much higher precision can be achieved by atten- 
tion to detail, and one example is illustrated in 
Figure 9.9, which shows a gauge for measuring 
absolute pressure. It includes two Bourdon tubes, 
one being completely evacuated and scaled to pro- 
vide the reference while the unknown pressure is 
applied to the other Bourdon tube. The free ends 
of the Bourdon tubes arc connected by a ratio 
linkage which through a push rod transmits the 
difference in the movement of the free ends to a 
rack assembly w hich in turn rotates the pinion and 
pointer. Jewel bearings arc used to minimize fric- 
tion and backlash is eliminated by maintaining a 
uniform tension for all positions of the rack and 
pinion through the use of a nylon thread to con- 
nect a spring on the rack with a grooved pulley on 
the pinion shaft. 

The Bourdon tubes are made of Ni-Span C. 
which has a very low thermoelastic coefficient 
(change in modulus of elasticity with tempera- 
ture) and good resistance to corrosion. As both 
Bourdon tubes arc subjected to the same atmos- 
pheric pressure, the instrument maintains its 
accuracy for barometric pressure changes of 
=L130mmHg. The dial diameter is 216 mm and 
the full range of the instrument is covered by 
two revolutions of the pointer, giving an effective 
scale length of 1.36 m. The sensitivity is 0.0125 
percent and the accuracy 0.1 percent of full scale. 
The ambient temperature effect is less than 0.01 
percent of full scale per Kelvin. 

9. 2. 3, 2 Spiral and helical Bourdon tubes 

The amount of the movement of the free end of a 
Bourdon tube varies inversely as the wall thick- 




Figure 9.1 0 Helical Bourdon tube. Courtesy Invensys 
Inc. 




Figure 9.11 Spiral Bourdon tube. Courtesy, Invensys Inc. 

ness and is dependent on the cross-sectional 
shape. It also varies directly with the angle sub- 
tended by the arc through which the lube is 
formed. By using a helix or spiral to increase the 
effective angular length of the tube, the move- 
ment of the free end is similarly increased and 
the need for further magnification is reduced. 
Fxa tuples of these constructions are shown in 
Figures 9.10 and 9.11. They avoid the necessity 
for the toothed quadrant with the consequent 
reduction of backlash and frictional errors. In 
general, the spiral configuration is used for low 
pressures and the helical form for high pressures. 

9.2. 3.3 Diaphragm pressure elements 

There are two basic categories of diaphragm 
elements, namely stiff metallic diaphragms and 
slack diaphragms associated with drive plates. 

The simplest form of diaphragm gauge is the 
Schaffer gauge shown in Figure 9. 12. It consists of 
a heat-treated stainless-steel corrugated diaphragm 
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about 65 mm in diameter and held between two 
flanges. The unknown pressure is applied to the 
underside of the diaphragm and the resultant 
movement of the center of the diaphragm is trans- 
mitted through a linkage to drive the pointer as in 
the Bourdon gauge. The upper flange is shaped to 
provide protection against the application of 
overrange pressures. 

In the Schaffer gauge it is the elastic properties 
of the metallic diaphragm which govern the range 
and accuracy of the measurement. An aneroid 
barometer (Figure 9.13) also uses a corrugated 
diaphragm but it is supplemented by a spring. 
The element consists of a flat circular capsule 
having a corrugated lid and base and is evacuated 
before being sealed. It is prevented from collapse 
by a spring which is anchored to a bridge and 
attached to the top center of the capsule. Also 




Figure 9.12 Schaffer pressure gauge. Courtesy, 
Budenberg Gauge Co. Ltd. 




Figure 9.13 Aneroid barometer. 



attached at this point is a lever which acts 
through a bell crank and lever mechanism to 
rotate the pointer. When the atmospheric pres- 
sure increases, the capsule contracts so that the 
pointer is caused to rotate in one direction. Con- 
versely when the atmospheric pressure falls, the 
capsule expands and the pointer is driven in the 
opposite direction. 

A further example of an instrument employing 
stiff diaphragms augmented by springs is shown 
in Figures 9.14 and 9.15. This instrument has 
largely superseded the bell-type mercury pressure 
manometer previously widely used for measuring 
differential pressures associated with orifice-plate 
flow meters, partly because of the increased cost, 
but more particularly because of the health 
hazards associated with the use of mercury. 

The diaphragm elements (7) and (2) are made 
up from pairs of corrugated diaphragms with a 
spacing ring stitch-welded at the central hole. 
These assemblies are then stitch-welded at their 
circumference to form a stack. This configuration 
ensures that when excess pressure is applied to the 
stack the individual corrugations nest together 
while the stack spacing rings come together to 
form a metal-to-metal stop. 

The diaphragm stacks (7) and (2) are mounted 
on the central body together with the range 
spring (3) and drive unit (4). Pressure-tight covers 
(8) form the high- and low-pressure chambers. 
The diaphragm stacks (2) and (7) are intercon- 
nected via the damping valve (1) and fitted intern- 
ally with a liquid which remains fluid under 
normal ambient conditions. 

An increase in pressure in the high-pressure 
chamber compresses the diaphragm stack (7) and 
in so doing displaces Quid via the damping valve (1) 
into the stack (2) causing it to expand until the 
force exerted by the range spring balances the initial 
change in pressure. The deflection of the range 
spring is transmitted to the inner end of the drive 
unit, which being pivoted at a sealed flexure (5) 
transfers the motion to the outer end of the drive 
shaft (4) where it can be used to operate a pen arm. 

A bimetallic temperature-compensator (6) is 
mounted inside the stack (7) and adjusts the 
volume of that stack to compensate for the 
change in volume of the fill liquid resulting from 
a change of temperature. The instrument is suit- 
able for operating at pressures up to 140 bar, and 
spans between 50 and 500mbar can be provided 
by selecting suitable combinations of the range 
springs which are fabricated from Ni-Span C to 
make them substantially insensitive to changes of 
temperature. 

Bellows elements With the development of the 
hydraulic method for forming bellows, many of 
the pressure-sensing capsules previously fabricated 
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Figure 9.14 Diaphragm type differential pressure transmitter. Courtesy, Invensys Inc. 
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Figure 9.15 Components of the differential pressure 
transmitter. Courtesy, Invensys Inc. 



from corrugated diaphragms have been replaced 
by bellows which are available in a variety of 
materials. The spring rate or modulus of com- 
pression of a bellows varies directly as the mod- 
ulus of elasticity of the material from which it is 
formed and proportionally to the third power of 
the wall thickness. It is also inversely propor- 
tional to the number of convolutions and to the 
square of the outside diameter of the bellows. 

The combined effect of variations in the elastic 
properties of the materials of construction and 
manufacturing tolerance results in appreciable 
variations in the bellows spring rate, not only 
from one batch to another but also within a 
batch. For some applications this may not be 
particularly significant but, when it is, the effect 
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Figure 9.1 6 Pneumatic receiver using a bellows. 
Courtesy, Invensys Inc. 



can be reduced by incorporating a powerful 
spring into the assembly. 

Figure 9.16 shows a pneumatic receiver, i.e., a 
unit specifically designed for measurements in the 
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Figure 9.17 Bellows assembly foran absolute pressure 
gauge. Courtesy Invensys Inc. 



range 20 to 100 kPa which is one of the standard 
ranges for transmission in pneumatic systems. 

Figure 9.17 shows a bellows assembly for the 
measurement of absolute pressure. It comprises 
two carefully matched stainless-steel bellows, one 
of which is evacuated to a pressure of less than 
0.05 mmHg and sealed. The unknown pressure is 
applied to the other bellows. The two bellow's arc 
mounted within a frame and connected together 
via a yoke which transmits the bellows motion via 
a link to a pointer or the pen arm of a recorder. 

9. 2. 3. 4 Low pressure range elements 

The Model FC052 Transmitter from Furness 
Controls, shown in Figure 9.18(a), is available 
w'ith spans between 10 Pa and 20kPa (1 mmHbO 



and 2000mmH20). The transducer assembly, 
showm in Figure 9.18(b), incorporates a metal 
diaphragm which is stretched and electron-beam 
w'elded into a carrier. Capacitor electrodes 
mounted on the transducer shells are positioned 
on cither side of the diaphragm and adjusted so 
that the requisite change in capacitance is 
obtained for the specified pressure range. The 
clcetrodes are connected in a Wheatstone bridge 
network w'hich is operated at 1.7 MHz and is 
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Figure 9.18 (a) FC052 ultra-low-pressure transmitter; (b) exploded view of the sensor. Courtesy, Furness Controls Ltd. 
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balanced when the input differential pressure is 
zero. The subsequent application of a differential 
pressure changes the capacitanees of the electrodes 
which unbalances the bridge network. The out-of- 
balance signal is amplified and converted into 
either a 0-10 V d.c. or a 4-20 mA output signal. 

The Ashcroft Model XLdp Low Pressure 
Transmitter, shown in Figure 9.19(a), uses 
Si-Glass technology to form a capacitive silicon 
sensor. The sensor is a thin micro-machined 
silicon diaphragm that is electrostatically bonded 
between two glass plates, as shown in Figure 
9.19(b). The glass plates are each sputtered with 
aluminum, and with the silicon diaphragm pos- 
itioned centrally each forms a parallel plate cap- 
acitor. Application of a differential pressure causes 
the diaphragm to move closer to one electrode 
and further away from the other, thereby chan- 
ging the respective capacitances. The movement, 
which is extremely small (only a few micrometers), 
is detected by electronic circuits which arc built in 
an application -specific integrated circuit (ASIC) 
which generates an output signal in the range 
4-20 mA, 1-5V d.c. or 1-6 V d.c. The measure- 
ment spans of these transmitters are from 25 Pa 
to 12.5 kPa (2.5 mmFhO to l250mrnFhO). 

In the rather unlikely event that a pneumatic 
signal proportional to the measured differential 
pressure is required, then the 4-20 mA output 
signal from one of these transmitters w'ould be 
applied to an electropncumatic converter of the 
type described in Section 31.7.3 of Part 4. 

9.2. 3. 5 Capacitance manometers 

The application of electronic techniques to meas- 
ure the deflection of a diaphragm and hence to 
infer pressure has resulted in major improvements 



in both sensitivity and resolution as w'cll as provid- 
ing means for compensating for nonlinear effects. 
One of the devices in which these techniques have 
been applied is the capacitance manometer shown 
diagrammatically in Figure 9.20. 

For such a sensor it is important that the dia- 
phragm and sensor body arc capable of with- 
standing a wide range of process fluids including 
those which are highly corrosive. It is also import- 
ant for them to have thermal coefficients which 
closely match those of the electrode assembly and 
screening material. “Inconel" is a suitable material 
for the body and diaphragm, while “Fosterite" 
with either nickel or palladium is used for the 
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Maximum diaphragm travel due to applied pressure — between 1 and 2 M-m 
Gap between diaphragm and capacitor electrodes— between 4 and 5 M- m 
Thickness of diaphragm — between 2 and 12 M- m 
(b) Differential capacitor formed by C, and C 2 

Figure 9.19 (a) Ashcroft differential pressure transmitter; (b) construction of the sensor. 
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Figure 9.20 Capacitance manometer sensor. Courtesy, 
MKS Instruments Inc. 



electrode assembly. With these materials pressures 
as low as 10'" 3 Pa can be measured reliably. 

The tensioned metal diaphragm is welded into 
the sensor body and the electrode assembly is 
located in the body at the correct position with 
respect to the diaphragm. If the sensor is to be 
used for absolute pressure measurements, the sen- 
sor-body assembly is completed by welding in 
place a cover which carries the two electrode 
connections and the getter assembly. If on the 
other hand the sensor is to be used for differential 
pressure measurements, then provision is made 
for connecting the reference pressure. 

The hysteresis error for such a sensor is nor- 
mally less than 0.01 percent of the reading; for 
sensors having spans greater than 100 Pa the 
error is almost immeasurable. The non-linearity 
is the largest source of error in the system apart 
from temperature effects and is usually in the 
order of 0.05 percent of reading and is minimized 
by selective adjustments in the associated electron- 
ic circuits. 

Errors due to ambient temperature changes 
affect both the zero and span. Selection of the 
optimum materials of construction results in a 
zero error of approximately 0.02 percent of span 
per Kelvin and a span error of approximately 0.06 
percent of span per Kelvin. The span error can be 
reduced to 0.0005 percent by including a tempera- 
ture sensor in the body of the pressure sensor and 
developing a corresponding correction in the 
measuring circuits. The zero error can be reduced 
to 0.002 percent by including a nulling circuit. 



9.23.6 Quartz electrostatic pressure sensors 

Dynamic pressure measurements can be made 
with quartz sensors in which the applied force 
causes an electrostatic charge to be developed 
across the crystal which is then measured by a 
charge amplifier and the resultant signal used to 
provide an indication of the applied force. 

The Kistler type 601 and 707 series shown in 
Figure 9.21 are an example of quartz electrostatic 
sensors. The assemblies utilize the transverse 
piezoelectric effect illustrated in Figure 9.22. The 
application of a force F in the direction of one of 
the neutral axes Y sets up an electrostatic charge 
on the surfaces of the polar axis a' at right angles 
to it. The magnitude of this charge depends on 
the dimensions of the quartz crystal and by select- 
ing a suitable shape it is possible to secure a high 
charge yield combined with good linearity and 
low temperature sensitivity. Similarly, the prin- 
ciple of the longitudinal piezoelectric effect is 
illustrated in Figure 9.23. 

A typical transducer is assembled from three 
quartz stacks Q (Figure 9.21) joined rigidly to the 
holder G by means of a preload sleeve H and 
temperature compensator T. The pressure to be 
measured acts on the diaphragm M where it is 
converted into the force which is applied to the 
three quartz stacks. The contact faces of the 
quartz are coated with silver and a central noble 
metal coil S conducts charge to the connector A. 

The outer faces of the quartz are connected to 
the housing. With this configuration linearities of 
between 0.2 and 0.3 percent are achieved for spans 
up to 25 MPa and the sensors have a uniform 
response up to about 30 kHz with a peak of about 
100 kHz. Because there must be a finite leakage 
resistance across the sensor, such devices cannot 
be used for static measurements. The low fre- 
quency limit is of the order of 1 Hz. depending 
on the sensitivity. The type of charge amplifier 
associated with these sensors is shown in Figure 
9.24. It comprises a high-gain operational ampli- 
fier with MOSFET input stage to ensure that the 
input impedance is very high, and capacitor feed- 
back to ensure that the charge generated on the 




Figure 9.21 Pressure 
transducer using 
transverse piezoelectric 
effect of quartz. Courtesy, 
Kistler Instruments Ltd. 
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Figure 9.22 Principle of transverse piezoelectric effect. 
Courtesy, Kistler Instruments Ltd. 
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Figure 9.23 Principle of longitudinal piezoelectric effect. 
Courtesy, Kistler Instruments Ltd. 



quartz transducer is virtually completely compen- 
sated. It can be shown that the output voltage 
from the amplifier is —QK\ where Q is the charge 
generated by the quartz sensor and is the feed- 
back capacitance. Thus the system is essentially 
insensitive to the influence of the input cable 
impedance. 

Sensors such as these are characterized by 
their high stability, wide dynamic range, good 
temperature stability, good linearity, and low 
hysteresis. They are available in a very wide 
variety of configurations for dynamic pressure 
ranges from 200 kPa to 100 MPa. 

9.2.4 Pressure measurement by allowing the 
unknown pressure to act on an elastic member and 
measuring the resultant stress or strain 

9. 2 . 4. 1 Piezo-resistive pressure sensors 

For many metals and some other solid materials, 
the resistivity changes substantially when sub- 



Figure 9.24 Charge amplifier associated with 
piezoelectric effect sensor. 



jeeted to mechanical stress. Strain gauges, as 
described in Chapter 4. involve this phenomenon, 
but the particular characteristics of silicon allow 
construction of a thin diaphragm that can be 
deflected by an applied pressure and can have 
resistors diffused into it to provide a means for 
sensing the deflection. An example of this is the 
Kistler 4000 series as shown in Figure 9.25 for 
which the pressure-sensing clement is shown in 
Figure 9.26. 

Because the stress varies across the diaphragm, 
four pairs of resistors are diffused into a wafer 




Figure 9.25 Piezo-resistive 
pressure transducer. Courtesy, 
Kistler Instruments Ltd. 
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Figure 9.26 Schematic drawing of pressure sensing 
element. Courtesy, Kistler Instruments Ltd. 



of rt-type silicon, each pair having one resistor 
with its principal component radial and one 
with its principal component circumferential. As 
described later, this provides means for compen- 
sating the temperature-sensitivity of the silicon. 
Mechanically they form part of the diaphragm 
but they are isolated electrically by the p-n junc- 
tion so that they function as strain gauges. The 
diaphragm is formed by cutting a cylindrical 
recess on the rear surface of the wafer using ini- 
tially ultrasonic or high-speed diamond machining 
and finally chemical etching. This unit is then 
bonded to a similar unprocessed chip so that a 
homogeneous element is produced. If it is desired 
to measure absolute pressures the bonding is 
effected under a vacuum. Otherwise the cavity 
behind the diaphragm is connected via a hole in 
the base chip and a bonded tube to the atmos- 
pheric or reference pressure. The schematic 
arrangements of two such transducers are shown 
in Figure 9.27. 




Figure 9.27 Cross-section of piezo-resistive pressure 
transducer, (a) For absolute pressure, (b) For gauge 
pressure. Courtesy, Kistler Instruments Ltd. 



The mechanical strength of silicon depends 
largely on the state of the surface and in general 
this imposes an upper limit of about 100 MPa on 
the pressures that can be measured safely by the 
sensors. The lower limit is about 20kPa and is 
determined by the minimum thickness to which 
the diaphragm can be manufactured reliably. 

Both the gauge factor G and resistance R of the 
diffused resistors are sensitive to changes of tem- 
perature, and the sensors need to be associated 
with some form of compensating circuits. In some 
instances this is provided by discrete resistors 
closely associated with the gauge itself. Others 
utilize hybrid circuits, part of which may be on 
the chip itself. Individual compensation is always 
required for the zero offset, the measurement 
span, and temperature stabilization of the zero. 
Further improvement in the performance can be 
achieved by compensating for the nonlinearity 
and the effect of temperature on the span. 

9.2. 4.2 Strain gauge pressure sensors 

Another group of pressure sensors is based on 
strain-gauge technology (see Chapter 4), in which 
the resistance-type strain sensors are connected in 
a Wheatstone bridge network. To achieve the 
required long-term stability and freedom from 
hysteresis, the strain sensors must have a molecu- 
lar bond to the deflecting member which in addi- 
tion must also provide the necessary electrical 
isolation over the operating temperature range 
of the transducer. 

This can be achieved by first sputtering the 
electrical isolation layer on the stainless-steel sen- 
sor beam or diaphragm and then sputtering the 
thin-film strain-gauge sensors on top of this. An 
example of this type of sensor is the Translnstru- 
ments 4000 series shown in Figure 9.28. 

The pressure inlet adaptor is fabricated from 
precipitation-hardened stainless steel and has a 
deep recess between the mounting thread and 




Figure 9.28 Pressure transducer utilizing strain gauge 
sensor. Courtesy, Transinstruments. 
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diaphragm chamber to isolate the force-summing 
diaphragm from the mounting and other environ- 
mental stresses. 

The transducer is modular in construction to 
allow the use of alternative diaphragm configur- 
ations and materials. For most applications the 
diaphragm is stainless steel and the thickness is 
selected according to the required measurement 
range. For some applications, enhanced corro- 
sion resistance is required, in which case Inconel 
625 or other similar alloys may be used as the 
diaphragm material; but to retain the same mar- 
gin of safety a thicker member is usually 
required and this in turn reduces the sensitivity. 

The sensor is a sputtered thin-film strain gauge 
in which the strain-gauge pattern is bonded into 
the structure of the sensor assembly on a mole- 
cular basis and the sensor assembly itself is 
welded into the remaining structure of the trans- 
ducer. The stainless- steel header which contains 
the electrical feed-through to the temperature- 
compensation compartment is also welded into 
the structure of the transducer. 

This welding, in conjunction with the ceramic 
firing technique used for the electrical feed- 
through connections, provides secondary con- 
tainment security of 50 MPa for absolute gauges 
and those with a sealed reference chamber. 

Sensors of this type are available with ranges 
from 0 to lOOkPa up to 0 to 60 MPa with max- 
imum non-linearity and hysteresis of 0.25 to 0. 1 5 
percent respectively and a repeatability of 0.05 
percent of span. 

The maximum temperature effect is 0. 1 5 percent 
of span per Kelvin. 

9.2.4. 3 High accuracy digital quartz crystal 
pressure sensors 

Performance and utilization factors may be used to 
differenliale between digital and analog instrumen- 
tation requirements. Performance considerations 
include resolution, accuracy, and susceptibility to 
environmental errors. Utilization factors include 
ease of measurement, signal transmission, equip- 
ment interfaces, and physical characteristics. 

Some advantages of digital sensors relate to the 
precision with which measurements can be made 
in the time domain. Frequencies can be routinely 
generated and measured to a part in ten billion, 
whereas analog voltages and resistances are com- 
monly measured to a part per million. Thus, digital- 
type transducers have a huge inherent advantage 
in resolution and accuracy compared to analog 
sensors. 

Frequency signals are less susceptible to inter- 
ference. easier to transmit over long distances, 
and easily interfaced to counter-timers, telemetry 
and digital computer systems. 



The use of digital pressure transducers has 
grown dramatically with the trend towards digital 
data-acquisition and control systems. Inherently 
digital sensors such as frequency output devices 
have been combined with microprocessor based 
systems to provide unparalleled accuracy and 
performance, even under extreme environmental 
conditions. The design and performance require- 
ments of these advanced transducers include: 

Digital-type output 

Accuracy comparable to primary standards 

Highly reliable and simple design 

Insensitivity to environmental factors 

Minimum size, weight, and power consump- 
tion 

Ease and utility of readout. 

Over the last three decades, Paroscientific Inc. 
has developed and produced digital quartz crystal 
pressure sensors featuring resolution better than 
one part per million and accuracy better than 0.01 
percent. This remarkable performance is 
achieved through the use of a precision quartz 
crystal resonator whose frequency of oscillation 
varies with pressure-induced stress. Quartz crys- 
tals were chosen for the sensing elements because 
of their remarkable repeatability, low hysteresis, 
and excellent stability. The resonant frequency 
outputs are maintained and detected with oscilla- 
tor electronics similar to those used in precision 
clocks and counters. 

Several single or dual beam load-sensitive reson- 
ators have been developed. The single-beam reso- 
nator is shown diagrammatically in Figure 9.29. It 
depends for its operation on a fixed beam oscil- 
lating in its first flexural mode with an integral 
isolation system that effectively decouples it from 
the structures to which it is attached. The entire 
sensor is fabricated from a single piece of quartz 
to minimize energy loss to the mounting surfaces. 
The beam is driven piezoelectrically to achieve 
and maintain beam oscillations. Figure 9.29 
shows the placement of electrodes on the beam 
and Figure 9.30 illustrates the response to the 
imposed electric field from the oscillator electron- 
ics. The Double-Ended Tuning Fork (DETF) 




Charge 



Figure 9.29 Resonant piezoelectric force sensor. 
Courtesy, Paroscientific Inc. 
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Figure 9.30 Oscillator mode for piezoelectric force 
sensor. Courtesy, Paroscientific Inc. 




Figure 9.31 Double-EndedTuning Fork Force Sensor. 
Courtesy, Paroscientific Inc. 



shown in Figure 9.31 consists of two identical 
beams driven piezoelectricallv in 180° phase 
opposition such that very little energy is trans- 
mitted to the mounting pads. The high Q reso- 
nant frequency, like that of a violin string, is a 
function of the applied load that increases with 
tension and decreases with compressive forces. 

Although the resonator will operate at normal 
ambient pressure, its performance improves sig- 
nificantly in a vacuum. This is because the elim- 
ination of air loading and damping effects permit 
operation at Q values of over 20,000. In addition, 
the vacuum improves stability by precluding the 
absorption or evaporation of molecules from the 
surface. In such small resonators, a layer of con- 
taminant only one molecule deep has a discern- 
ible effect. 

The crystallographic orientation of the quartz 
is chosen to minimize temperature-induced 
errors. To achieve maximum performance over 
a wide range of environmental conditions, the 
small residual thermal effects of the quartz load- 
sensitive resonator may be compensated for using 
a torsional-mode quartz resonator that provides 
a frequency output related only to temperature. 



Thus the two frequency outputs from the trans- 
ducer represent applied load (with some tempera- 
ture effect) and temperature (with no load effect). 
The two signals contain all the information neces- 
sary to eliminate temperature errors. 

As shown in Figure 9.32, pressure transducer 
mechanisms employ bellows or Bourdon tubes as 
the pressure-to-load generators. Pressure acts on 
the effective area of the bellows to generate a 
force and torque about the pivot and compres- 
sively stress the resonator. The change in fre- 
quency of the quartz crystal oscillator is a 
measure of the applied pressure. Similarly, pres- 
sure applied to the Bourdon tube generates an 
uncoiling force that applies tension to the quartz 
crystal to increase its resonant frequency. Tem- 
perature sensitive crystals are used for thermal 
compensation. The mechanisms are acceleration 
compensated with balance weights to reduce the 
effects of shock and vibration. The transducers 
are hermetically sealed and evacuated to elimi- 
nate air damping and maximize the Q of the 
resonators. The internal vacuum also serves as 
an excellent reference for the absolute pressure 
transducer configurations. 

Gauge pressure transducers can be made by 
placing an opposing bellows on the other side of 
the lever arm that is exposed to ambient atmos- 
pheric pressure. With one bellows counteracting 
the other, only the difference in the two bellows 
pressures is transmitted to the crystal resonator. 
Differential sensors operating at high line pres- 
sure employ isolating mechanisms to allow the 
quartz crystal to measure the differential force 
while operating in an evacuated enclosure. 

Each transducer produces two frequency out- 
puts, one for pressure and one for temperature. 
The pressure resonator has a nominal frequency of 
38 kilohertz, which changes by about 10 percent 
when full-scale pressure is applied. The temperature 
signal has a nominal frequency of 172 kilohertz and 
changes by about 50 ppm per degree Centigrade. 
As described in Section 9.3.4, microprocessor-based 
intelligent electronics are available with counter- 
timer circuitry to measure transducer frequency or 
period outputs, storage of the conformance and 
thermal compensation algorithm, calibration coeffi- 
cients, and command and control software to pro- 
cess the outputs in a variety of digital formats. 

Overall performance is comparable to the pri- 
mary standards. Because the quartz resonator in 
the pressure transducer provides high constraint 
to the pressure-generating element (bellows or 
Bourdon tube), there is very little mechanical 
motion under load (several microns). This 
increases repeatability and reduces hysteresis. 
The crystals themselves produce the kind of sta- 
bility characteristic of any high quality quartz 
resonator. In addition, the high Q values eliminate 
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Figure 9.32 High accuracy quartz crystal pressure sensor mechanisms. Courtesy Paroscientific Inc. 



extraneous noise on the output signals, resulting 
in high resolution. The use of a frequency output 
quartz temperature sensor for temperature com- 
pensation allows accuracies of 0.01 percent of 
full scale to be achieved over the entire operating 
range. 

Absolute, gauge, and differential transducers 
are available with full-scale pressure ranges from 
a fraction of an atmosphere (15kPa) to 
thousands of atmospheres (276 MPa). 

9.3 Pressure transmitters 

In the process industries, it is often necessary to 
transmit the measurement signal from a sensor 
over a substantial distance so that it can be used 
to implement a control function or can be com- 
bined with other measurement signals in a more 
complex scheme. 

The initial development of such transmission 
systems was required for the petroleum and 
petro-chemical industries where pneumatic con- 
trol schemes were used most widely, because they 
could be installed in plants where explosive or 
hazardous conditions could arise and the dia- 
phragm actuator provided a powerful and fast- 
acting device for driving the final operator. It 
followed that the first transmission systems to 
be evolved were pneumatic and were based on 
the standardized signal range (3 to 15psig) 20 to 
100 kPa. 

Early transmitters utilized a motion-balance 
system, i.e., in which the primary element produces 
a movement proportional to the measured quan- 
tity, such as a Bourdon tube, in which movement 
of the free end is proportional to the applied pres- 
sure. However, these transmitters were rather sen- 
sitive to vibration and have, in general, been 



superseded by force-balance systems. But pneu- 
matic transmission itself is unsuitable when the 
distance involved exceeds a few hundred meters, 
because of the time delay and response lag which 
occur. 

Consequently, an equivalent electronic system 
has been evolved. In this, a current in the range 4 
to 20 mA d.c. and proportional to the span of the 
measured quantity is generated by the sensor and 
transmitted over a two-wire system. The advan- 
tage of this system is that there is virtually no 
delay or response lag, and the transmitted signal 
is not affected by changes in the characteristic of 
the transmission line. Also there is sufficient 
power below the live zero (i.e.. 4mA) to operate 
the sensing device. Such systems have the addi- 
tional advantage that they are more easily config- 
ured in complex control schemes than the 
corresponding pneumatic transmitters. 

The growth in digital computers and control 
systems has generated a need for intelligent, digit- 
al output pressure transmitters. Since 1994, many 
pressure transmitters have been installed that use 
for their primary means of communication some 
form of digital fieldbus, such as Profibus or 
Foundation Fieldbus. It is expected that these 
intelligent transmitters will eventually supersede 
the 4-20 mA d.c. standard (ISA S50) and the 
remaining pneumatic transmitters in use. Telemetry 
and pneumatic systems are discussed further in 
Chapters 29 and 3 1 of Part 4. 

9.3.1 Pneumatic motion-balance pressure 
transmitters 

Figure 9.33 shows the arrangement of a typical 
pneumatic motion-balance transmitter in which 
the sensor is a spiral Bourdon tube. Changes in 
the measured variable, which could be pressure, 
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Figure 9.33 Arrangement of pneumatic motion-balance 
transmitter. Courtesy, Invensys Inc. 



or temperature in the case of a filled thermal 
system, cause the free end of the Bourdon tube 
to move. This movement is transmitted via a 
linkage to the lever that pivots about the axis A. 
The free end of this lever bears on a second lever 
that is pivoted at its center so that the movement 
is thus transmitted to a third lever that is free to 
pivot about the axis C. The initial movement is 
transferred to the flapper of the flapper/nozzle 
system. If. as a result, the gap between the flapper 
and nozzle is increased, the nozzle back-pressure 
falls and this in turn causes the output pressure 
from the control relay to fall. As this pressure is 
applied to the bellows the change causes the lever 
pivoted about the axis B to retract so that the 
lever pivoted about the axis C moves the flapper 
towards the nozzle. This causes the nozzle back- 
pressure to rise until equilibrium is established. 
For each value of the measurement there is a 
definite flapper/nozzle relationship and therefore 
a definite output signal. 

9.3.2 Pneumatic force-balance pressure 
transmitters 

There are many designs of pneumatic force-bal- 
ance transmitters, but in Invensys Inc. design the 
same force-balance mechanism is used in all the 
pressure and differential pressure transmitters. It 
is shown in Figure 9.34, and its basic function is 
to convert a force applied to its input point into a 
proportional pneumatic signal for transmission, 
such as 20 to 100 kPa. 

The force to be measured may be generated by a 
Bourdon tube, a bellows, or a diaphragm assembly 
and applied to the free end of the force bar. This is 
pivoted at the diaphragm seal, which in some 
instruments also provides the interface between 
process fluid and the force-balance mechanism, 
so that an initial displacement arising from the 
applied force appears amplified at the top of the 




Figure 9.34 Arrangement of pneumatic force-balance 
transmitter. Courtesy, Invensys Inc. 



force bar where it is transmitted via the flexure 
connector to the top of the range rod. If the 
applied force causes movement to the right, the 
flapper uncovers the nozzle with the result that the 
nozzle back- pres sure falls. This change is magni- 
fied by the “relay’" whose output is applied to the 
feedback bellows thereby producing a force which 
balances the force applied initially. The output 
signal is taken from the “relay” and by varying 
the setting of the range wheel, the sensitivity or 
span can be adjusted through a range of about 
10 to 1. By varying the primary element pressures 
from about 1.3 kPa to 85Mpa, differential pres- 
sures from 1 kPa to 14 MPa may be measured. 

Figures 9.35-9.38 show some of the alternative 
primary elements which can be used in conjunction 




Figure 9.35 Bourdon tube primary element arranged for 
operation in conjunction with a force-balance mechanism. 
Courtesy, Invensys Inc. 
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Figure 9.36 Bellows type primary element for absolute 
pressure measurements. Courtesy, Invensys Inc. 








Figure 9.37 Diaphragm assembly for differential 
pressure measurements. Courtesy Invensys Inc. 
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with this force-balance mechanism to measure 
gauge, differential, and absolute (high and low) 
pressures. 



9.3.3 Force-measuring pressure transmitters 

In addition to the force-balance pressure trans- 
mitters previously described, there are now trans- 
mitters which measure pressure by measuring the 
deflection of an elastic member resulting from the 
applied pressure. One of these is the Invensys 
Foxboro 820 series of transmitters, in which the 
force is applied to a pre-stressed wire located in 
the field of a permanent magnet. The wire is an 
integral part of an oscillator circuit which causes 
the wire to oscillate at its resonant (or natural) 
frequency. For an ideal system, the resonant fre- 
quency is a function of the length, the square root 
of tension, and the mass of the wire. 

The associated electronic circuits include the 
oscillator as well as the components to convert 
oscillator frequency into a standard transmission 
signal such as 4 to 20 mA d.c. As shown in Figure 
9.39 the oscillator signal passes via a pulse-shaper 
to two frequency converters arranged in cascade, 
each of which produces an output proportional 
to the product of the applied frequency and its 
input voltage so that the output of the second 
converter is proportional to the square of the 
frequency and therefore to the tension in the wire. 
The voltage is therefore directly proportional to 
the force produced by the primary element which 
in turn is proportional to the measured pressure. 

The configurations of the resonant-wire system 
for primary elements such as a helical Bourdon 
tube, to measure gauge pressure, differential pres- 
sure, and absolute pressure are shown in Figures 
9.40-9.43. Vibrating wires are also used as strain 
gauges, as discussed in Chapter 4. 

A second category of pressure transmitters 
involves the measurement of the deflection of a 
sensing diaphragm which is arranged as the 
movable electrode between the fixed plates of 
a differential capacitor. An example of this is the 
Siemens Teleperm K Transmitter. The arrangement 
of the measuring cell for differential pressures 
and absolute pressures is shown in Figure 9.44. 
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Figure 9.38 Diaphragm assembly for low absolute Figure 9.39 Functional diagram of electronic circuit for 

pressure measurements. Courtesy, Invensys Inc. resonant wire pressure transmitter. Courtesy, Invensys Inc. 
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Figure 9.40 Arrangement of diaphragm assembly for 
differential pressure measurements. Courtesy, invensys Inc. 




Figure 9.41 Arrangement of diaphragm assembly for 
absolute pressure measurements. Courtesy, Invensys Inc. 
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Figure 9.42 Arrangement of gauge pressure element for 
resonant wire sensor. Courtesy, Invensys Inc, 



It is a flat cylindrical unit sealed at both ends 
by flexible corrugated diaphragms which provide 
the interface between the process fluid and the 
sensor. Under overload conditions, these seat on 




Figure 9.43 Arrangement of helical Bourdon tube for 
resonant wire sensor. Courtesy, Invensys Inc. 
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Figure 9.44 Arrangement of capacitance type 
differential and absolute pressure sensors. Courtesy, 
Siemens Ltd. 



matching corrugations machined in the housing. 
The sensor comprises a hollow ceramic chamber 
divided into two by the sensing diaphragm. The 
interiors of the chambers are filled with liquid 
and sealed by a ring diaphragm. The interior 
walls of both chambers are metallized and form 
the fixed plates of the differential capacitor while 
the sensing diaphragm forms the movable plates 
of the capacitor. 

When the measuring cell is subjected to a dif- 
ferential pressure, the sensing diaphragm is dis- 
placed slightly, causing a change in capacitance 
which is converted by the associated measuring 
circuit into a standard transmission signal such as 
4 to 20 A d.c. 

For measuring absolute pressures, one side of 
the measuring cell is evacuated to provide the 
reference pressure, and for measuring gauge pres- 
sures, one side is vented to atmosphere. 

Under these conditions the stiffness of the isola- 
ting diaphragm determines the range. For high 
pressures the diaphragm is augmented by a spring. 
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Figure 9,45 Functional diagram of electronic circuit for 
gauge and absolute pressure capacitance sensor. Courtesy, 
Siemens Ltd. 



Figure 9.45 shows the basic circuit for absolute 
pressure and gauge pressure transmitters. The 
sensing diaphragm acts as the moving electrode 
in the capacitor detector. The effective values of 
the capacitors are as follows: 



where A is effective electrode area, e is permittivity 
of the dielectric fluid, do is effective distance 
between Fixed electrodes and sensing electrode. 
Ad is displacement of sensing electrode, and C$ 
is stray capacitance. From this it follows that 

Ci — C? A d 

C 2 — Cs do 

which is the same as the deflection constant for 
the sensing diaphragm so that Ad is proportional 
to the differential pressure which can therefore be 
measured by an all-bridge network. To compen- 
sate for the effect of stray capacitances a capaci- 
tor C is included in the bridge circuit but supplied 
with a voltage in anti-phase to that applied to Ci 
and C 2 . 

If the impedances of the capacitors Cj, C 2 . and 
Cs are high compared with their associated resis- 
tors then the currents flowing through them are 
proportional to the capacitances, so that the out- 
put from amplifier U\ is proportional to (/j - i 2 ) 
and from amplifier Ui{ii — ic)- When these two 
signals are applied to a dividing stage, the result- 
ant signal is proportional to the displacement of 
the sensing electrode and hence to the applied 
pressure. For the differential pressure transmit- 
ter, both Ci and C 2 are variable but it can be 
shown that 

Ad_ Cj - C 2 
d 0 C] + C 2 — 2Cs 

Applying the same conditions as before, this leads 
to 

Ad _ /j - i 2 
d 0 i\ + h ~ ic 



As (/ j - i 2 ) and (/j + i 2 - ic) are proportional to 
the input signals of amplifier U\ and U 2 it follows 
that the output from the dividing stage is propor- 
tional to the applied differential pressure. 

Most differential pressure transmitters are used 
in conjunction with orifice plates to measure 
flow. If, therefore, the output from the dividing 
stage is applied to a square root extracting circuit 
then its output becomes proportional to flow 
rate. 

9.3.4 Digital pressure transducers 

Until recently digital data acquisition and control 
systems were designed with their measurement 
and control intelligence localized in a central com- 
puter. Transducers were required to do little more 
than sense and report to the computer, with their 
analog outputs being converted to digital format 
for interface compatibility. Today's “smart” trans- 
mitters offer users a new order of power and 
flexibility. Placing the intelligence within the 
transmitter easily allows the user to configure a 
distributed measurement and control system from 
the host computer via a two-way digital bus. 

Inherently digital pressure transducers, such as 
the quartz crystal frequency-output sensors 
described in Section 9. 2. 4. 3, have been developed 
which offer significant benefits over the older 
style analog devices. These high accuracy digital 
pressure transducers have been combined with a 
built-in microprocessor capability to yield intelli- 
gent pressure transmitters. While operating under 
field conditions, these transmitters can offer per- 
formance comparable to the primary standards. 

The electronics architecture of an intelligent 
digital pressure transmitter is shown in Figure 
9.46. The digital interface board contains a preci- 
sion clock, counter, microprocessor, RS-232 
serial port. RS-485 serial port, and EPROM and 
EEPROM memory for storing the operating pro- 
gram and calibration coefficients. 

The digital interface board uses the two con- 
tinuous frequency output signals provided by the 
pressure transducer (corresponding to pressure 
and the sensor’s internal temperature) to calcu- 
late fully corrected pressure. The microprocessor 
monitors incoming commands from the com- 
puter. When a sampling command is received, the 
microprocessor selects the appropriate frequency 
signal source and makes a period measurement 
using a high frequency time-base counter and a 
user-specified integration time. When the period 
measurements are completed, the microprocessor 
makes the appropriate calculations and transmits 
the data on the RS-232/485 bus. The RS-232/ 
RS485 interfaces allow complete remote config- 
uration and control of all transmitter operations, 
including resolution, sample rate, integration 
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Figure 9.46 Digital interface board. Courtesy, 
Paroscientific Inc. 



time, baud rate, pressure adders, and pressure 
multipliers. Resolution is programmable from 
0.05 to 100 parts per million, depending on sys- 
tem requirements. Baud rates up to 115.2K baud 
can be selected. Pressure data are available in 
eight different or user-defined engineering units. 
The command set includes single sample requests 



for pressure and temperature, continuous samples, 
and sample and hold. Up to 100 samples per second 
can be obtained with special burst sampling com- 
mands. The internal serial bus communicates 
with the outside world by means of a digital field- 
bus connection, such as Profibus or Foundation 
Fieldbus. 
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10.1 Introduction 

10.1.1 Systems of measurement 

The measurement of vacuum is the measurement 
of the range of pressures below atmospheric. 
Pressure is defined as force divided by area. 
The American National Standard unit is the 
pound/inch 2 or psi, and the SI unit is the 
newton/meter 2 (Nm - “) or pascal (Pa). Pressure 
may also be stated in terms of the height of a 
column of a suitable liquid, such as mercury or 
water, that the pressure will support. The relation 
between pressure units currently in use is shown 
in Table 10.1. 

In engineering, it has long been customary to 
take atmospheric pressure as the reference, and to 
express pressures below this as “pounds per square 
inch of vacuum/' or “inches of vacuum’" when using 
a specified liquid. The continual changes in atmos- 
pheric pressure, however, will lead to inaccuracy 
unless they are allowed for. It is preferable to use 
zero pressure as the reference, and to measure pres- 
sure above this. Pressures expressed in this way are 
called absolute pressures. 

10.1.2 Methods of measurement 

Since pressure is defined to be force/area, its meas- 
urement involves directly or indirectly the meas- 
urement of the force exerted upon a known area. 
A gauge that does this is called an absolute gauge , 
and allows the pressure to be obtained from a 
reading and known physical quantities associated 
with the gauge, such as areas, lengths, sometimes 
temperatures, elastic constants, etc. The pressure 
when obtained is independent of the composition 
of the gas or vapor which is present. 



Many technological applications of vacuum 
use the long free paths, or low molecular inci- 
dence rates that vacuum makes available. These 
require pressures that are only a very small frac- 
tion of atmospheric, where the force exerted by 
the gas is too small to be measured, making abso- 
lute gauges unusable. In such cases non-absolute 
gauges are used which measure pressure indir- 
ectly by measuring a pressure-dependent physical 
property of the gas, such as thermal conductivity, 
ionizability, or viscosity. These gauges always 
require calibration against an absolute gauge, 
for each gas that is to be measured. Commercial 
gauges are usually calibrated by the manufacturer 
using dry air, and will give true readings only 
when dry air is present. In practice it is difficult 
to be certain of the composition of the gases in 
vacuum apparatus, thereby causing errors. This 
problem is overcome in the following way. When 
a gauge using variation of thermal conductivity 
indicates a pressure of 10 _l Pa, this would be 
recorded as an equivalent dry air pressure of 
10 _1 Pa. This means that the thermal conductiv- 
ity of the unknown gases present in the vacuum 
apparatus has the same value as that of air at 
10’ 1 Pa, and not that the pressure is 10 _1 Pa. 

10.1.3 Choice of non-absolute gauges 

Since the gauge referred to above measures ther- 
mal conductivity, it is particularly useful for use 
on vacuum apparatus used for making vacuum 
flasks, or in which low-temperature experiments 
are carried out, and in which thermal conductiv- 
ity plays an important part. Similarly an ioniza- 
tion gauge would be suitable in the case of 
apparatus used for making radio valves and cath- 
ode ray tubes in which the ionizability of the gases 



Table 10.1 Relation between pressure units 





AW(Pa) 


torr 


mb 


atm 


N/nr (Pa) 


1 


7.50 x 10 3 


10~ 2 


9.87 x 10- 6 


torr 


133.3 


1 


1.333 


1.316 x 10 -3 


mb 


too 


0.750 


1 


9.87 x 10- 4 


atm 


1.013 x 10 5 


760 


1.013 x 10 3 


1 
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is important. In general, it is desirable to match, as 
far as possible, the physical processes in the gauge 
with those in the vacuum apparatus. 

10.1.4 Accuracy of measurement 

Having chosen a suitable gauge, it is necessary to 
ensure that the pressure in the gauge head is the 
same as that in the vacuum apparatus. First, the 
gauge head is connected at a point as close as 
possible to the point where the pressure is to 
be measured and by the shortest and widest 
tube available. Second, sufficient time must be 
allowed for pressure equilibrium to be obtained. 
This is particularly important when the pressure 
is below 10“ l Pa, and when ionization gauges, 
which interact strongly with the vacuum appar- 
atus, are used. Times of several minutes are often 
required. When non-absolute gauges are used, 



even under ideal conditions, the accuracy is rarely 
better than ±20 percent, and in a carelessly oper- 
ated ionization gauge worse than ±50 percent. 
Representative values for the mid-range accuracy 
of various gauges are given in Table 10.2 at the 
end of this chapter along with other useful 
information. 



10.2 Absolute gauges 

10.2.1 Mechanical gauges 

These gauges measure the pressure of gases and 
vapors by making use of the mechanical deform- 
ation of tubes or diaphragms when exposed to 
a pressure difference. If one side of the sensitive 
element is exposed to a good vacuum, the gauge 
is absolute. 



Table 1 0.2 Properties of gauges 



Gauge 


Pressure 
range (Pa) 


Accuracy 

±% 


Cost* 


Principal 

advantages 


Principal 

limitations 


Bourdon tube 


lOMO 2 


10 


A 


Simple. Robust. 


Poor accuracy below 100 Pa. 


Quartz spiral 


KP-10 


10 


B 


Reads differential 
pressures. 


Rather fragile. 


Diaphragm 


UP— 10 


5 


B 


Good general-purpose 
gauge. 


Zero setting varies. 


Spinning rotor 


10— 10 4 


<5 


F 


Sensitive and accurate 


Long response time 


Liquid manometers 


1 0 5 — 1 o 2 


5-10 


A 


Simple. Direct reading. 


Vapor may contaminate 
vacuum. 


McLeod 


1 0 5 — 5 x 10 4 


5-10 


C 


Wide pressure range. 
Used for calibration. 


Intermittent. Measures 
GAS pressures only. 


Thermocouple 


lOMO” 1 


20 


B 


Simple. Robust. 
Inexpensive. 


Response not instantaneous. 
Reading depends on 
gas species. 


Pirani 


10 3 -1()- 2 


10 


C 


Robust. 


Zero variation due to 
filament contamination. 
Reading depends on 
gas species. 


Thermistor 


10'-10- 2 


10 


C 


Fast response. Low 
current consumption. 


Reading depends on 
gas species. 


Discharge tube 


10 3 -10‘ 


20 


B 


Very simple. Robust. 


Limited pressure range. 
Reading depends on 
gas species. 


Penning 


1-1 0“ s 


10-20 


C 


Sensitive. Simple. 
Robust. 


Large pumping effect. 

Hysteresis. 

Reading depends on 
gas species. 


ITot-cathode ion 


10 2 -10“ 6 


10-30 


E 


Sensitive linear 

scale. Instantaneous 
response. 


Filament easily damaged. 

Needs skillful use. 
Reading depends on 
gas species. 


Bavard-Albert 


1-I0" 8 


10-30 


D 


As above, with better 
low-pressure 
performance. 


As above. 

Reading depends on 
gas species. 


Capacitance 

nanometers 


I0 5 -10" 3 


<5 


E 


Sensitive and accurate 





"Scale of costs (£): A 0-50; B 50-200; C 200-400; D 400-600; E KXXM000: F 7000-10,000. 
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10.2. 1. 1 The Bourdon tube gauge 

A conventional gauge of this type can be used to 
measure pressure down to 100 Pa if carefully 
made. Its construction is described in Chapter 9 
on pressure measurement. 

10.2.1.2 The quartz spiral gauge 

This gauge measures differential pressures over a 
range of 100 Pa from any chosen reference pres- 
sure. It is suitable for use with corrosive gases or 
vapors. 

Construction The sensitive element is a helix of 
0.5 mm diameter quartz tubing usually 20 mm in 
diameter, 30 mm long, to which the vacuum is 
applied internally. The helix coils and uncoils in 
response to pressure changes, the motion being 
measured by observing the movement of a light 
spot reflected from a small mirror attached to its 
lower end. The whole assembly is mounted in a 
clear glass or quartz enclosure, which can be 
brought to any desired reference pressure. If this 
is zero, the gauge indicates absolute pressure. 

10.2.1.3 Diaphragm gauge 

This gauge measures pressures of gases and vapors 
down to 10 Pa. Its construction is described in Chap- 
ter 9. 



10.2.1.4 Capacitance manometers 
Capacitance manometers are among the most 
accurate and sensitive gauges available for the 
measurement of medium vacuum (see Chapter 9 
for a description of their operation). Gauge heads 
are available with different full-scale ranges and 
usually operate over 3 to 4 decades. Heads with 



differing accuracies are also often available, and 
the price normally reflects this. 

10.2.2 Liquid manometers 

These gauges measure the pressure of gases and 
vapors from atmospheric to about 1 Pa by balan- 
cing the force exerted by the gas or vapor against 
the weight of a column of liquid, usually mercury, 
water, or oil. These devices provide the simplest 
possible means of pressure measurement. 

Construction The construction of various forms 
of liquid manometer is described in Chapter 9. 

Operation For measuring relative pressures, the 
open manometer shown in Figure 10.1(a) may be 
used. In this case the di [Terence h in levels may be 
taken to express the vacuum directly in inches of 
water, or by use of the formula p = hpg , where p is 
the density of the liquid, and g is the acceleration 
due to gravity, the vacuum may be expressed in SI 
units. The measurement of absolute pressures 
requires a vacuum reference which may be 
obtained in several ways as shown, in Figures 
10. 1 (b)— (d). A barometer tube is used 

in diagram (b), immersed in the same liquid pool, 
in this case usually mercury, as the manometer 
tube. A more compact form is provided by the 
closed manometer, shown in (c). This again uses 
mercury, and the space in the closed limb is evacu- 
ated. A useful version of the closed manometer 
which can be used with oil is shown in (d), where 
the tap may be opened when the apparatus is at 
zero pressure, and closed immediately before tak- 
ing measurements. When oil is used in vacuum 
measurement, difficulty will be experienced with 
the liberation of dissolved gases, which must be 
removed slowly by slow reduction of the pressure. 



VACUUM 




(a) 





T 



M 

oil 
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Figure 10.1 Liquid manometers. 
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10.2.3 The McLeod gauge (1878) 

Function This gauge measures the pressure of 
gases only, from 5 x 10 _4 Pa to atmospheric by 
measuring the force exerted by a sample of the 
gas of known volume after a known degree of 
compression. 

Construction This is of glass as shown in Figure 
10.2 and uses mercury as the manometric liquid. 
The measuring capillary E and the reference 
capillary F are cut from the same length of tube 
to equalize capillary effects. A trap R refrigerated 
with liquid nitrogen or solid carbon dioxide 
excludes vapors, and prevents the escape of mer- 
cury vapor from the gauge. The tap T maintains 
the vacuum in the gauge when it is transferred to 
another system. 

Operation The mercury normally stands at A, 
allowing the bulb and measuring capillary to 
attain the pressure p in the vacuum apparatus; 



To 

vacuum 

apparatus 




at pressures below 10“ 2 Pa several minutes are 
required for this. To take a reading, the mercury 
is raised by slowly admitting air to the mercury 
reservoir VI. When the mercury passes B, a sam- 
ple of gas of volume V is isolated, and the pres- 
sure indicated will be that in the gauge at this 
instant. The mercury in the reference capillary is 
then brought to O, the level of the top of the 
measuring capillary and the length k of the 
enclosed gas column, of area a , is measured. 
The mercury is then returned to A, by reducing 
the pressure in the reservoir M, thus preparing 
the gauge for a further measurement. 

Calculation of the pressure Applying Boyle’s law 
to the isolated sample of gas, we have 

original pressure x original volume 
= Final pressure x final volume 

or 

pV — (hpg + p)ah 

where p is the density of mercury and g is the 
acceleration due to gravity. 

Thus 

ah 2 

P= V=ah K 

When measuring low pressures, the final volume 
ah is very much less than the original volume v. 
Hence 




Showing that p oc h 2 , giving a square law scale. 

The value of a is found by weighing a pellet of 
mercury of known length inserted in the measur- 
ing capillary, and Fis determined by weighing the 
quantity of distilled water that fills the bulb and 
measuring capillary from the level A, to its closed 
end. Both of these measurements are carried out 
by the manufacturer, who then calculates values 
of h corresponding to a series of known pressures, 
which can then be read directly on the scale. 

The Ishii effect The use of a refrigerated trap 
with this gauge, which is necessary in almost 
every instance, leads to a serious underestimation 
of the pressure, which is greater for gases with 
large molecules. First noted by Gaede in 1915, 
and thoroughly investigated by Ishii and 
Nakayama in 1962 the effect arises from the 
movement of mercury vapor from the pool at A, 
which passes up the connecting tube, and then 
condenses in the refrigerated trap. Gas molecules 
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encountered by the mercury vapor stream are 
carried along with it, and are removed from the 
bulb, producing a lowering of the pressure there. 
The effect is greater for large molecules since they 
provide large targets for the mercury vapor 
stream. The error may be reduced by reducing 
the mercury vapor flow, by cooling the mercury 
pool at A artificially, or by reducing the diameter 
d of the connecting tube. In the latter case the 
response time of the gauge to pressure changes 
will be lengthened. 

Approximate errors for a gauge in which 
d = 1 cm, and the mercury temperature is 300 K 
are -4 percent for helium, —25 percent for 
nitrogen, and —40 percent for xenon. 

However, the McLeod gauge, although popu- 
lar in the past, is less used nowadays due to the 
difficulty of its operation, its delicate structure 
and size, and its hazardous nature (it contains 
mercury). 

10.3 Non -absolute gauges 

10.3.1 Thermal conductivity gauges 

Function These gauges measure the pressure of 
gases and vapors from 1000 Pa to 10" l Pa by 
making use of the changes in thermal conductivity 
which take place over this range. Separate cali- 
bration against an absolute gauge is required for 
each gas. Since the sensitive element used is an 
electrically heated wire, these gauges are known 
as hot-wire gauges. 

10.3.1.1 Thermocouple gauge ( Voege 1906) 

Construction An electrically heated wire operat- 
ing at a temperature of about 320 K is mounted 
inside a glass or metal envelope connected to the 
vacuum apparatus. A thermocouple attached to 
the center of the wire enables its variation in tem- 
perature due to pressure changes to be observed. 
For simplicity the construction shown in Figure 
10.3 may be used. Four parallel lead-through wires 
pass through one end of the envelope, and two 
noble metal thermocouple wires are fixed across 
diagonal pairs. The wires are welded at their inter- 
section so that one dissimilar pair forms the hot 
wire, and the other, the thermocouple. 



R 




Operation A stabilized electrical supply S is con- 
nected to the hot wire, and adjusted to bring it to 
the required temperature. The resistance R con- 
nected in series with the millivoltmeter M is used 
to set the zero of the instrument. A rise in the 
pressure increases the heat loss from the wire, caus- 
ing a fall of temperature. This results in a reduction 
of thermocouple output registered by M, which is 
scaled to read pressure of dry air. 

10.3. 1.2 The Pirani gauge (Pirani 1906 ) 

Construction An electrically heated platinum or 
tungsten wire, operating at a temperature of 320 K, 
is mounted along the axis of a glass or metal tube, 
which is connected to the vacuum apparatus. 
Changes in the pressure cause temperature 
changes in the wire, which are followed by using 
the corresponding changes in its electrical resis- 
tance. The wire temperature may also be affected 
by variations of room temperature and these are 
compensated by use of an identical dummy gauge 
head sealed ofT at a low pressure. The gauge and 
dummy heads are shown in Figures 10.4 and 10.5. 
For reasons of economy, the dummy head is often 
replaced by a bobbin of wire having the same 
resistance and temperature coefficient of resistance, 
mounted close to the gauge head. 

Operation The gauge and dummy heads form 
adjacent arms of a Wheatstone bridge circuit as 
shown in Figure 10.6. This arrangement also 
compensates for the effects of temperature 
changes on the resistance of the leads connecting 
the gauge head to the control unit, thereby allow- 
ing remote indications of pressure. Resistances Y 
and Z form the other arms of the bridge, Z being 
variable for use in zero setting. Power is obtained 
from a stabilized supply S, and the meter M 
measures the out-of-balance current in the bridge. 

The wire is brought to its operating tempera- 
ture, and the bridge is balanced giving zero current 
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through M, when the pressure is low. A rise in 
pressure causes an increase of heat loss and a fall 
in temperature of the wire. If the power input is 
kept constant, the wire temperature falls, causing 
a fall of resistance which produces a current 
through M, which is calibrated to read pressure 
of dry air. Alternatively, the fall in wire tempera- 
ture may be opposed by increasing the input 
voltage so that the wire temperature remains con- 
stant. The input voltage then depends on the 
pressure, and the meter measuring the voltage 
can be scaled to read pressure. The constant bal- 
ance of the bridge is maintained by a simple 
electronic circuit. This arrangement is effective 
in extending the high pressure sensitivity of the 
gauge to 10 4 Pa or higher, since the wire tempera- 
ture is maintained at this end of the pressure 
range. 

10.3.1.3 The thermistor gauge 

This gauge closely resembles the Pirani gauge in 
its construction except that a small bead of semi- 
conducting material takes the place of the metal 
wire as the sensitive element. The thermistor bead 
is made of a mixture of metallic oxides, about 
0.2 mm in diameter. It is mounted on two plat- 
inum wires 0.02 mm in diameter, so that a current 




may be passed through it. Since the semicon- 
ductor has a much greater temperature coefficient 
of resistance than a metal, a greater sensitivity 
is obtained. Furthermore, on account of its small 
size it requires less power, allowing the use of 
batteries, and it responds more rapidly to sudden 
changes of pressure. 

10.3.2 Ionization gauges 

These gauges measure the pressure of gases and 
vapors over the range 10 3 Pa to 10 -S Pa by mak- 
ing use of the current carried by ions formed in 
the gas by the impact of electrons. In the cold- 
cathode gauges, the electrons are released from 
the cathode by the impact of ions, while in the 
hot-cathode gauges the electrons are emitted by a 
heated filament. 

10.3.2.1 The discharge-tube gauge 

Construction This is the simplest of the cold- 
cathode ionization gauges and operates over the 
range from 10 3 Pa to 10~ 8 Pa. The gauge head 
shown in Figure 10.7 consists of a glass tube 
about 1 5 cm long and 1 cm in diameter, connected 
to the vacuum apparatus. A flat or cylindrical 
metal electrode attached to a glass/metal seal is 
mounted at each end. Aluminum is preferable as 
it does not readily disintegrate to form metal 
films on the gauge walls during use. A stable 
power supply with an output of 2.0 kV at 
2,0 mA is connected across the electrodes, in ser- 
ies with a resistor R of about 2 MQ to limit the 
current, and a 1 mA meter M scaled to read the 
pressure. 

Operation When the gauge is operating, several 
distinct luminous glows appear in the tube, the 
colors of which depend on the gases present. 
These glows are called the positive column P 
and negative glow N and result from ionization 
of the gas. The process is illustrated in Figure 
10.8, where a positive ion striking the cathode C 
releases an electron. The electron is accelerated 
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Figure 1 0.7 The discharge-tube gauge. 
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towards the anode, and after travelling some dis- 
tance encounters a gas molecule and produces the 
ionization which forms the negative glow. Ions 
from the negative glow are attracted to the cath- 
ode where further electrons are emitted. This pro- 
cess, though continuous when established, 
requires some initial ions to start it. These may 
be formed by traces of radioactivity in the envir- 
onment, though some delay may be experienced 
after switching on. The operating pressure range 
is determined by the electron path lengths. Above 
10 3 Pa the motion of the electrons is impeded by 
the large number of gas molecules, while below 
about 10 -1 Pa the electrons travel the whole 
length of the tube without meeting a gas mol- 
ecule, and ionization ceases. 

10.3.2.2 The Penning ionization gauge (Penning 
1937) 

This cold-cathode gauge is sensitive, simple, and 
robust, and therefore finds wide industrial appli- 
cation. It measures the pressure of gases and 
vapors over the range from 1 Pa to 10“ 5 Pa, This 
is shown in Figure 10,9. 

Construction A glass or metal envelope con- 
nected to the vacuum apparatus houses two paral- 
lel cathode plates C of non-magnetic material 
separated by about 2 cm, and connected together 
electrically. Midway between these and parallel to 




• Electron 



Negative glow 

Figure 10,8 The production of carriers in the glow 
discharge. 



them is a wire anode ring A. Attached to the out- 
side of the envelope is a permanent-magnet assem- 
bly which produces a transverse magnetic flux 
density B of about 0.03 T. This greatly increases 
the electron path length and enables a glow dis- 
charge to be maintained at low pressures. An alter- 
native construction, of greater sensitivity, due to 
Klemperer (1947), is shown in Figure 10.10. This 
uses a non-magnetic cylindrical cathode C about 
30 mm in diameter and 50 mm long, which may 
form the gauge envelope, along the axis of which 
is a stiff wire anode A, 1 mm in diameter. An axial 
magnetic flux density B of about 0.03 T is provided 
by a cylindrical permanent magnet or solenoid. 

Operation A stable 2.0 kV power supply capable 
of supplying 2 mA is connected in series with a 
1 mA meter M scaled to read pressure. The 2Mf2 
ballast resistor R limits the current to 1 mA at the 
upper end of the pressure range. Electron paths in 
the gauge are shown in Figure 10.11. The elec- 
trode assembly, shown in section, is divided for 
purposes of explanation into two regions. On the 
right-hand side the magnetic field is imagined to 
be absent, and an electron from the cathode oscil- 
lates through the plane of the anode ring several 
times before collection, thereby increasing the 
electron path length. On the left-hand side, the 
presence of the magnetic flux causes a helical 
motion around the oscillatory path, causing a still 
greater increase. The combined effect of these two 
processes is to bring about electron paths many 
meters in length, confined within a small volume. 
All gas discharges are subject to abrupt changes 
in form when the pressure varies. These mode 
changes lead to a sudden change in gauge current 
of 5 to 10 per cent as the pressure rises, which is 
not reversed until the pressure is reduced below 
the level at which it occurred. The effect, shown 
in Figure 10.12, is known as hysteresis, and 
causes ambiguity since a given pressure p is asso- 
ciated with two slightly different currents i\ and 
ii - By careful design, the effect may be minimized, 
and made to appear outside the operating range 
of the gauge. 




Figure 1 0.9 The Penning gauge. 
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B - 0.03T 

Figure 10.10 Cylindrical form of Penning gauge. 




Figure 10.11 Electron paths in the Penning gauge. 




Figure 10.12 Hysteresis in the Penning gauge. 



10.3.2.3 The hot-cathode ionization gauge 
C Buckley 1916) 

Construction The gauge head shown in Figure 
10.13 is a special triode valve, usually with a hard 
glass envelope. Stainless steel may also be used, 
or a nude form of gauge in which the gauge 
electrodes are inserted directly into the vacuum 
vessel. The filament F, of heavy-gauge tungsten, 
operates at about 2000 K, and may be readily 
damaged by accidental inrushes of air. A filament 
of iridium coated with thorium oxide operating at 
a lower temperature is almost indestructible. 
Around the filament is a molybdenum or tung- 
sten grid G also heavily constructed, and outside 
the grid is a cylindrical ion-collector C of nickel. 
Since the ion current received by this electrode 
is very small, special care is taken with its 
insulation. 




Figure 1 0.13 The hot-cathode ionization gauge. 



Operation The gauge head is furnished with 
stable electrical supplies as shown in Figure 
10.14. The filament is heated to produce electrons 
which are attracted to the grid where a fraction of 
them is immediately collected. The remainder 
oscillate several times through the grid wires 
before collection, forming ions by collision with 
the gas molecules. The electron current i is meas- 
ured by M\ and is usually between 0.1mA and 
5.0mA. Ions formed between the grid and ion- 
collector constitute an ion current 4 shown by 
M 2 . Electrons are prevented from reaching the 
ion-collector by the application of a negative bias 
of 20 V. Ions formed between the filament and the 
grid are attracted by the filament where their 
impact etches its surface and shortens its life. This 
is particularly the case when the gauge is operated 
at pressures above 1 Pa, and if active gases such 
as oxygen are present. 

Outgassing Since the gauge is highly sensitive, 
the gas molecules covering the electrodes and 
envelope must be removed by heating them tc 
the highest safe temperature. For the filament, 
the required temperature can be obtained by 
increasing the filament current, while the grid 
and ion-collector may be healed by electron bom- 
bardment, using the filament as the source. Com- 
mercial gauge control units make provision for 
this treatment. The envelope is heated in an oven, 
or by means of a hot-air gun. 

Pumping During operation, the gauge removes 
gas molecules from the vacuum apparatus, and 
thus behaves as a pump. Two processes are 
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Figure 10.14 Hot-cathode ionization gauge. 



involved: at the filament one takes place in which 
molecules of active gases combine to form stable 
solid compounds; in the other, at the ion-collector, 
the positive ions embed themselves beneath its sur- 
face. The speed of pumping can be reduced by 
lowering the filament temperature and by reducing 
the rate of collection of ions. 



Relationship between ion current and pressure If 
the pressure is p , the ion current i + , and the 
electron current /, it is found for a given gas, say 
nitrogen, that 

cc pi- (10.1) 

Therefore 

i + =KpL (10.2) 

where AT is a constant called the gauge factor for 
nitrogen. The SI unit is Pa -1 , and its value for an 
average gauge is 0.1 Pa'" 1 . The value for a par- 
ticular gauge is given by the maker. For other 
gases 

/+ = CKpi_ (10.3) 

where C is the relative sensitivity, with respect to 
nitrogen. Its approximate value for various gases 
is as follows: 

Gas He H 2 N 2 Air Ar Xe Organic 

vapors 

C 0.16 0.25 1.00 1.02 1.10 3.50 >4.0 

Equation (10.3) shows that for a given gas and 
value of i- 



i+ 

This valuable property of the gauge is obtained 
by stabilizing /_ by means of an electronic servo 
system which controls the filament temperature, 
and can switch the filament off if the gauge pres- 
sure becomes excessive. 




Figure 10.15 The Bayard-Alpert ionization gauge. 



10.3.2.4 The Bayard-Alpert ionization gauge 
(1950) 

The soft X-ray effect The conventional ioniza- 
tion gauge described in Section 10.3.2.3 is not 
able to measure pressures below 10 _6 Pa, due to 
the presence of a spurious current in the ion- 
collector circuit produced by processes occurring 
in the gauge, and independent of the presence of 
gas. This current is produced by soft X-rays gen- 
erated when electrons strike the grid. The phe- 
nomenon is called the soft X-ray effect. The 
wavelength A of this radiation is given by 

A = 1200/ F nm (10.4) 

where V is the grid potential. If this is 120 volts 
then A=10nm. Radiation of this wavelength 
cannot escape through the gauge envelope, but 
when absorbed by the ion-collector causes the 
emission of photoelectrons which are collected 
by the grid. In the collector circuit the loss of an 
electron cannot be distinguished from the gain of 
a positive ion, so that the process results in a 
steady spurious ion current superimposed on the 
true ion current. The spurious current is about 
10“ 10 A and is of the same order of magnitude as 
true ion current at 10 -6 Pa. It is therefore difficult 
to measure pressures below this value with this 
type of gauge. A modified design due to Bayard 
and Alpert shown in Figure 10.15 enables the 
area of the ion-collector, and hence the spurious 
current, to be reduced by a factor of 10 3 , thereby 
extending the range to 10“ 9 Pa. 



Construction The filament F is mounted outside 
a cylindrical grid G, having a fine wire collector C 
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of 0.1mm diameter tungsten mounted along 
its axis. The electrodes are mounted in a glass 
envelope which has a transparent conducting 
coating W on its inner wall to stabilize the surface 
potential. 

Operation The gauge is operated in the same 
manner as a conventional ionization gauge. Elec- 
trons from the filament oscillate through the grid 
volume and form ions there. These ions are 
pushed by the positive potential of the grid 
towards the ion-collector, which forms their only 
means of escape. Thus despite its small area. 



the electrode is an extremely good collector of 
ions. 
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11 Particle sizing 



W. L. SNOWSILL 



11.1 Introduction 

The size of particles is an extremely important 
factor in their behavior. To name but a few 
examples, it affects their chemical reactivity, their 
optical properties, their performance in a gas 
stream, and the electrical charge they can acquire. 
The methods used for assessing size are often 
based on one or more of these effects. 

Particulate technology is a complex subject, 
and the major factor in this complexity is the 
variety of the physical and chemical properties 
of the particles. What appears to the naked eye 
as a simple gray powder can be a fascinating 
variety of shapes, colors, and sizes when viewed 
under a microscope. Particles can be solid or 
hollow, or filled with gas. The surface structure, 
porosity, specific gravity, etc., can have a profound 
effect on their behavior. Their ability to absorb 
moisture or to react with other chemicals in the 
environment or with each other can make hand- 
ling very difficult as well as actually affecting the 
size of the particles. The size analyst has to 
combat the problem of particles adhering to each 
other because of chemical reactions, mechanical 
bonding or electrostatic charging, and the prob- 
lem increases as the size decreases. At the same 
time he must be aware that the forces applied to 
keep them separate may be enough with friable 
particles to break them. 

Sampling is a crucial factor when measure- 
ments are made on particles. The essential points 
are: 



(a) To be of any value at all, the sample must be 
representative of the source. 

(b) Steps must be taken to avoid the sample chang- 
ing its character before or during analysis. 

(c) Particulate material when poured, vibrated, 
or moved in any way tends to segregate itself. 
The coarser particles tend to flow down the 
outside of heaps, rise to the top of any vibrat- 
ing regime, and be thrown to the outside 
when leaving a belt feeder. These factors need 
to be given careful consideration especially 
when attempting to subdivide samples. 



11.2 Characterization of 
particles 

Most particles are not regularly shaped so that it 
is not possible to describe the size uniquely. To 
overcome this problem, the standard procedure is 
to use the diameter of equivalent spheres. However, 
an irregularly shaped particle can have an almost 
limitless number of different equivalent spheres 
depending on the particular parameter chosen for 
equivalence. 

For example, the diameter of a sphere with an 
equivalent volume would be different from that 
with an equivalent surface area. 

Consider a cubic particle with edge of length x. 
The diameter of an equivalent volume sphere 
would be *(6/7r) 1/3 , i.e., 1.24*. The diameter of an 
equivalent surface area sphere would be jc(6/7t) 1/2 , 
i.e., 1.38*. The chosen equivalent is usually related 
to the method of analysis. It is sensible to select 
the method of analysis to suit the purpose of the 
measurement but in some cases this is compli- 
cated by practical and economic considerations. 

Sometimes, the equivalent diameter is not par- 
ticularly relevant to the process, whereas the 
actual measurement made is relevant. In such 
cases, the size is sometimes quoted in terms of 
the parameter measured. A good example of this 
is terminal velocity (see Section 11.3). If, for 
example, information is required to assess the 
aerodynamic effect of a gas stream on particles, 
terminal velocity is more relevant than particle 
size. Even if the particles are spherical, conver- 
sion can be complicated by the possible variations 
in particle density. The term “vel” is sometimes 
used to denote particle size. A 1 -vel particle has a 
free falling speed of lOmrns -1 in still dry air at 
s.t.p. 

It is important when equivalent diameters are 
quoted that the basis (equivalent mass, volume, 
surface area, projected area, etc.) is clearly stated. 



11.2.1 Statistical mean diameters 

Microscopic examination of an irregularly shaped 
particle suggests other methods of assessing 
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Figurell.1 Statistical diameters. 



the mean diameter. Consider a large number of 
identical particles, “truly” randomly orientated on 
a microscope slide. The mean of a given measure- 
ment made on each of the particles but in the same 
direction (relative to the microscope) would yield a 
statistical mean diameter. The following is a series 
of statistical mean diameters that have been pro- 
posed (see Figure 11.1): 

(a) Feret diameter: the mean of the overall 
width of a particle measured in all directions. 

(b) Martin’s diameter: the mean of the length of 
a chord bisecting the projected area of the 
particle measured in all directions. 

(c) Projected area diameter: the mean of the diam- 
eters of circles having the same area as the 
particle viewed in all directions. 

(d) Image shear diameter: the mean of the dis- 
tances that the image of a particle needs to be 
moved so that it does not overlap the original 
outline of the particle, measured in all direc- 
tions. 

In microscopy, because particles tend to lie in a 
stable position on the slide, measurements as 
above of a group of particles would not be “truly” 
randomly orientated. In these circumstances, the 
above diameters are “two-dimensional statistical 
mean diameters.” 

11.3 Terminal velocity 

The terminal velocity of a particle is that velocity 
resulting from the action of accelerating and drag 
forces. Most commonly it is the free falling speed 
of a particle in still air under the action of gravity. 



The relationship between the terminal velocity of 
a particle and its diameter depends on whether 
the flow local to the particle is laminar or turbu- 
lent. In laminar flow, the particle falls more 
quickly than in turbulent flow where particles tend 
to align themselves for maximum drag and the 
drag is increased by eddies in the wake of the 
particles. 

The general equation for the drag force F on a 
particle is: 

F = Kd" V"r) 2 ~"pQ~ i 

where K is the drag coefficient depending on 
shape, surface, etc., d is the particle dimension 
(diameter of a sphere), V is relative velocity, i] is 
fluid viscosity, po is fluid density, and n varies 
from 1 for laminar flow to 2 for turbulent flow. 

For some regularly shaped particles K can be 
calculated. For example, for a sphere in laminar 
flow, K = 3tt. 

Hence from the above, we find for laminar flow 
spheres 

F = 3k d Vrj 

and this is known as Stokes’s law. 

By equating drag force and gravitational force 
we can show 



7rd^ 

indV T t] = — — 

6(p - Po)g 

where p is particle density, and K T is terminal 
velocity. Thus, 






If the terminal velocity of irregularly shaped par- 
ticles is measured together with p and the value 
obtained for d is the Stokes diameter. Sometimes 
the term “aerodynamic” diameter is used, denot- 
ing an equivalent Stokes sphere with unit density. 
Stokes diameters measured with spheres are 
found to be accurate (errors < 2 percent) if the 
Reynolds number 



Re = 



Po Vd 
V 



is less than 0.2. At higher values of Re. the calcu- 
lated diameters are too small. As Re increases, n 
increases progressively to 2 for Re > 1000 when 
the motion is fully turbulent, and according to 
Newton the value of K for spheres reduces to tt/ 1 6. 

For very small particles where the size 
approaches the mean free path of the fluid mole- 
cules (~0.1 pm for dry air at s.t.p.) the drag force 
is less than that predicted by Stokes. Cunningham 
devised a correction for Stokes’s equation: 



F = 3ftdVi) 



1 

1 + (bX/d) 
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where A is the mean free path and b depends on 
the fluid (e.g., for air at s.t.p. dry, b ~ 1.7). 



11.4 Optical effects caused by 
particles 

When light passes through a suspension of par- 
ticles, some is absorbed, some scattered and a 
proportion is unaffected, the relative proportions 
depending on the particle size, the wavelength of 
the light, and the refractive indices of the media. 
The molecules of the fluid also scatter light. 

Some optical size-analysis methods infer size 
from measurements of the transmitted, i.c., unaf- 
fected light, others measure the scattered light. 
Some operate on suspensions of particles, others 
on individual particles. 

The theory of light-scattering by particles is 
complicated. Rayleigh’s treatment, which applies 
only to particles whose diameter rf<A (the 
wavelength), shows that the intensity of scattered 
light is proportional to c/ 6 /A 4 . It also shows that 
the scattering intensity varies with the observa- 
tion angle and this also depends on d . As size d 
approaches A, however, the more rigorous treat- 
ment of Mie indicates that the scattering intensity 
becomes proportional to d 2 , i.e., particle cross- 
sectional area, but that the effective area is differ- 
ent from the geometrical area by a factor K , 
known as the scattering coefficient or efficiency 
factor, which incorporates d, A and the refractive 
index. Where d <£ A the two theories are similar. 
In the region around d = A, however, K oscillates 
(typically between about 1.5 and 5) tending 
towards a mean of 2. Beyond about d = 5A, the 
value of K becomes virtually 2, i.e., the effective 
cross-sectional area of a particle is twice the geo- 
metrical area. As df\ increases the preferred scat- 
tering angle reduces and becomes more distinct 
and forward scattering predominates (diffraction). 

If the light is not monochromatic, the oscilla- 
tion of K is smoothed to a mean of about 2. 

The ratio of the intensity of the transmitted light 
/t to the incident light /<> is given by the Lambert- 
Becr law 



where a is the total projected area of the particles 
in the light beam, A is the area of the beam, and 
again K is the scattering coefficient. This is often 
simplified to 

optical density D = log IO /o//T 

= 0.4343 K(alA) 

The scattering coefficient is sometimes called the 
“particle extinction coefficient.” This should not 



be confused with extinction coefficient £. If the 
transmission intensity of a beam of light changes 
from /o to / t in a path length L 

h/Io = tL 

where K is contained within £. 

Extinction ln/o/A is the Napierian equivalent 
of optical density. 

Although the value of K has been shown to be 
virtually 2, the scattering angle for larger particles 
( ~ 30 yum) is small and about half the light is 
forward-scattered. It follows that depending on 
the observation distance and the size of the sen- 
sor, much of the forward-scattered light could be 
received and the effective value of K in the above 
expression could be as low as 1. It will be apparent 
that the effect of a distribution of particles on 
light transmission is not a simple function of the 
projected area. 

Bearing in mind the above limitations on K. it 
is possible to estimate the transmitted light inten- 
sity through a distribution of particles by sum- 
ming the area concentrations within size bands. 
In each band of mean diameter d , the effective 
area a! A is 1.5 KcLfpd, where c is the mass con- 
centration, L is the optical path length, and p is 
the particle density. 



11.5 Particle shape 

Although we can attribute to a particle an equiva- 
lent diameter, for example a Feret diameter d f, 
this does not uniquely define the particle. Two 
particles with the same Feret diameter can have a 
very different shape. We can say that the volume 
of an equivalent sphere is 

TV 

W 5 

but we must recognize that the actual volume V is 
probably very different. Heywood has proposed 
the use of shape coefficients. We can assign a 
coefficient a to a particle such that 

V — ocx',r(df)* 

Thus, if we use another method of size analysis 
which in fact measures particle volume V> know- 
ing d? we can calculate a^F- Similarly, by meas- 
uring particle surface area 5, we can assign a 
coefficient a,s,F so that 

S = ocs^ldfY 

<x \\ f is called the volume shape coefficient (based 
on Feret diameter) and as . f is called the surface 
shape coefficient (based on Feret diameter). 

Clearly, there are other shape coefficients, and 
they can be associated with other diameters. 
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The ratio a$Iav = a s .\ is called the surface 
volume shape coefficient. 

The subject is covered by BS 4359 (1970) Pt III 
which includes definitions and tables of the vari- 
ous coefficients for a number of regular shapes: 
cubes, ellipsoids, tetrahedra, etc., and a number 
of commonly occurring particles. The coefficients 
as, <av and a s.v together provide a very good 
indication of particle shape, in a quantified form. 



11.6 Methods for characterizing 
a group of particles 

We have already established a number of alter- 
native “diameters” to be used to characterize 
particles. There are also several ways of 
characterizing groups of particles. They are all 
assessments of the quantities of particles within 
“diameter” bands, but the quantities can be num- 
bers of particles, mass of particles, volume, sur- 
face area, etc. As with particle equivalent 
diameters, it is important that the basis of the 
analysis is made clear. 

There are also several methods for expressing 
the results of a size analysis. Perhaps the most 



Tablell.l Alternative methods of tabulating the same size 
analysis 

(a) (b) 



Size band 
(pm) 


% mass 
in band 


Stated 

size 


% less than 
stated size 


0-5 


0.1 


5 


0.1 


5-10 


2.4 


10 


2.5 


10-15 


7.5 


15 


10.0 


15-20 


50.0 


20 


60.0 


20-25 


27.0 


25 


87.0 


25-30 


12.5 


30 


99.5 


>30 


0.5 








Figure 11.2 Relative percentage mass-frequency plot. 



obvious is tabulation and a contrived example of 
this is given in Table 11.1 which shows the masses 
of particles contained within 5 fim size fractions 
from 0 to 40 /_ an . The main disadvantage is that it 
requires considerable experience to recognize 
what could be important differences between 
samples. Such differences are much more readily 
apparent if the results are plotted graphically. 
One method is to plot the quantity obtained, be 
it mass, volume, surface area, or number of par- 
ticles in each size fraction against size, both on a 
linear scale. This is called a relative frequency 
plot and Table 11.1 has been transferred in this 
way to Figure 1 1.2. 

Students with a little understanding of statistics 
will be tempted to compare this with a normal or 
Gaussian distribution (also shown). In practice, 
Gaussian distributions are not very common with 
powder samples but this simple example is useful 
to illustrate a principle. 



11.6.1 Gaussian or normal distributions 

The equation for a Gaussian distribution curve is 



v* = - 



■\Z2jt 



exp - 



(2a 2 ) 



where fy dx, the area under the curve, represents 
the total quantity of sample (again number, mass, 
volume, etc.) and is made equal to 1. The symbol 
x represents the arithmetic mean of the distribu- 
tion and a the standard deviation of the distribu- 
tion is a measure of the spread. These two 
parameters uniquely define a Gaussian distribu- 
tion. It can be shown that 68.26 percent of the 
total area under the curve is contained between 
the boundaries x = x±a. In this case we have 
plotted the values of ySx for equal 5 fi m incre- 
ments. We could just as easily have drawn a 
histogram. At this point it should be stated that 




Figure 11 .3 Cumulative percentage mass-frequency 
plot using linear scales. 
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if any one of the distributions should turn out to 
be “normal” or Gaussian, then none of the other 
plots, i.e., number, volume, surface area distribu- 
tions, will be Gaussian. 

An advantage of the above presentation is that 
small differences between samples would be read- 
ily apparent. However, it would be useful to be 
able to measure easily the values of x and a and 
this is not the case with the above. Two alterna- 
tives are possible. One is to plot a cumulative 
percentage frequency diagram, again on linear 
axes, as in Figure 1 1.3. In this case one plots the 
percentage less (or greater) than given sizes. 
Alternatively, one can plot the same information 
on linear-probability paper where one axis, the 
percentage frequency axis, is designed so that a 
Gaussian distribution will give a straight line, as 
in Figure 1 1.4. In a non-exact science such as size 
analysis, the latter has distinct advantages, but in 
either case the arithmetic mean x is the value of .v 
at the 50 percent point and the value of a can 
be deduced as follows. Since 68.26 percent of a 
normal distribution is contained between the 
values x = x + a and x = x — a, it follows that 

(7 = X S 4% ~X = X- *16% 

= ^ (*84% ~~ *16%) 

because *§ 4 % - x\s% covers the range of 68 per 
cent of the total quantity. 
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Figure 11.4 Cumulative percentage mass-frequency 
plot using linear x percentage scales. 



The closeness of fit to a Gaussian distribution 
is much more obvious in Figure 11.4 than in 
Figures 11.2 and 11.3. With probability paper, 
small differences or errors at either extreme pro- 
duce an exaggerated effect on the shape of the 
line. This paper can still be used when the distri- 
bution is not “normal” but in this case, the line 
will not be straight and standard deviation is no 
longer meaningful. If the distribution is not “nor- 
mal” the 50 percent size is not the arithmetic 
mean but is termed the median size. The arith- 
metic mean needs to be calculated from 

* = ^(percentage in size fraction 
x mean of size fraction )/ 100 

and the basis on which it is calculated (mass, 
surface, area, volume, or particle number) has to 
be stated. Each will give a different mean and 
median value. 

11.6.2 Log-normal distributions 

It is unusual for powders to occur as Gaussian 
distributions. A plot as in Figure 11.2 would 
typically be skewed towards the smaller particle 
sizes. Experience has shown, however, that pow- 
der distributions often tend to be log-normal. 
Thus a percentage frequency plot with a logarith- 
mic axis for the particle size reproduces a close 
approximation to a symmetrical curve and a cumu- 
lative percentage plot on log-probability paper 
often approximates to a straight line. Figure 1 1.5. 
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Figure 11.5 Cumulative percentage mass-frequency 
plot using base lOIogx percentage scales. 
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In a true log-normal distribution, the equation 
becomes 



) ! = - 



■s/2^ 



exp 



( In .v 



- In x) ** 



where now it is J vd(ln.x), the area under the 
curve using a log axis which represents the total 
quantity, and a now refers to the log distribu tion 
and is not the same as before. The expression ln.v 
is the arithmetic mean of the logarithms of the 
size so that x is now the geometric mean of the 
distribution. On a cumulative percentage dia- 
gram, x, the geometric mean particle size is the 
50 percent size and <j is found from 
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If x is plotted on base-10 logarithm x probability 
paper, 
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Again x and a define the distribution. 

Sometimes a is replaced by In B to show that it 
is the standard deviation of a log-normal distri- 
bution 



B — *>/(- v 84 /-*' 1 6 ) 

Again, if the cumulative percentage plot is not 
truly linear the derivation of the standard devi- 
ation is not truly meaningful and the 50 percent 
size is then the median size. However, in practice 
such curves are commonly used for comparing 
size analyzes and it is sometimes useful for math- 
ematical treatment to draw an approximate 
straight line. 

A feature of a log normal distribution is that if 
one method of treatment, for example a mass 
particle size analysis, demonstrates log-normal 
properties, then all the other methods will also be 
log-normal. Clearly the values of x will be differ- 
ent. Log-probability diagrams are particularly use- 
ful when the range of particle sizes is large. 



11.6.3 Rosin-Raminler distributions 

Some distributions are extremely skewed, for 
example, ground coal. Rosin and Rammler have 
developed a further method for obtaining a 
straight-line cumulative percentage frequency 



graph. If the percentage over size v is R , it has 
been found that 

loglog(l00/R) = K -\- ti log x 

where K is a constant and n a characteristic for 
the material. 

The Rosin-Rammler distribution is included 
for completeness but its use is not generally 
recommended. 

Sometimes when a distribution covers a w'ide 
range of sizes, more than one analysis method has 
to be used. It is not unusual for a discontinuity to 
occur in the graphs at the change-over point, and 
this can be due to shape or density effects (see 
shape factor. Section 11.5). 



11.7 Analysis methods that 
measure size directly 

11.7.1 Sieving 

Sieving is the cheapest, most popular, and prob- 
ably the most easily understood method of size 
analysis. It also covers a very wide range of sizes, 
it being possible to buy sieves (screens) ranging in 
mesh size from 5 \x m up to several centimeters. 
However, sieving of fine materials requires spe- 
cial techniques and the British Standard 
4 1 0:( 1 962) indicates a lower limit of /i.m. Sieves 
are made in a variety of materials from non- 
metallic (e.g., polyester) to stainless steel. The 
common method of construction is woven wire 
or fabric but the smallest mesh sizes are electro- 
formed holes in plates. The British Standard gives 
minimum tolerances on mesh size and wire spa- 
cing, etc. American, German, and I.S.O. stand- 
ards are also applicable with very similar criteria. 
The British Standard nomenclature is based on 
the number of wires in the mesh per inch. Thus 
B.S. sieve number 200 has 200 wires per inch and 
with a specified nominal wire diameter of 52 /im 
has a nominal aperture size of 75 pun square. In 
principle all particles less then 75 diameter in 
a sample of spherical particles will pass through a 
B.S. number 200 sieve. The sample is placed in 
the uppermost of a stack of sieves covering the 
range of diameters of interest arranged in ascend- 
ing order of size from the bottom. The powder is 
totally enclosed by means of a scaled base and lid. 
The stack is agitated until the panicles have 
found their appropriate level and the mass in each 
sieve noted. The tolerance on mesh size intro- 
duces a measure of uncertainty on the band- 
widths, and clearly irregularly shaped particles 
with one or more dimensions larger than the 
nominal size could still pass through. It is cus- 
tomary therefore to quote particle size when siev- 
ing in terms of “sieve” diameters. 
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Sieving is by no means as straightforward as it 
may first appear. For example, it is relatively easy 
for large particles to block the apertures to the 
passage of small particles (blinding) and there is a 
statistical uncertainty whether a small particle 
will find its way to a vacant hole. Both of these 
arc very dependent on the quantity of material 
placed on the sieve and as a general rule this 
quantity should be kept small. It is not possible 
to give an arbitrary figure for the quantity since it 
will depend on the material and its size distribu- 
tion. particle shape and surface structure, its 
adhesive qualities, and to some extent the sieve 
itself. The same comments apply to sieving time. 
Optimum times and quantities can only be found 
by experiment, assessing the variation in size 
grading produced by both factors. Generally a 
reduction in the quantity is more advantageous 
than an increase in sieving time and it is normally 
possible to obtain repeatable results with less 
than about 10 minutes' sieving. The analyst is 
cautioned that some friable materials break up 
under the action of sieving. 

A number of manufacturers produce sieves and 
sieving systems using various methods of 
mechanical agitation, some of which include a 
rotary action. The objective, apart from reducing 
the tedium, is to increase the probability of par- 
ticles finding vacant holes by causing them to 
jump off the mesh and to return in a different 
position. Figure 11.6 is an example of one that 
uses vibration. The vibration can be adjusted in 
amplitude, and it can be pulsed. 

A feature of any vibrating mechanism is that 
parts of it can resonate and this is particularly 
relevant to sieving where it is possible for the 




Figure 11.6 Fritsch Analysette sieve shaker. 



sieve surface to contain systems of nodes and 
anti-nodes so that parts of the surface are vir- 
tually stationary. This can be controlled to some 
extent by adjustment of the amplitude, but 
although the top sieve surface may be visible, 
through a transparent lid, the lower surfaces are 
not and they will have different nodal patterns. 
One solution to this dilemma is to introduce into 
each sieve a small number (5 to 10) of 10 nun 
diameter agate spheres. These are light enough 
not to damage the sieves or, except in very friable 
materials, the particles, but they break up the 
nodal patterns and therefore increase the effective 
area of the sieve. 

A useful feature of dry sieving is that it can be 
used to obtain closely sized samples for experi- 
mental purposes in reasonable quantities. 

Although most sieving is performed in the dry 
state, some difficult materials and certainly much 
finer sieves can be used in conjunction with a liquid, 
usually water, in which the particles are not soluble. 
The lid and base of the sieve stack are replaced by 
fitments adapted for the introduction and drainage 
of the liquid with a pump if necessary. 

Sieving systems arc now commercially avail- 
able which introduce either air or liquid move- 
ment alternately up and down through the sieves 
to prevent blinding and to assist the particles 
through the sieves. 

Results are usually quoted in terms of percent- 
age of total mass in each size range, the material 
being carefully removed from the sieve with the 
aid of a fine soft brush. In wet sieving, the mater- 
ial is washed out, filtered, dried at 105°C and 
weighed. Many powders are hygroscopic so that 
the precaution of drying and keeping in a des- 
sicator until cool and therefore ready for weighing 
is a good general principle. Convection currents 
from a hot sample will cause significant errors. 



11.7.2 Microscope counting 

1 L 7.2. 1 Basic methods 

With modern microscopes, the analyst can enjoy 
the benefits of a wide range of magnifications, a 
large optical field, stereoscopic vision and zoom 
facilities, together with back and top illumin- 
ation. These and calibrated field stop graticules 
have considerably eased the strain of microscope 
counting as a method of size analysis but it is still 
one of the most tedious. It has the advantage, 
however, that, as well as being able to size par- 
ticles, the microscope offers the posssibility of 
minute examination of their shape, surface struc- 
ture, color, etc. It is often possible to identify 
probable sources of particles. 

The optical microscope can be used to examine 
particles down to sizes approaching the wavelength 
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of light. At these very small sizes, however, inter- 
ference and diffraction effects cause significant 
errors, and below the wavelength of light the 
particles are not resolvable. Microscope counting 
is covered by British Standard 3406. 

Smaller particles, down to 0.001 /im diameter, 
can be examined using the electron microscope. 

The two major disadvantages of microscopy 
are: the restricted depth of focus which means 
that examination of a sample with a wide size 
range involves continual refocusing and the real 
possibility of missing “out-of-focus” particles 
during a scan; it depends more than most other 
methods on good representativeness. 

Several techniques are available for the prep- 
aration of slides, the all-important factor being 
that the sample is fully representative. The par- 
ticles also need to be well separated from each 
other. A common method is to place a small 
fraction of the sample onto the slide with one 
drop of an organic fluid such as methanol or 
propanol which disperses the particles. Subse- 
quent evaporation leaves the particles suitably 
positioned. The fluid obviously must not react 
with the particles, but. it must have the ability to 
''wet” them. Agitation with a soft brush can help. 
If the particles have a sticky coating on them, it 
may be necessary to remove this first by washing. 
One technique is to agitate, perhaps in water, to 
allow ample time for all the particles to settle and 
then to pour of! the fluid carefully, repeating as 
necessary. Obviously the particles must not be 
soluble in the fluid. Sometimes the material is first 
agitated in a fluid and then one drop of the 
particle-laden fluid transferred to the slide. 
Representativeness can only be tested by the 
repeatability of results from a number of samples. 
Techniques have been devised for transferring 
samples from suspension onto films within the 
suspension. It is sometimes possible to collect 
samples directly onto sticky slides coated with 
grease, gelatin, or even rubber solution. 

Earlier methods of microscope counting 
involved the use of an optical micrometer by 
which a cross-hair could be aligned with each side 
of each particle in turn and the difference meas- 
ured. As can be imagined this was slow and 
tedious and now the most commonly used 
methods involve calibrated field graticules. The 
graticules are engraved with a scale (Figure 11.7) 
nominally divided, for example, into 20 /im. 
100 ^m, and 1 mm steps. Calibration is dependent 
on the magnification and this is usually finely 
adjustable by moving the objective relative to 
the eyepiece slightly, or by adjusting the zoom if 
available. Calibration is effected by comparing 
the field graticule with a stage graticule, similarly 
and accurately engraved. When set, the stage 
graticule is replaced by the sample slide. 




Figure 11.7 Examples of eyepiece graticules. 



The slide is scanned in lateral strips, each strip 
an order or so wider than the largest particles, the 
objective being to cover the whole of the slide 
area containing particles. Typically one edge of 
a chosen reference particle will be aligned with a 
major graticule line using the longitudinal stage 
adjustment. The slide will then be traversed lat- 
erally along that line and all particles to the right 
of that line will be counted, and measured using 
the eyepiece scale. The slide will then be traversed 
longitudinally to the right until the original par- 
ticle is in the same relative position but, for example, 
five major graticule lines further over and the 
counting process is repeated for particles within 
the strip formed by the two lines. The process 
involves selecting new' reference particles as 
necessary. To avoid duplication, if a particle lies 
on one of the strip edge-lines, it is counted as if it 
w'ere in the strip to the right. Particles are allo- 
cated to size bands suitably chosen to give, say, 10 
points on the distribution curve. The tedium is 
relieved if operators work in pairs, one observing, 
one recording, alternately. 

Some graticules have been designed containing 
systems of opaque and open circles, the sizes 
arranged in various orders of progression. This 
can assist the classification of particles by com- 
parison into size bands, each bounded by one of 
the circles. 

When sizing irregularly shaped particles, micro- 
scope counting introduces a bias because the 
particles tend to lie in their most stable orient- 
ation. By making measurement of a distribution 
of randomly orientated particles on a slide along 
a fixed direction, one obtains a two-dimensional 
statistical mean diameter. 
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The method outlined above using a line grat- 
icule measures the mean two-dimensional Feret 
diameter, the direction being fixed parallel with 
the long edge of the slide. It is equally possible 
to measure the mean two-dimensional Martin's 
diameter, projected area or image shear diameter. 

To obtain three-dimensional mean diameters, it 
is necessary to take special steps to collect and fix 
the particles on the slide in a truly random fashion. 



11.7.2.2 Semi-automatic microscope size analyzers 

Semi-automatic methods are those where the 
actual counting is still done by the analyst but 
the task, especially the recording, is simplified or 
speeded up. 

The Watson image-shearing eyepiece is a 
device that replaces the normal eyepiece of a 
microscope and produces a double image, the 
separation of which can be adjusted using a cali- 
brated knob along a fixed direction, which again 
can be preset. The image spacing can be cali- 
brated using a stage graticule. In the Waston eye- 
piece the images are colored red and green to 
distinguish them. The technique in this case is to 
divide the slide into a number of equal areas, to set 
the shear spacing at one of a range of values and to 
count the number of particles in each area with 
image-shear diameters less than or equal to each of 
the range. 

Some methods have been developed for use 
with photomicrographs, particularly with the 
electron microscope. Usually an enlargement of 
the print, or a projection of it onto a screen, is 
analyzed using comparison aids. The Zeiss-End- 
ter analyzer uses a calibrated iris to produce a 
variable-diameter light spot which can be 
adjusted to suit each particle. The adjustment is 
coupled electrically via a multiple switch to eight 
counters so that pressing a foot switch automat- 
ically allocates the particle to one of eight preset 
ranges of size. A hole is punched in the area of 
each particle counted to avoid duplication. 



11. 7.2.3 Automatic microscope size analyzers 

Several systems have been developed for the auto- 
matic scanning of either the microscope field or 
of photomicrographs. In one type, the system is 
similar to a television scanning system and indeed 
the field appears on a television screen. Changes 
in intensity during the scan can be converted to 
particle size and the information analyzed in a 
computer to yield details of size in terms of a 
number of the statistical diameters. It can also 
calculate shape factors. One system, the Quan- 
timet, now uses digital techniques, dividing the 
field into 650,000 units. 



11.7.3 Direct optical methods 

Malvern Instruments Ltd. uses a laser and for- 
ward-scattering to analyze particles in suspen- 
sion. The parallel light from the laser passes 
through a lens, producing an intense spot at the 
focus. Light falling on any particle is diffracted 
and is brought to a focus in a system of Fraun- 
hofer diffraction rings centered on the axis and in 
the focal plane of the lens. The diameters corres- 
pond to the preferred scattering angles which are 
a function of the diameters of the particles. The 
intensity of each ring is proportional to the total 
cross-sectional area of the particles of that size. 
The variation of intensity therefore reflects the 
size distribution. Irregularly shaped particles pro- 
duce blurred rings. A multi-ringed sensor located 
in the focal plane of the lens passes information 
to a computer which calculates the volume 
distribution. It will also assess the type of distri- 
bution, whether normal, log-normal, or Rosin- 
Rammler. 

The position of the particles relative to the axis of 
the lens does not affect the diffraction pattern so 
that movement at any velocity is of no consequence. 
The method therefore works “on-line” and has been 
used to analyze oil fuel from a spray nozzle. The 
claimed range is from 1 to more than 500 pm. 

There are distinct advantages in conducting a 
size analysis “on-line.” Apart from obtaining the 
results generally more quickly, particles as they 
occur in a process are often agglomerated, i.e., 
mechanically bound together to form much larger 
groups which exhibit markedly different behav- 
ioral patterns. This is important, for example, in 
pollution studies. Most laboratory techniques 
have to disperse agglomerates produced in sam- 
pling and storage. This can be avoided with an 
online process. 

11.8 Analysis methods that 
measure terminal velocity 

As already discussed, the terminal velocity of a 
particle is related to its size and represents a use- 
ful method of analysis particularly if the area of 
interest is aerodynamic. Methods can be charac- 
terized broadly into: sedimentation, elutriation, 
and impaction. 

11.8.1 Sedimentation 

A group of particles, settling, for example, under the 
influence of gravity, segregates according to the 
terminal velocities of the particles. This phenom- 
enon can be used in three ways to grade the particles: 

(a) The particles and the settling medium 
are first thoroughly mixed and changes in 




Analysis methods that measure terminal velocity 1 63 



characteristics of the settling medium with 
time and depth are then measured. 

(b) The particles and settling medium are mixed 
as in (a) and measurements are then made on 
the sediment collecting at the base of the fluid 
column. 

(c) The particles are introduced at the top of the 
fluid column and their arrival at the base of 
the column is monitored. 

Group (a) is sometimes termed incremental, i.e., 
increments of the sedimenting fluid are analyzed. 

Group (b) is sometimes termed cumulative 
referring to the cumulative effect on the bottom 
of the column. 

Group (c) is also cumulative, but it is some- 
times distinguished by the term “two-layer,” i.e., 
at the initiation of the experiment there are two 
separate fluids, the upper one thin compared with 
the lower and containing all the particles, the 
lower one clear. 

11.8.1.1 Incremental methods 

Consider at time / = 0 a homogeneous distribu- 
tion of particles containing some special ones 
with terminal velocity V. Ignoring the minute 
acceleration period, after a time t\ all the special 
particles will have fallen a distance h = Vt\. The 
concentration of those special ones below the 
depth h will have remained unchanged except on 
the bottom. Above the depth //, however, all the 
special particles will have gone. The same argu- 
ment applies to any sized particle, except that the 
values of h and V are obviously different. 

It follows that a measurement of the concen- 
tration of all the particles at depth h and time / is 
a measurement of the concentration of those par- 
ticles with a terminal velocity less than V, and we 
have therefore a method of measuring the cumu- 
lative distribution. 

The following methods use this general principle. 

Andreasen's pipette This consists of a relatively 
large (~ 550 ml) glass container with a pipette 
fused into its ground-glass stopper. A 1 percent 
concentration of the sample, suitably dispersed in 
a chosen liquid, is poured into the container to a 
set level exactly 200 mm above the lower tip of the 
pipette. Means are provided to facilitate the with- 
drawal of precise 10 ml aliquots from the con- 
tainer via the pipette. 

After repeated inversions of the container to give 
thorough mixing, the particles are allowed to sedi- 
ment. At preselected times after this, e.g., 1 minute, 
2 minutes, 4 minutes, etc., 10 ml samples are with- 
drawn and their solids content weighed. Cor- 
rections are applied for the change in depth as 
samples are removed. Samples are removed slowly 



over a 20-second period centerd around the selected 
times to minimize errors caused by the disturbance 
at the pipette tip. The results yield a cumulative 
mass/terminal velocity distribution which can be 
converted to mass size, etc., as already discussed. 
With suitable choice of liquid, the method can be 
used for particles ranging in size from about 
1-100/nn. The conditions should be controlled 
to be Stokesian, i.e., laminar flow, and of course 
the terminal velocity is appropriate to the fluid 
conditions, i.e., it depends on the liquid density 
and viscosity which are also dependent on tem- 
perature. 

Density-measuring methods Several techniques 
involve the measurement of the density of the 
fluid/particle mixture at different times or at dif- 
ferent depths at the same time. Initially, after 
mixing, the density is uniform and depends on 
the fluid, the particle densities, and the mass con- 
centration of particles. After a period of sedimen- 
tation, the density varies with depth. 

One method of measuring the density uses a 
hydrometer. This is complicated by allowance hav- 
ing to be made for the change in the overall height 
of the fluid caused by the immersion of the hydro- 
meter tube. Also, any intruding object causes 
a discontinuity in the settling medium, some 
particles settling on the upper surface of the hydro- 
meter bulb, none settling into the volume immedi- 
ately below the bulb. Motion around the bulb is 
not vertical. These problems tend to outweigh the 
basic simplicity of the method. 

A neat method of hydrometry which overcomes 
the overall height problem uses a number of indi- 
vidual hydrometers, commonly called divers. Each 
consists of a small body which is totally immersed 
in the fluid, but with its density individually 
adjusted so that after the preselected time, the 
divers will be distributed vertically within the sedi- 
menting column, each at the depth appropriate to 
its density. Accurate measurement of the positions 
yields the required information. The main problem 
in this case is being able to see the divers. 

A specific-gravity balance can be used. The 
change with time in the buoyancy of a ball sus- 
pended from one arm of a balance at a fixed 
depth again gives the information required. 

Photosedimentation In a photosedimentometer, 
the sedimentation is observed by a lamp and 
photocell system (see Section 11.3). The observa- 
tion distance is small and for particles greater in 
size than about 15/nn, the value of K, the scatter- 
ing coefficient, progressively reduces from 2 to 1. 
We know that 

optical density D = 0A343 KalA 
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where alA is the area concentration. With no 
particles present in the liquid, let the values of D 
and K be Do and K$. With all particles present 
thoroughly mixed, let the corresponding values 
be D] and K\. At time t and depth /?, h = Vt, 
where Kis the upper limit of the terminal velocity 
of the particles present. If the corresponding 
values of D and K are Dv and Ky, the fractional 
surface area of particles with terminal velocity 
less than V is given by 

(Dv_Do\ / (£± _ A>\ 

\Kv Ko)i KoJ 

We thus have a method of measuring cumulative 
surface area terminal velocity distribution. 

Proprietary sedimentometers are available 
which measure D at a fixed height, or scan the 
whole settlement zone. It is usual to assume 
Ky = K\ = Kq and to compensate the result 
appropriately from supplied tables or graphs. 
Most photosedimentometers use narrow-beam 
optics in an attempt to restrict the light to main- 
tain the value of K as 2. The WASP (wide-angle 
scanning photosedimentometer) has the photocell 
close to the fluid so that most of the diffracted 
light is also received and the value of K is nearer 
1. The 200 mm settling column is scanned auto- 
matically at a fixed rate and the optical density 
continuously recorded giving a graph which can 
then be evaluated as a cumulative mass size or 
cumulative surface area size distribution. 

X-ray sedimentation is similar to photosedi- 
mentation except that X-rays replace light and 
the intensity of transmission is dependent on the 
mass of the particles rather than the surface area. 
Again 

h - 7 0 exp ( - Kc) 

where c is the mass concentration of the particles 
and K is a constant. The X-ray density is 

D = logio^ 



11.8.1.2 Cumulative methods 

Sedimentation balance Consider at time t — 0 a 
homogeneous suspension of particles contained in a 
column which includes in its base a balance pan. 

Let W\ be the mass of particles with terminal 
velocity greater than V\. If h is the height of the 
column, at time t\ — hlV\ all those particles will 
have arrived on the balance pan. However the 
mass M\ on the pan will also include a fraction 
of smaller particles that started part-way down. It 
can be shown that 



M\ = W\ 1 



d M 
d t 




Fi g u re 1 1 . 8 Sedimentation balance - plot of mass against 
time. 



and measurements of M and t can be used to 
evaluate W. British Standard 3406 Part 2 suggests 
that values of M should be observed at times t 
following a geometrical progression, for example 
1, 2, 4, 8, etc., seconds. Then tldt is constant, in 
this case 2. It follows that comparing the «th and 
the (n — l)th terms in the time progression, 

W n = M n -2{M n -M n -\) 



The final value of M is assumed to be equal to the 
initial mass introduced. 

An alternative method, useful if M is continu- 
ously recorded, is to construct tangents as in 
Figure 11.8. Then W is the intercept on the M 
axis. Unfortunately, because of the inaccuracy 
of drawing tangents, the method is not very 
precise, especially if the overall time is protracted, 
with a wide size distribution. The method can 
be improved by replotting M against In t instead 
of /. 

Since 



dM 1 dM 
dt t d(ln/) 



the above expression can be rewritten 



M = 



W + 



dM 
d( In /) 



A plot of M against t on logarithmic paper, 
Figure 11.9, enables tangents to be drawn with 
greater precision making it possible to compute 
dMd(ln t), the gradient at time t. From a further 
plot of dA//d(ln /) against In t on the same graph, 
W can be derived by difference. The method relies 
on none of the initial material being lost to the 
sides of the column or around the edges of the 
pan and the initial quantity beneath the pan is 
insignificant. These factors do lead to errors. 

Several commercial liquid sedimentation bal- 
ances are available, notably Sarto rious, Shimadzu, 




Analysis methods that measure terminal velocity 165 




Figure 11 .9 Sedimentation balance - plots of M and 
dM/d In t against In t. 



and Bostock. They have means for introducing the 
homogenous suspension into the column above 
the balance pan. In some, the fluid beneath the 
pan initially contains no dust. The pan is counter- 
balanced incrementally by small amounts to mini- 
mize pan movement, although some is bound to 
occur and this causes pumping, i.e., some of the 
finer particles transfer from above to below the 
pan. All the columns are contained in thermostatic 
jackets, constancy of temperature being important 
to the constancy of fluid viscosity and density. 



Sedimentation columns A sedimentation column 
works on the same principle as a sedimentation 
balance but instead of weighing the sediment con- 
tinuously the sediment is removed at preset times 
and weighed externally enabling a higher quality 
balance to be used. 

The ICI sedimentation column, Figure 11.10, 
tapers at the bottom to a narrow tube a few 
centimeters long. It is fitted with taps top and 
bottom. A side branch in the narrow section con- 
nects to a clear fluid reservoir. The dust sample is 
introduced into the main column and mixed using 
a rising current of compressed air through tap A, 
with tap B also open and tap C closed. At time 
/ = 0, taps A and B are closed and C is opened. 
Particles sediment into the narrow tube below the 
side branch. At present times, tap A is opened 
allowing clear fluid to wash the sediment into a 
centrifuge tube or beaker. Negligible sedimenting 
fluid is lost. The sediment is filtered, dried, and 
weighed. 

The BCURA sedimentation column also uses 
an air supply for mixing, Figure 11.11. In this 
case, however, the lower tap and narrow tube 
are replaced by a length of 1 mm capillary tubing. 






Figure 11.11 BCURA sedimentation column. 



With the top tap closed, surface tension in the 
capillary supports the column of fluid. At the 
prescribed times, a container of dear fluid is 
brought up around the open capillary, breaking 
the surface tension, and the sediment passes out 
into the container. The container is then 
removed. In principle, no sedimenting fluid is 
lost, but usually a small initial loss occurs until 
a partial vacuum forms at the top of the column. 

The above systems have the advantage of 
cheapness, but they are subject to errors because 
the tapered walls affect sedimentation and par- 
ticles adhere to the tapered walls. 
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Manometric methods have been used to assess 
the sedimentation. A manometer fused into the 
side of the column near the base and filled with 
the clear fluid will register the change in mean 
pressure of the column with time and this of 
course depends on the mass of material still in 
suspension. Pressure differences are very small. 

Beta particle back-scattering has been used to 
measure the mass of material at the base of a 
column. The intensity is proportional to the 
atomic number and the thickness, i.e., the weight 
of sediment, provided the thickness does not build 
up to saturation level. 

Decanting If a homogenous fluid/sample mix- 
ture is allowed to settle for time t\ seconds and 
the fluid down to a depth h is then removed using 
a pipette, particles removed would all have a 
terminal velocity less than hft\. In the decanting 
method, this process is repeated several times, 
replacing the removed fluid with clear fluid and 
re-mixing until the supernatant fluid is clear. The 
process is then repeated but with a shorter time, 
u. The removed fluids are analyzed for dust con- 
tent, each containing the fraction of the total 
mass of material of terminal velocity between 
hi t n and hit n _ The accuracy depends on the pre- 
cision of h, /. the rate of removal of fluid, and the 
number of repeated decantations at each value of t\ 
so it is not high. 

Two-layer methods If the upper layer is signifi- 
cantly thinner than the lower layer at time t = 0, 
then after a time t = 1 1 , the only material to have 
reached the base of the column will be those 
particles with terminal velocity greater than hft\, 
where h is the height of the column, and a meas- 
urement of the weight of those particles gives the 
cumulative distribution directly. Liquid two-layer 
methods are not common because of the difficul- 
ties of arranging the starting condition. The 
Granulometer uses a shutter system to maintain 
separation until t = 0 and a manometer to meas- 
ure the pressure changes as particles sediment. 

The Sharpies Micro merograph uses an air col- 
umn approximately 2 m tall. The sample is 
injected using a puff of compressed nitrogen 
between two concentric cones to disperse the par- 
ticles and break up the agglomerates. An elec- 
tronic balance coupled to a pen recorder monitors 
the arrival of particles at the base of the column. 
The column is jacketed to maintain thermal sta- 
bility. Errors are experienced due to the loss of 
some fine material to the walls of the column. 
These can be reduced to some extent by anti- 
static treatment. The time scale of the recorder 
is adjustable, fast for the initial phase, slow for 
the later phase of the sedimentation. With friable 



particles care has to be exercised at the injection 
point. 

Centrifugal methods For small particles, gravi- 
tational systems are very slow-acting. There is 
also a lower limit to the size of particle that can 
be measured because of the effects of Brownian 
motion and convection. While it is possible to use 
gravitational systems for particles as small as 
1 jum in water and about 0.5 (im in air, in practice 
the lower limit is usually taken to be about 5 /mi. 
These problems can be reduced by the use of 
centrifugal enhancement of the settling velocity. 

The theory for centrifugal settling from a 
homogeneous fluid mixture is complicated in par- 
ticular because the terminal velocity varies with 
distance from the center of rotation. Approxima- 
tions have to be made which limit the usefulness 
of the techniques. 

The theory for two-layer systems is exact and 
therefore these are more attractive. Unfortu- 
nately, a phenomenon known as “streaming” 
can occur, in which particles tend to agglomerate 
and accelerate in a bunch instead of individually, 
behaving as a large particle; this renders the 
results useless. Streaming has been prevented by 
using extremely low concentrations of particles in 
the starting layer. A technique using a third, 
intermediate layer of immiscible fluid has also 
been used successfully. 

Theories always depend on the applicability of 
Stokes’s law to the particle motion and this 
imposes a restriction on the maximum particle 
size, depending on the speed of rotation. Further 
problems exist for larger particles with respect to 
the acceleration and decleration of the centrifuge. 

In spite of the many problems, the techniques 
have advantages for very small particles, as small 
as 0.01 fim, and systems are available paralleling 
many of the gravitational techniques. The most 
promising appear to be the three-layer methods 
and the use of optical detection devices. 



11.8.2 Elutriation 

A group of particles suspended in a fluid that is 
moving upwards at a velocity V will undergo 
separation, those particles with a terminal velocity 
less than V traveling upwards, the others settling 
downwards. This process is called elutriation. The 
fluid is usually water or air depending on the 
particle sizes. Strictly, an elutriator is a classifier 
rather than a particle sizer. It divides the group of 
particles into those above and those below a given 
cut size. In the perfect system, the fluid would 
clarify except for the few particles with terminal 
velocity exactly V, and the settled particles could 
be removed and would contain no undersized 
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particles. The system, however, is not perfect. 
Proper Stokesian conditions do not exist because 
practical considerations make the tubes too short 
compared with their diameters. Also, the velocity 
at the cylinder walls is considerably less than at the 
center, causing a circulation of some particles up 
the center and down the walls. The cut point there- 
fore is not sharp. A multiple elutriator consists of a 
number of elutriators connected in series but with 
increasing diameters. Each section therefore collects 
progressively smaller particles. 

Both water and air elutriators are commercially 
available. In use, the sample is introduced into 
the smallest section and the fluid velocity set to a 
preset value. When the fluid has cleared in all the 
sections, the system is switched off and the sedi- 
ment in each weighed. A filter usually terminates 
the last section. In some designs, the separating 
section is short and followed by a conical redu- 
cing zone to hasten removal of the undersize 
particles to the next section. 

The elutriators described so far are counter- 
flow elutriators. Acceleration (i.e., gravity) and 
drag are in opposite directions. Elutriators have 
been designed for transverse flow. If the sample 
of articles is introduced slowly into the upper 
level of a horizontal laminar stream of fluid, 
two-layer sedimentation takes place but the sedi- 
ment is separated horizontally, different sized 
particles following different trajectories. The par- 
ticles are collected on judiciously placed pre- 
weighed sticky plates. 

1 1.8. 2.1 Centrifugal elu trial ion 

Elutriation is also used in the centrifugal field, 
usually with air as the fluid. In principle, air with 
entrained particles travels inwards against the 
centrifugal force. Particles with terminal vel- 
ocities sufficiently low also pass inwards; the 
rest pass outwards. 

The natural flow of air in a spinning system is 
radially outwards. In order therefore to obtain a 
counterfiow, the air must be driven. In some 
systems a separate pump is used. In others, the 
air is introduced at the center, passes radially 
outwards under centrifugal force, turns 180° to 
travel radially inwards for a short distance, of the 
order of half a radius, and finally through 
another 180° to pass to the circumference. Elu- 
triation takes place in the inwards-flowing sec- 
tion. In this case, no pump is necessary because 
the net airflow is outwards. 

Adjustment of either rotation speed or air vel- 
ocity will affect the cut size. Air velocity is usually 
set by a throttling mechanism. 

A variety of centrifuge systems is available, 
their design and size making them particularly 
suitable for different size ranges. Some, for example, 



are very sensitive in the range 2— 12/un, while 
others are better at larger sizes. Some are capable 
of a continuous and large throughput which 
makes them especially suitable for producing 
quantities of closely-sized particles. The devices 
are then being used for their original purpose 
which is classification rather than size grading. 

A cyclone is a centrifugal device normally used 
for extracting dust from carrier gases. It consists of 
a conically shaped vessel. The dusty gas is drawn 
tangentially into the base of the cone, takes a 
helical route towards the apex where the gas turns 
sharply back along the axis and is withdrawn axi- 
ally through the base. The device is a classifier in 
which only dust with terminal velocity less than a 
given value can pass through the vortex formed 
and out with the gas. The particle cut-off diameter 
is calculable for given conditions. Systems have 
been designed using a set of cyclones in series with 
increasing gas velocities for size analysis. 

The Cyclosizer Analyzer uses liquid instead of 
gas and has five equal-sized cyclones with differ- 
ent inlet and outlet diameters to obtain the vel- 
ocity variation. The cyclones are arranged, apex 
uppermost. Thus the coarse particles retained in a 
given section fall back many times for reclassifi- 
cation, thereby obtaining good separation. In this 
case the range is 8-50 m. 

11.8.3 Impaction 

When a fluid containing a suspension of particles 
is made to turn a corner, particles with terminal 
velocity in excess of a value determined by the 
fluid velocity and the geometry of the bend are 
deposited or impacted. A cascade impactor con- 
sists of a series of orifices each accurately pos- 
itioned above a collector plate. The orifices can 
be round holes or slots. The holes in successive 
stages are reduced in size to increase the impac- 
tion velocity. The particles pass through the holes 
and are either deposited on the adjacent plate or 
pass on to the next stage. There are typically 
between six and ten stages covering an aero- 
dynamic size range from about 0.4 /mn to 15 /mi. 

The Andersen cascade impactor is designed to 
work “on-line,” incorporating a nozzle for isokin- 
etic sampling from a gas stream. A precyclone 
removes particles >15/nri and a filter catches 
those <0.4 fj.m. The Sierra, designed for room or 
atmospheric air measurement, covers a range 
0.05 //.m to 10 /un. The collected particles are 
removed and weighed. California Measurements 
Inc. markets an instrument with piezoelectric 
crystal mass monitors at each of ten stages giving 
immediate automatic readout. 

Impaction surfaces frequently require the aid 
of an adhesive to prevent re-entrainment from 
one stage to the next. 
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11.9 Analysis methods that infer 
size from some other property 

The methods discussed so far either measure size 
directly or measure a fluid-dynamic effect depend- 
ent on the particle terminal velocity which, 
although dependent on size, is also affected by 
density, shape, and surface structure. The follow- 
ing methods do not measure size directly nor are 
they dependent on terminal velocity. 



11.9.1 Coulter counter 

The Coulter counter uses the principle that the 
electrical resistance of a conducting liquid is 
increased by the addition of an insulating mater- 
ial. Particles are assessed individually. To obtain 
adequate sensitivity the volume of liquid meas- 
ured must be similar to the volume of the particle. 

These criteria are achieved by containing the 
electrolyte in two chambers separated by a nar- 
row channel containing an orifice, the dimensions 
of which are accurately known. An electric current 
from a constant-current source passes through the 
orifice from one chamber to the other. The voltage 
across the orifice is therefore directly proportional 
to the resistance of the orifice. 

The sample, suitably dispersed, is placed in one 
of the chambers. An accurately controlled 
volume of the well-agitated electrolyte is then 
passed through the orifice. The concentration of 
the sample (of the order of 0. 1 percent) is such 
that particles pass through individually. Each 
particle causes a voltage pulse, and a pulse-height 
analyzer increments one of a set of counters, each 
representing a size maximum. 

The theory of the Coulter counter is compli- 
cated, particularly for randomly shaped particles, 
but it has been shown that, to a first approxima- 
tion, the pulse height is directly proportional to 
particle volume, errors being less than 6 percent 
when the particle size is less than 40 percent of the 
orifice diameter. This size limitation also repre- 
sents a reasonable practical limitation to avoid 
blockage of the orifice. Although the resistivity of 
the particles should affect the result, in practice, 
surface-film effects make this insignificant. The 
method also works with conducting particles. 

The lower limit on particle size is set by the 
electronic noise in the circuit and in practical terms 
is usually taken to be about 4 percent of the orifice 
diameter. Orifices are available ranging in size 
from 10 fjm up to 1 mm giving a particle-size range 
(using different orifices) from 0.4 //m to 400 /im. 
Samples containing a wide range of sizes need to be 
wet-sieved to remove those larger than 40 percent 
orifice size. With small sizes, as always, care 
has to be exercised to avoid contamination. Bub- 



bles can cause false signals. Aqueous or organic 
electrolytes can be used. It is usual to calibrate the 
instrument using a standard sample of latex poly- 
mer particles. The technique permits several runs 
on each sample/electrolyte mix and it is easy to test 
the effect of changes of concentration, which 
should be negligible if dilution is adequate. 

Models are available with 16-channel reso- 
lution, and the output can be in tabular form 
giving particle frequency volume or particle 
cumulative volume or can be in the form of an 
automatic plot. 

11.9.2 Hiac automatic particle sizer 

The Pacific Scientific Hiac-Royco analyzer, now 
manufactured by a Danaher division, can be con- 
sidered to be the optical equivalent of the Coul- 
ter. In this, the cylindrical orifice is replaced by a 
two-dimensional funnel-shaped orifice which 
guides the particle stream through a very narrow 
light beam located at its throat. A sensor meas- 
ures the obscuration caused by each particle as it 
passes through. The responses are proportional to 
the particle cross-sectional areas and are sorted by a 
pulse-height analyzer. A range of orifices is avail- 
able to suit particle sizes from 2 ^ m up to 9 mm, 
each covering a size range in the ratio 30:1. 
Although the measurement on a given particle is 
along one axis, an irregularly shaped particle will 
not tend to be orientated in any particular way so 
that statistically the area measured will be a mean 
cross-sectional area. The optical method has an 
advantage over the conductivity method in that it 
can operate in any liquid or gas provided it is 
translucent over the very short optical path 
length (typically 2-3 mm of fluid). Scattering- 
coefficient problems are reduced by calibration 
using standard samples. The instrument has been 
used “on-line” to measure the contamination of 
hydraulic fluid. The number of particles in a fixed 
volume is found by counting while timing at a 
constant flow rate. 

11.9.3 Climet 

The Climet method involves measuring the light 
scattered from individual particles which are 
directed accurately through one focus of an ellip- 
tical mirror. Light is focused onto the particles 
and it is claimed that about 90 percent of the 
scattered light is detected by a photomultiplier 
at the other focus of the ellipse. Direct light is 
masked. The response is pulse-height analyzed. 

11.9.4 Adsorption methods 

In some processes, a knowledge of the surface area 
of particles is more important than the actual size. 
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Optical techniques may not be appropriate since 
these tend to give the “smoothed” surface area 
rather than the true surface area — including 
roughness and pores. Some gases adsorb onto 
the surface of substances, i.e., they form a layer 
which may be only one molecule thick on the 
surface. This is not to be confused with absorp- 
tion in which the substance is porous and the 
gases penetrate the substance. The subject is too 
large for a complete treatment here. The principle 
is that the particles are first “cleaned” of all pre- 
vious adsorbates and then treated with a specific 
adsorbate, e.g., nitrogen, which is then measured 
by difference from the adsorbate source. If the 
layer is monomolecular, the surface area is read- 
ily calculated; corrections have to be applied 
because this is generally not the case. Results 
are given in terms of surface area/volume or sur- 
face area/mass. 
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12 Fiber optics in sensor 
instrumentation 

B. T. MEGGITT 



12.1 Introduction 

Fiber optic instrumentation has progressively 
evolved since early 1980 following the successful 
development of optical fiber networks for tele- 
communication applications. To a large degree 
optical fiber sensor instrumentation has taken 
advantage of the maturing component market 
for telecommunications use and its progress has 
been dictated by it. Initially a significant level of 
research effort was put into developing sensor 
systems based on the use of multimoded optical 
Fibers, but as the bias in long-haul telecommuni- 
cations moved towards the use of single moded 
optical fibers for improved performance, so op- 
tical fiber sensor systems began to accept the use 
of single mode techniques as well as multimode 
fiber methods. In addition, the development of 
compact disc (CD) systems has made available 
low-cost, high-reliability laser diode devices (both 
single-mode and multimode) that have added 
further to the advancement of optical fiber sensor 
systems. The initial research work carried out on 
optical fiber sensor instrumentation included a 
wide range of ideas and methods, many taken 
over from more traditional open path optical 
sensing methods. 

By the end of the first decade of research into 
this new sensing method the ideas and techniques 
followed a degree of rationalization as the advan- 
tages of certain methods became favored for spe- 
cific applications (see, for example, Grattan and 
Meggitt 1994). The early optimism over the intro- 
duction of this new measurement method did not 
initially live up to the earlier expectations. The 
subject was then largely technology driven with 
factors that make for a successful commercial 
development being largely overlooked. The con- 
servative nature of users of the existing electronic 
and electrical sensor systems meant that optical 
fiber sensor systems, despite their advantages 
over the electronic rivals, had to compete on a 
level playing field; they had to compete on price 
maintainability and reliability as well as perform- 
ance criteria. The products therefore had to display 
credible advantages over competing systems or 
had to be able to perform certain measurement 



feats that were not possible with the techniques 
already available. 

Despite the conservative attitude shown to the 
early work on optical fiber sensors, however, 
some commercial instruments did emerge for spe- 
cialist applications, and this has led, or is leading, 
to internationally accepted measurement tech- 
niques. Some of these methods, as will be seen, 
are specific for a single measurement parameter, 
e.g., vibration, acoustic sensing, etc., while others 
offer the credibility of being developed into a 
generic measurement technique that can be used 
to monitor a wide range of parameters, e.g., tem- 
perature, pressure, or strain. 

When considering which design options to 
adopt for a particular sensor system, several per- 
formance-and market-related factors need to be 
taken into account. These can be summarized as: 

(1) resolution requirement 

(2) dynamic range capability 

(3) response time requirements 

(4) operating environment conditions 

(5) reliability 

(6) long-term stability 

(7) production capability 

(8) maintenance requirements 

(9) target costs 

(10) market acceptability 

In reality, the chosen method will lead to a 
compromise on the above criteria depending 
upon the most dominant requirement factors. 
One should not underestimate the final two items 
(cost and market acceptance) since these have 
been two of the most overriding factors that have 
slowed the general acceptance of optical fiber 
sensor systems. However impressive the operat- 
ing performance and technology design behind a 
sensor system, the end user will have their own 
unique set of selection criteria, and unavoid- 
able cost of ownership (both capital and subse- 
quent maintenance costs) will play a leading role 
in this process. Many large end-users have 
remained conservative in their approach to new 
sensor technology. They often will not be pre- 
pared to take unnecessary risks on, to them, 
unproved techniques, bearing in mind that systems 




Principles of optical fiber sensing 171 



deployed today may be expected to last for the 
next 20 years with only a minimum degree of 
maintenance. Despite this conservation, optical 
fiber sensors are progressively finding new appli- 
cation areas due to their unique performance 
advantages. 

12.2 Principles of optical fiber 
sensing) 

12.2.1 Sensor classification 

Optical fiber sensors basically consist of an op- 
tical source coupled to an optical fiber transmis- 
sion line that directs the radiation to a sensor 
head as shown in Figure 12.1. The light is then 
returned after being modified in some way by the 
sensor interaction, via the optical fiber, in either a 
reflective or transmission mode, to a photo-detect- 
or and subsequent electronic processing system. 
The signal processing system then detects, demodu- 
lates, and analyzes the changes introduced in 
the optical signal by the sensor head and then 
relates this to a change in the measurand field of 
interest. 

The sensor head can be either a “point sensor,” 
(Figure 12.2(a)) making the measurement in a 
localized region in space, or it may be a “distrib- 
uted sensor” (Figure 12.2(b)) which has the ability 
to make measurements along a length of the 
optical fiber. The sensor head may also be either 
an “extrinsic sensor” to the fiber and consist of 
bulk optical components configured into a sen- 
sing mechanism, or it may be an “intrinsic sensor” 
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Figure 12.1 Schematic diagram of general optical fiber 
sensor system operating in the reflective mode. 



to the fiber where the measurement process takes 
place within the optical fiber medium. In the for- 
mer case the optical fiber forms the function of 
transmitting the light to and from the sensor 
head, while in the latter it actively takes part in 
the sensing process where the inherent optical 
properties of the fiber are utilized. 

In addition, the optical fiber can be either sin- 
gle mode or multimode, the choice depending 
largely on the application and the measurement 
method being employed. In general, single-mode 
fiber is used for intrinsic optical fiber sensors such 
as interferometric methods, whereas multimode 
fibers tend to be used in extrinsic sensor systems 
and transmit the light to and from the sensor 
head. However, there are some notable excep- 
tions to this generalization, such as micro-bend 
sensor systems, for example. 

12.2.2 Modulation parameters 

Fiber optic sensors operate by the modulation of 
an optical carrier signal by some optical mechan- 
ism present in the sensing region that 
is itself responsive to the external parametric 
measurand field. Subsequent signal processing 
of the modulated carrier signal then relates these 
changes to variations in the measurand field of 
interest. There exist a limited number of such 
possible optical properties that can be modulated 
in an optical sensor system. These can be identi- 
fied as: 

(1) intensity modulation 

(2) wavelength/frequency modulation 

(3) temporal modulation 

(4) phase modulation and 

(5) polarization modulation 

All these optical modulation parameters are 
well known in optical metrology. The purpose 
in optical fiber sensors is to adopt and extend 
such methods for use with the optical fiber 
medium. 

The first method listed above, intensity 
modulation, is perhaps the simplest technique 
to consider for optical fiber use (see, e.g., 
Senior and Murtaza 1989). However, since 
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Figure 12.2 Illustration of (a) a"point"opticalfiber sensor and (b) a distributive optical fiber sensor system. 
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there are many processes in an optical fiber 
network that can also modulate the intensity 
of the transmitted radiation, e.g., coupler loss 
and bend loss, it cannot be used directly with- 
out providing an additional processing tech- 
nique that can unambiguously identify the 
intensity changes induced solely by the meas- 
ure and interaction of interest. The most com- 
mon method for providing this facility in the 
intensity modulated sensor is to use a two- 
wavelength referencing technique, e.g., for gas 
sensing see Bianco and Baldini (1993). Here, 
two different wavelength sources are used 
(Figure 12.3) where one, the signal channel, 
has its wavelength variably absorbed by the 
sensor interaction and the second channel acts 
as a reference wavelength that is unaffected by 
the sensing interaction and against which the 
sensing signal can be normalized for system 
losses. It is, however, necessary to ensure that 
the optical fiber link to and from the sensor 
head has the same spectral response to both 
beam wavelengths. This requires the two 
beams to have closely spaced wavelengths; 
these are usually produced from the spectral 
division of a single source element. 

In principle, the other listed optical modulation 
techniques are immune to intensity modulation 
changes in the fiber link, provided that some form 
of temporal modulation is applied to the radi- 
ation and that the link does not introduce 
addition modulation effects. 

12.2.3 Performance criteria 

The processing of signal and noise components of 
the modulated signals returned from an optical 
fiber sensor are similar to those commonly found 
in electronic sensor systems utilizing a reference 



measurement channel. These components are 
referred to as: 

(1) common mode modulation 

(2) differential mode modulation. 

The “common mode” signal is one that has the 
same noise spectrum for both output channels, 
the signal and reference channels, and can be 
eliminated by ratioing of (dividing) the two 
signals once they have experienced the same 
system gain. The “differential mode” output, 
on the other hand, will reflect the changes that 
have been induced by the sensor head on the 
signal output only, with the reference beam 
ideally being unaffected by the sensor changes. 
Therefore, the division process that removes 
the common mode signal effects will leave 
unaltered the differential mode effects. The 
residual noise output from this processing stage 
will reflect the degree to which the noise spec- 
trum is common to both signals and the degree 
to which the reference signal is unperturbed by 
the sensing mechanism. 

As mentioned earlier, sensor systems will each 
have their own related operating performance 
factors. These can be identified as those factors 
that help define a measurement point, and 
include: 

(1) resolution, responsivily, sensitivity 

(2) accuracy 

(3) reproducibility 

These are distinct performance related factors 
and not merely different ways of expressing the 
same quantity. Two other important perform- 
ance criteria are: 

(4) dynamic range and 

(5) low' cross-sensitivity to other parameters 
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Sensor cross-sensitivity relates to the fact that 
sensors are usually required to measure one 
specific variable parameter in the presence of 
other changing conditions such as pressure in 
the presence of temperature and vibration, etc.; 
minimizing such undesirable effects is important 
in any sensor design exercise. 

12.3 Interferometric sensing 
approach 

The use of interferometric techniques in optical 
fiber sensing has become a well established and 
one of the most widely used methods, since they 
can be applied to a large range of measurement 
parameters providing both a high resolution and 
large dynamic range capability. Initially, single 
mode fiber interferometric systems were demon- 
strated (e.g., Jackson etal. 1980; Giallorenzi etal. 
1982), but more recently multimode methods 
have also shown themselves to be equally viable 
(e.g., Boheim 1985) under the right operating 
conditions. There are three basic modulation 
methods suitable for interferometric sensor sys- 
tems that can produce a carrier signal, the phase 
of which is then used to monitor for optical path 
length changes in the associated sensing inter- 
ferometer. These include heterodyne techniques 
which are useful with gas laser sources, pseudo- 
heterodyne techniques for use with injection- 
current modulated single-mode laser diode devices, 
and “ white-light " interferometric techniques for use 
with low coherence, broadband sources such as 
LED and multimode laser diode devices. 



12.3.1 Heterodyne interferometry 

In this technique two (or more) laser sources are 
used such that interferometric mixing occurs to 
produce a heterodyned output carrier signal. The 



laser sources can either be separate devices having 
narrow and stable spectral lines, or they can be 
the same source beam (Figure 12.4) that has been 
amplitude divided and with one beam then fre- 
quency shifted, for example, by an acousto-optic 
Bragg cell modulator (see, e.g., Tsubokawa etal. 
1988; Meggitt etal. 1991). For source wave- 
lengths of Ai and A 2 , with a wavelength separ- 
ation of AA, the associated beat frequency A/net 
between the two optical frequencies is then given 
by: 

A/ He . = (/i = (12.1) 

A] A 2 

and where c is the velocity of light. In the case 
where the two wavelengths are closely spaced 
such as in the use of a Bragg cell element, the 
associated heterodyned wavelength (or synthetic 
wavelength) of the beat frequency is given by: 

< l22 > 

For the case mentioned above where a Bragg cell 
element introduces a relative frequency shift of, 
say, 80 MHz between the two beams (typically 
between 40 MHz and 1 GHz), then the associated 
synthetic wavelength caused by the beating 
between the beams is 3.75 m in air. It is also 
possible to down-convert the r.f. output signal 
(MHz) to a lower and more manageable inter- 
mediate frequency (kHz) by mixing the output 
signal in a double balanced mixer with a stable 
r.f. oscillator having a slightly differing fre- 
quency. Mixing the SOMFIz carrier with a 
80.002 MHz local oscillator, for example, will 
produce a carrier signal at 2 kHz. When using 
APD photodetectors it is also possible to carry 
out this down-conversion within the detector 
device itself by applying the mixing frequency 
directly onto one terminal of the detector while 




Figure 12.4 Illustration of a typical heterodyne processing scheme for generating an intermediate carrier signal in a 
displacement measurement device. 
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the device actively detects the r.f. modulated 
photo signal. This type of mixing is particularly 
useful when considering long path length inter- 
ferometers such as free space ranging devices and 
Doppler anemometers, used for vibration analy- 
sis, where optical fibers can be conveniently used 
in aspects of the signal processing. 

12.3.2 Pseudo-heterodyne interferometry 

This is an interferometric technique that utilizes 
an optical source, having its emitted radiation 
frequency modulated. This can either be in the 
form of a direct frequency modulation of the 
source output wavelength, by modulation of its 
drive injection current, or by use of a fixed fre- 
quency source but with a Doppler frequency 
shift introduced by reflection from an oscillat- 
ing mirror element. The former case has been 
treated extensively in optical fiber interferometric 
sensors (e.g., Dandridge and Goldberge 1982; 
Kersey etal. 1983). A semi-conductor laser diode 
device has its output frequency modulated by 
changes in either its drive current or the device 
temperature and experiences a frequency shift of 
about 3 GHz/mA for current changes and about 
0.25nm/ c C variation for temperature changes. It 
is usual to stabilize the device temperature by 
mounting it on a Peltier unit with a thermistor 
based feedback control circuit giving tempera- 
ture stabilization down to typically 1/100 °C 
(about 2.5 pm). When applying a serrodyne cur- 
rent ramp (a sawtooth ramp with fast fly-back) 
to the laser diode the output optical frequency 
of the device follows a similar modulation and 
can be conveniently coupled into a single mode 
optical fiber core with typically 10-20% launch 
efficiency. 

A typical optical fiber pseudo-heterodyne sens- 
ing scheme is shown in Figure 12.5 where a 
reflective Michelson is shown, but a Fabry-Perot 



or Mach-Zehnder interferometer can also be 
used, and the method has been the subject of 
much early work on optical fiber interferometric 
sensors. Examples of its use are in the all fiber 
Mach-Zehnder hydrophone (c.g., Yurek etal. 
1990), and a Michelson fiber interferometer for 
quasi-static temperature measurement (Cork 
etal. 1983). In this method it is necessary to 
provide an arm imbalance L in the fiber inter- 
ferometer in order to facilitate the signal process- 
ing and to produce the required carrier signal 
for monitoring the optical phase changes induced 
in the sensing interferometer. For an optical 
path imbalance (nL) in the Michelson inter- 
ferometer, where n is the fiber core refractive 
index and with a wavelength sawtooth ramp of 
10 GHz frequency modulation (AA = 0.02 nm in 
wavelength) representing a 0.003 percent depth 
of modulation, the corresponding change in 
output optical phase A <p is given by: 



For a 2?r change in output phase per wavelength 
ramp of the laser diode the output interference 
signal from the sensor will transverse one com- 
plete fringe. It can be seen from the above equal- 
ity that, for the parameters given, the imbalance 
length of the interferometer needs to be about 
10 mm or greater. Smaller cavity lengths are pos- 
sible but require larger peak wavelength modula- 
tions, and hence heavier current modulations, 
and in any event the limit will be a few milli- 
meters. A drawback in applying the current modu- 
lation is that not only does the process induce the 
required wavelength modulation, but it also 
induces unwanted inteusity modulation across 
the output waveform (at the same frequency) that 
will need to be compensated for in the processing 
electronics. Although this method has seen suc- 
cessful application in the sensing of dynamic 
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Figure 12.5 Optical fiber Michelson interferometer illustrating a pseudo-heterodyne modulation scheme using an 
unbalanced interferometer (Cork etal. 1983). 
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parameters, notably for acoustic detection in 
hydrophone developments, its use in the monitor- 
ing of low frequency quasi-static measurands 
such as temperature, pressure, and strain fields 
has seen less progress. 

This lack of progress results from a serious 
limitation of the current modulation method 
which requires a high degree of wavelength stabil- 
ization of the laser diode source. For example, 
even without the necessary wavelength modula- 
tion, there is a stringent requirement on the 
degree of wavelength stabilization needed. In 
order to provide a 6N resolution in 
the interferometric fringe, the required wave- 
length stability SX of the source wavelength is 
related to the cavity length L by: 

\2 

SX = —6N (12.4) 

For a modest 1/100 of a fringe resolution and a 

1 cm arm imbalance, the required stabilization in 
the central wavelength needed is therefore about 

2 x 10 _13 m. Considering that the variation in 
source wavelength is about 0.02 nm/mA and 
about 0,3nm/°C, this implies a control in the 
drive current of <10 //A and at a temperature of 
<1/1 000 °C. These represent demanding control 
conditions on the laser diode source, especially 
when it is realized that the drive current of the 
laser diode needs to be linearly modulated over a 
2 x 10~ 2 nm range at the same time as its central 
wavelength is stabilized to the indicated levels. 
Attempts have been made to stabilize the central 
wavelength of the source to atomic absorption 
lines (see, e.g., Villeneuve and Tetu 1987), and 
also to a linearly scanned Fabry-Perot reference 
interferometer (Change and Shay 1988). How- 
ever, the stringent control requirements needed 
for this technique have led to the rise in an alter- 
native interferometric method-that based on the 
“white-light” technique that makes use of a broad 
spectral bandwidth source. This method is con- 
sidered in the following sections. 

12.3.3 White-light interferometry 

12. 3. 3. 1 Introduction 

“White-light” optical fiber interferometry has 
established itself as a powerful sensing technique 
in the development of a wide range of sensing 
systems. The method was initially confined to 
the use of single mode optical fiber components 
(see Al-Chalabi etal. 1983). More recently this 
“white-light" or low-coherence interferometric 
method has attracted a broad interest (e.g., 
Bosselmann and Ulrich 1984; Mariller and 
Lequine 1987; Valleut etal. 1987) due to its 
ability to overcome some of the major limitations 



in the use of single mode laser diodes. These 
include a greatly reduced degree of wavelength 
stabilization of the source and the elimination of 
feedback problems in the lasing cavity since the 
white-light system can operate with multimode 
laser diodes or LED devices. White-light inter- 
ferometry is dependent on the relatively short 
coherence lengths of this type of source and oper- 
ates by connecting the source, sensing interfero- 
meters, and processing system via an optical fiber 
network to establish a remote sensing device. 

12. 3.3. 2 Temporally scanned method 

In order to conveniently measure optical phase 
changes introduced in the sensing interferometer, 
a carrier signal is produced by modulation of the 
path imbalance in a second processing interfero- 
meter, as will be described below. In the con- 
ventional white-light interferometric method this 
is carried out by the periodic displacement of one 
interferometer mirror in a linear ramp fashion by 
a piezoelectric modulator, therefore producing 
a sinusoidal fringe output signal. This type of 
system is classified as the temporal fringe method 
(e.g., Boheim and Fritsch 1987). A major advan- 
tage of the white-light interferometric technique 
is its relative insensitivity to wavelength fluctu- 
ations of the source. 

Basically, the white-light technique has a sens- 
ing interferometer and a reference or processing 
interferometer along with a broad spectral band- 
width source such as a LED, a multimode laser 
diode or a super-radiant source (see, e.g., Ning 
etal. 1989). The broadband source is launched 
into the core of the optical fiber and transmitted 
to the sensor head interferometer, as shown in 
Figure 12.6(a). The path imbalance of the sensing 
interferometer, L\ ? is made a distance greater 
than the coherence length, l c , of the source radi- 
ation such that light reflected back from the two 
cavity mirrors does not interfere but is passed 
down the connecting fiber leads and via a direc- 
tional coupler into the processing or reference 
interferometer cavity. The imbalance, of this 
interferometer is made comparable to that of the 
sensing interferometer and necessarily within the 
coherence length of the source, ±/ c /2. Here, part 
of the radiation is brought back into temporal 
coherence by the interaction of the two inter- 
ferometers, and the resulting interference signal 
is detected on the output photodetector. Modula- 
tion of either the sensor or processing interfero- 
meter path imbalance will lead to a modulation in 
the phase of the output interference signal. A 
carrier signal is then introduced on the output 
signal by a serrodyne displacement modulation 
on one mirror of the reference interferometer. 
Using a piezoelectric transducer the mirror is 
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Figure 12.6 (a) Basic configuration of a "white-light" interferometric sensor system using two coupled interferometers, 

(b) Output temporal fringe pattern (lower trace) from a"white-light" interferometric sensor system using PZTsawtooth 
displacement ramp of A/2 (upper trace) (Meggitt1991). 



linearly displaced over \ wavelength range (with 
fast flyback) such that the output interference 
pattern is driven over one complete interfero- 
metric fringe, as shown in Figure 12.6(b) (Meg- 
gitt 1991). The phase of this induced carrier 
signal is then modulated by optical path length 
changes in the sensing interferometer in response 
to changes in the measurand field. The character- 
istic equation of the processing system is then: 



4/p = r 0 ( l+exp (— 



l 



V 



a(nL i -nLi) 



UJr ^ 



47r(nL\ —nL 2 )\ 1 

)} 



(12.5) 



where a represents the half-width of the source 
spectrum at which the optical power falls to I/e of 
its maximum value at k 0 , and cu c is the induced 
carrier signal. The exponential term represents 
the visibility of the fringes and in white-light 



interferometry this factor is usually between 1/2 
and 1/3 in fringe modulation depth. It is seen that 
the phase of the cosine fringes is a function of 
the path difference between the imbalance of the 
sensing and reference interferometers. Since the 
coherence length of a low coherence source is typ- 
ically between 20 and 50 pm, it is seen that the 
interferometer imbalance in the sensor can be less 
than 0.1mm and, therefore, represents a near 
point sensing device. In addition, it is the differ- 
ence in the path length imbalance between the 
two interferometers that is sensitive to fluctu- 
ations in the source central wavelength. This quan- 
tity will necessarily be less than the coherence 
length of the source (<100 pm) and typically less 
than 10 pm. Therefore, it is seen that, compared 
with the wavelength modulated pseudo-hetero- 
dyne laser diode technique, the wavelength sta- 
bility requirements will be in the ratio of their 
respective cavity imbalances, that is, <1000 times. 
It is this factor that has largely been responsible 







for the intense recent interest in the low coher- 
ence method. It should also be pointed out that 
unlike the current-modulated pseudo-heterodyne 
method, the low coherence method can operate, 
under suitable conditions, with multimode as well 
as single mode optical fibers. The requirement 
here is that the light returned from the optical 
sensing interferometer satisfies the common 
mode condition such that both reflected beams 
from the two interferometer mirrors follow 
exactly the same modal path when transmitted 
back through the multi-mode optical fiber or, if 
not, then sufficient mode mixing occurs in the 
fiber length to evenly distribute the back-reflected 
light into all the fiber modes (Chen etal. 1992a). 

One of the first successful practical demon- 
strations of the capability of the white-light tech- 
nique was reported by Boheim (1985). In this 
system a multimode optical fiber link was used 
with a Michelson reference interferometer and a 
low finesse Fabry-Perot sensor cavity. Further 
analysis was then given in subsequent publica- 
tions. and the system was later applied to a high 
temperature sensor (Boheim and Fritsch 1987) 
and a pressure sensing device (Boheim etal. 
1987). A similar approach using single mode 
fiber techniques has been used by Meggitt 
(1991) in a prototype system in physiological 
applications for temperature and pressure meas- 
urement. The basic configuration used in the 
high-temperature sensor work (Boheim 1986) is 
illustrated in Figure 12.7. Here, an 840 nm wave- 
length LED source is collimated and then passed 
through a Michelson reference interferometer 
before being coupled into an optical fiber direc- 
tional coupler, the output of which feeds two 
interferometer cavities: one a reference Fabry- 
Perot cavity and the other the operating high 
temperature Fabry-Perot sensor. The Fabry- 
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Perot cavity sensor element was composed of a 
thin Si C film etalon (Boheim 1986). The refer- 
ence cavity is temperature controlled and its out- 
put interference signal is used in a feedback 
control to stabilize the mean imbalance of the 
Michelson processing interferometer. The piezo- 
electric modulator PZT] drives one mirror of the 
Michelson in a serrodyne (sawtooth) waveform 
in order to scan a complete output interference 
sinusoidal temporal fringe in the outputs from 
both the cavity elements. By utilizing the tem- 
perature stabilized reference sensor output and 
by interacting with PZT2, the feedback control 
circuit compensates for both thermal and vibra- 
tion instabilities in the processing interferometer. 

The sensor element in this work was separated 
from the fiber sensor lead by an air path since the 
elevated temperature of 1000°C used was well 
above the survival temperature of the fiber net- 
work. The collimated output from the fiber sen- 
sor lead was reflected back from the remotely 
placed SiC sensor etalon. The SiC etalon was 
18/rni thick and deposited on a silicon substrate. 
The reflected radiation was relaunched back into 
the optical fiber and returned through a second 
directional coupler to an output photodetector. 
Phase movement in the output fringe pattern of 
the sensor cavity was a direct measure of tem- 
perature of the sensor etalon. Measurements were 
made over the temperature range 20-1000 C and 
compared with a thermocouple device cemented 
to the SiC sensor etalon. With a 1 s measurement 
time constant, a long term temperature resolution 
of 0.5 °C was reported. 

Meggitt (1991) has reported the development 
of a temperature sensor system using single mode 
fiber techniques and utilizing a multimode laser 
source, a capacitive feedback stabilized low 
finesse Fabry-Perot processing interferometer 




Figure 12.7 Low-coherence high temperature optical fiber sensor system (Boheim 1986) using a SiC thin film etalon 
sensing element. 
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Figure 12.8 Optical fiber "white-light" interferometeric pressure sensor (Boheim etal. 1987). 



and a miniature sensing head (I mm diameter by 
10 cm length) designed for physiological uses, 
covering the range 20-50 °C with a 0.01 °C reso- 
lution. Use with a small pressure sensor head 
(3 mm diameter) was also reported for a pressure 
range of 250 torr with a 1 torr resolution using 
the same processing unit. 

In a second application as a pressure sensor 
device (Figure 12,8) (Boheim etal. 1987), the sen- 
sor cavity used was composed of a low finesse 
Fabry-Perot etalon, having a first semi-reflecting 
mirror (reflectivity 0.06) and a second mirror 
formed from a deformable, polished steel dia- 
phragm taken from a commercial pressure trans- 
ducer having a reflectivity of 0.4 and a thickness 
and diameter of 2.5 mm and 2.5 cm, respectively. 
The pressure sensitivity of the diaphragm was 
-3.3 nm kPa and the mirror separation L s in the 
sensor was 90 /vm. The interferometer output func- 
tion from the dual Fabry-Perot interferometer 
cavities is given by (see, e.g., Meggitt 1991): 

/ T = 



E 

m= 1 



(1 +Ry (1 +Rf 
R 2,n exp [- (amc) 2 ] cos (2 k 0 me) 



(12.6) 

where e = e ac + e 0 is the error term between the 
two cavities, e 0 = (4 - 4) is the low frequency 
term and c ac = ol sin u)f is the high frequency term; 
a and uj are the modulation amplitude and fre- 
quency, respectively. Since low finesse cavities are 
used in white-light interferometry with low R 
values (about 0.5), the exponential term decreases 
very rapidly, and effectively only the m = 1 term 
is retained giving a sinusoidal form for the inter- 
ferometer output (similar to that given by the 
Michelson processing interferometer) the ampli- 
tude of which is proportional to exp [ — (ae) 2 ] and 
is a maximum at e = 0. 

The etalon gaps of the pressure cavity decrease 
proportionally with increased applied pressure. 



The reference cavity separation is adjusted by 
means of the PZT transducer in order to null 
the path length difference between them. The 
cavity length of the reference etalon is then deter- 
mined by measurement of its effective electrical 
capacitance through the use of metal semirefiect- 
ive coatings used as the cavity’s low finesse mir- 
rors, The signal processing in this sensor scheme 
has two components. First, the optical feedback 
control to keep the reference cavity balanced with 
the (variable) sensor cavity length, and second, 
the electrical measurement circuit to monitor the 
changing capacitance of the reference cavity. 
Here, a fixed amplitude sinusoidal oscillator at 
70 Hz modulates the reference cavity length 
through the PZT transducer element. In addition, 
a low frequency voltage is applied to the PZT 
element to control the cavity length in order to 
balance it with the sensor cavity. This effective 
error voltage is produced through a monitoring 
circuit by processing the photodetector output in 
a sequence of amplification, high pass filtering, 
rectification, peak-following, demodulation of 
the instantaneous fringe waveform amplitude 
function and, finally, a servo-control that inte- 
grates the demodulated output, thereby producing 
the PZT bias voltage to null the path difference 
between the two cavities. Measurement of the 
resulting reference cavity gap is by a voltage- 
controlled oscillator (VCO), the output frequency 
of which is applied across the reference cavity cap- 
acitance. Both this voltage and that of the VCO 
drive voltage are separately converted by r.m.s.- 
to-d.c. elements and their difference is used by the 
servo-control device to maintain the impedance 
of the capacitor at a constant value by means of 
changing the VCO output frequency of the feed- 
back circuit. The resulting VCO frequency is then 
directly proportional (via a scaling factor) to the 
reference cavity separation /r. Experiments on 
the performance of the system reported a pressure 
dynamic range of 0-3.8 MPa with a linear depend- 
ence of VCO output frequency with applied 
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pressure having a least mean square fit of 
26.932 MPa - 1 .02082 kPa/Hz x/ VC o, a deviation 
of 0.1 percent of full scale (3.4 kPa), and a short- 
term noise stability of about 3 kPa peak to 
peak. Reversible thermal effects were evident in 
the sensing and reference cavities, and at P = 0 
these were reported as 1 kPa/°C and 12kPa/°C. 
respectively. 



12.3.3.3 Electronically scanned method 

More recently, a second white-light sensing 
method has been established that eliminates the 
use of the mechanical scanned interferometer 
mirror and is termed the electronically scanned 
system (Koch and Ulrich, 1990; Chen etal. 
1990). This type of system therefore has no mov- 
ing parts and offers a more rugged and stable 
configuration compared to the temporal domain 
approach. By slightly tilting one mirror of the 
processing interferometer and passing an 
expanded beam through it, a spatial fringe pat- 
tern is created in the output beam that is then 
imaged onto a linear CCD array device. With a 
suitable system design and with use of a low 
coherence source, the imaged fringe pattern dis- 
plays a Gaussian intensity profile that is localized 
about a limited region across the CCD array. The 
spatial fringe pattern envelope then moves across 
the array pixel structure with optical path length 
changes in the sensing interferometer cavity. By 
tracking the center fringe of the interference pat- 
tern envelope, phase movements can be moni- 
tored in response to changes in the sensing 
environment. The system is shown schematically 
in Figure 12.9. 

The processing interferometer can take on 
many forms by selecting different interferometer 
cavities for the processing interferometer. The 
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Figure 12.9 Schematic of the spatial-domain optical 
fiber "white- light" sensor system using a CCD array in the 
electronically scanned configuration (Chen et al. 1990). 




Figure12.l0 Geometry of the Michelson based 
processing interferometer in the electronically scanned 
technique. 



most conventional choice is that of a Michelson 
processing interferometer configuration since it is 
relatively straightforward to set up experimen- 
tally. Design of this interferometer will determine 
the achievable resolution and dynamic range of 
the sensor system through choice of the arm 
imbalance and tilt angle of the mirror. Figure 
12.10 illustrates the geometry of the system. The 
optical path difference between the sensing and 
processing interferometers is given by: 

OPD = [($, - S 2 ) + 2y0\ (12.7) 



where S\ is the path imbalance of the sensing 
interferometer. 62 is the mean imbalance of the 
processing interferometer, 0 is the mirror tilt 
angle, and v is the distance along the CCD array. 
As S\ varies with changes in the sensing inter- 
ferometer, so the matching balance point of the 
processing interferometer moves along the CCD 
array. For a broadband source having a Gaussian 
spectral profile of 



](k) = / 0 exp 




( 12 . 8 ) 



where /to is the central wavenumber and a repre- 
sents the half-width of the spectrum (k — /to) at 
which the optical intensity falls to Me of the max- 
imum value at A'o, the spatial interference pattern 
appearing across the CCD array is then expressed 
as 



ly.b — h { 1 + 7£K^i — $2 ' 2 yd) cos (|2 9 ) 

[k(S { - S 2 + 2 yd)]} ( ’ ] 

where 7 is an additional term that corresponds to 
the spatial coherence across the beam width (vary- 
ing between 0 and 1 , decreasing with increasing 
/3), and £ is dependent on the sampling factor 
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(N pixels/fringe) associated with the discrete 
nature of the CCD pixel array given by 




and f ~ 1 for N > 10 pixels/fringe 

( 12 . 10 ) 



and v{ 6 \ — 62 + 2y<3) is the visibility function 
associated with the temporal coherence properties 
of the source and is given by 




- 62 + 2 y/3) = 

exp j - [^(£1 - 62 + 2 y 0 )] \ 



( 12 . 11 ) 



The fringe period will therefore have a spatial 
width b equal to: 




where Ao is the central wavelength of the source. 
For a CCD array that is composed of M pixel 
elements each of width p. then the number of 
pixel elements N per fringe (sampling factor) is 
given by: 



central fringe first order 




(b) Phase (radian) <t> 



Figure12.11 (a) Typical output interferogram for 
multimode laser diode or LED source, and (b) structural 
features of interferogram in "white-light'’ interferometry. 



N= ^ Pi xe k^ n & e (12.13) 



A typical fringe pattern produced by this tech- 
nique is illustrated in Figure 12.11, where the 
cosine fringes contained under the Gaussian 
intensity envelope can be seen. 

Recent published work on the optical fiber 
“white-light” electronically scanned technique 
includes its application to a displacement sensor 
covering a range of 75 pm with a 0.02 pm reso- 
lution (Koch and Ulrich 1990), a fiber optic pres- 
sure sensor (Valluet et al. 1 987), a refractometer for 
measuring the refractive index of air (Trouchet 
etal. 1992). and the measurement of absolute force 
(Danliker etal. 1992). The latter work is of par- 
ticular interest since it utilizes a solid construct for 



the reference interferometer design based around a 
Wollaston prism, as illustrated in Figure 12. 12. It is 
inherently resistant to vibrational noise and easy to 
set up, although the thermal induced refractive 
index changes inherent in such dielectric materials 
will be present, unlike in the Fizeau type inter- 
ferometer (e.g., Chen etal. 1991) where, due to the 
use of an air spaced cavity, such thermal effects are 
absent. Here (see Figure 12.12) the processing 
interferometer is formed by the optical path differ- 
ence between the two orthogonally polarized out- 
put beams which occurs progressively across the 
Wollaston prism aperture. A dichroic polarized 
element oriented at 45° to the two polarization axes 
then induces interference between the two ortho- 
gonal components. The sensing element is formed 
in the intervening polarization-maintaining fiber 
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Figure12.12 Noise resistant electronically scanned interferometric system for force measurement ( Danliker et al. 1 992). 
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Figure 12.13 Moire pattern from beating between an 
interferometric fringe pattern and a CCD pixel array structure, 
fora large mirror tilt angle (Chen et al,1 990). 



where the applied force will induce a variable 
optical path length shift between the two propagat- 
ing eigenmodes, although in the reported work a 
SoIeiUBabinet compensator was used to simulate 
this action. 

The dynamic range R of the sensing system is 
limited to the maximum scan range of the process- 
ing interferometer and is dependent upon the tilt 
angle 3 and the array width (Mp) and is given by: 



R < 



(2M,6p\ 

vw 



(12.14) 



Clearly the greater the tilt angle 3 the larger is the 
dynamic range R . However, the larger 3 becomes, 
the smaller the fringe sampling factor N and, 
therefore, the fewer pixels used to define each 
interferometric fringe period b . Ordinarily, a sam- 
pling factor of >20 along with fringe smoothing 
techniques will give a good fringe definition. 
When too few pixels sample each fringe, good 
definition would seem to be lost. However, an 
interesting case arises when N approaches 2 
pixels/fringe. Under these conditions, a beating 
effect is observed between the discrete nature of 
the array elements and the periodicity of the 
interference fringe pattern. This effect gives rise 
to a moire-type fringe pattern (Chen etal. 1990) 
as illustrated in Figure 12.13. The phase change 
observed in the moire pattern correlates directly 
to that of the original fringe pattern. In addition, 
the moire fringes are sharper than the straight 
interference pattern and it becomes easier, in 
principle, to track the phase changes in the pat- 
tern and to have knowledge of the fringe number 
by following the pattern centroid. From the dis- 
cussion earlier, the sampling factor affects the 
fringe pattern intensity through the factor 
£{pib). Expressing (pib) as the factor KIN, where 
K and N are integers: 



P\ 

M T i = sin c 
\ b j 



(f)=^rni <I2I5) 



This leads to the description of the interference 
fringe pattern intensity function at each pixel 
number i being given by the expression: 



/(/) =p{\ + 
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yi/j cos 



2tt 





(12.16) 



Here, N is the number of pixel elements per 
moire fringe and y is the pixel distance along 
the CCD array. If we choose yV(moire) = 
A(interferometric), as used previously, then the 
dynamic range is increased by a factor of 
N(K 4 - 1/2). While the same degree of resolution 
is maintained, the fringe visibility is reduced by a 
factor of tt ( K + 1/2). 



12.3.4 Central fringe identification 

12. 3. 4. 1 Introduction 



While interferometry allows changes in the sensor 
measurand to be monitored through phase 
changes in the interference pattern, there is a 
problem when it comes to making absolute meas- 
urements due to the fact that the cosine fringes 
are generally indistinguishable. Although, in 
principle, low-coherent techniques permit the 
identification of individual fringes through the 
Gaussian fringe envelope, it is not straightfor- 
ward to implement this feature. Figure 12.11(a) 
shows a typical output fringe interferogram from 
the low coherence sensor system. The fringe pat- 
tern will be similar for both the temporal and 
spatially scanned systems. It can be seen that 
when using an LED (or multimode laser diode) 
source, tracking the central fringe of this profile is 
not easy, especially in the presence of excess 
noise, since there is a group of central fringes 
having similar amplitudes. The amplitude differ- 
ence between the central and first neighboring 
fringe (see Figure 12.1 1(b)) is given by: 



A/ = 




(12.17) 



where L c is the coherence length of the source. 
When considering fringe identification methods it 
is necessary to ensure that they can operate with 
noise levels up to about 10 percent. We have 
recently demonstrated two methods for identify- 
ing the central fringe: the centroid method and 
the two-wavelength beat method (Chen etal. 
1992b, 1993). 



12. 3. 4. 2 Centroid method 

The first of these methods (Chen etal. 1992b) 
identifies the central fringe by finding the center 
of gravity of the Gaussian fringe pattern envelope 
(Figure 12.14). To identify the central fringe 
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Pixel number 



Figure 12.14 Central fringe identification method based on the centroid technique, from an electronically scanned system 
(Chen etal. 1992b). 



correctly, it is necessary to locate the centroid to 
±1/2 of a fringe period of the center fringe. The 
fringe pattern is First “rectified” so that the lower 
negative-going fringe section is reflected back to 
produce all positive peaks (Figure 12.14, lower 
trace). Next, each peak height is represented by 
a vertical line at the peak center. Using this set of 
discrete data points (1,2, .. . ,/), each of amplitude 
a[i\, the centroid or symmetric center (Figure 
12.14, vertical line) of the fringe pattern can be 
computed using the algorithm: 
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Figure 12.1 5 Modified interferogram produced by the 
(12.18) two-wavelength beat-method, showing central fringe 
enhancement (Chen etal. 1993). 



By computer simulation, it has been shown that 
this procedure can correctly identify the central 
fringe in the presence of 10 percent noise (signal/ 
noise ratio — 20 dB) with a certainty of 99.2 per- 
cent. For an increased signal/noise ratio of 
< -23 dB this error rate falls to below 10 -4 . 



12.3.43 Two-wavelength beat method 

The second method (Chen etal. 1993) described 
is that using two sources of widely spaced wave- 
lengths which both pass through the optical fiber 
sensor network. Each source will produce its 
own interferogram at the output of the process- 
ing interferometer, and each will have a different 
fringe period corresponding to the source wave- 
length. Since the two interference patterns are 
superimposed on each other, a modified pattern 
will result due to the fringe period beating effect. 
While each source produces a fringe pattern 
of the form shown in Figure 12.11, the super- 
imposed patterns will have the form (Figure 
12.15): 



1(b) = exp 
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'2ttA 5\ 
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where 

x _ 2A] A 2 x _ (Ai + A?) 



AA - (A, - A 2 ) 
(12.19) 



When using the amplitude intensity threshold 
method to detect the dominant central fringe, it 
should be noted that the First fringe neighbor is 
not always the second most prominent fringe. It 
competes with the First synthetic wavelength 
fringe for this position and the latter dominates 
as the wavelength difference AA becomes large. 
The amplitude difference between the central 
and first-order fringe now becomes: 



AI — 1 - exp 




cos 




for 1(5 ± A) > I(6±\ sy f2) 



( 12 . 20 ) 
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Figure 12.16 Signal/noise ratio versus coherence length: enhancement effect of the two-wavelength method for different 
source separations A A (Chen et al. 1993). 



and when the first .synthetic wave dominates: 



12.4 Doppler anemometry 



A/= 1 - C xp|-gA 

for I(b ± A) < I{h ± A sv /2) 



( 12 . 21 ) 



In the latter case it can be seen that the central 
fringe is now enhanced by a factor of approxi- 
mately (A/AA)~ over the single wavelength case 
(e.g., about 40 for A| = 670 nm and At — 830 nm) 
for large wavelength differences. In both cases a 
minimum signal noise ratio of — 201og(A//2) is 
required to identify the central fringe directly 
through its amplitude. The results arc shown graph- 
ically in Figure 12.16: the upper curve represents 
the SNR min of a single multimode laser diode and 
the four lower curves represent the SNR mm for 
the system using dual sources with AA/A ratios of 
0.24, 0.19, 0.15, and 0.08, respectively. The shaded 
bands represent the coherence length ranges of 
typical types of low coherence sources, i.c., LED, 
SLD, and multimode laser diodes. The discon- 
tinuity in the curves is a direct result of the com- 
petition between the first neighbor and the first 
synthetic fringes. The main attraction of the two- 
wavelength method described is that, because the 
central fringe is the point at which both inter- 
ferometers are in balance, the variations in the 
source wavelength will have a minimum effect on 
the measurement process, and therefore it is not 
necessary to provide a high degree of wavelength 
stabilization in order to use the method success- 
fully. 



12.4.1 Introduction 

The use of optical fibers in anemometry applica- 
tions provides two main operating advantages. 
The first is that it allows Doppler type measure- 
ments to be made in remote and inaccessible areas. 
The second is that it allows measurements to be 
made in environments that are normally opaque to 
optical radiation, and the fiber probe can be intro- 
duced within the medium to make in vivo measure- 
ments. This latter point is particularly relevant to 
liquids where laminar flow rates, for example, are 
difficult to measure across the flow area. 

Here, three specific applications of optical 
fibers in anemometry are described. The first is 
their use in the measurement of the size of par- 
ticles in a fluid medium, the second considers the 
measurement of fluid How velocities, and the 
third is the use of optical fibers in three applica- 
tions to vibration monitoring. 

12.4.2 Particle size 

This technique (Ross ctal. 1978; Dyott 1978) is a 
particularly interesting and useful application of 
optical fiber anemometry and relies on the Doppler 
shift introduced in radiation reflected from sus- 
pended particles moving under the influence of 
Brownian motion. It has been used in many appli- 
cations: for sizing suspended particles in emulsions, 
oils, and bacteria, as well as for determining the 
mobility of spermuzola in cattle breeding use. The 
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Figure 12.17 illustration of an optical configuration of the fiberoptic Doppler anemometer (FODA) used for particle-size 
analysis (Dyott1978). 



fiber is introduced into the liquid medium contain- 
ing the particles, and laser light is directed down the 
fiber such that it is both partially reflected from the 
Fiber end face and also backscattered from the 
particles in suspension (Figure 12.17). The penetra- 
tion depth of the radiation into the liquid will 
depend upon the concentration of particles and 
the absorbency of the medium. Due to the numer- 
ical aperture of the fiber the emitted cone of light 
will have a maximum distance of penetration 
before the backscattered captured light falls off 
appreciably. For a clear liquid this is about 2 mm 
for a 90 percent reduction in capture efficiency. 
For higher attenuating solutions this distance falls 
to 100 /mi or less. The application of optical fiber 
anemometry to Brownian motion is significant 
since there is no net flow of the fluid medium. 
In contrast, when using such techniques in fluid 
llow applications there is the additional compli- 
cation that the fiber end face disturbs the flow 
velocities about the fiber tip, producing a stagna- 
tion region and thus giving erroneous results. 
When measuring, for example, fluid flow rates 
such as arterial blood flow, methods of overcom- 
ing this problem need to be addressed; these are 
discussed further later on. 



Doppler anemometry relates the velocity v of a 
moving scattering surface to the induced Doppler 
frequency shift /a by the relationship: 

fd = cos 6 (12.22) 

where n i is the refractive index of the liquid medium. 
Due to the numerical aperture (NA = sin0 m ) of 
the optical fiber there will be a range of angles up 
to which the light can enter the fiber given 
by 0 m . Consequently, there will be a spread in the 
Doppler frequency A/a of: 
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For an NA of 0. 1 5 and when operating in a water 
medium (n — 1.33), the normalized frequency 
spread is 0.0065. 

When considering the sizing of particles in the 
region of 5-2000 nm diameter suspended in a 
liquid medium, the frequency spectrum produced 
from the motion of the particles under the action 
of Brownian motion can be monitored through 
the Doppler frequency spectrum observations. 
A typical power spectrum for such particle 
motion is illustrated in Figure 12.18. The diffusion 




Figure 12.18 Illustration of a FODA output signal showing a Lorentzian power spectrum from suspended particles moving 
under the action of Brownian motion (Ross et al. 1978). 
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coefficient y of a spherical particle of radius a can 
be expressed according to the Stokes- Einstein 
relation as: 



kT 

6wqa 



(12.24) 



where k is Boltzman’s constant, T is the absolute 
temperature, and 77 is the absolute viscosity of 
the fluid medium. For a particle distribution with 
a diffusion coefficient of £>(y), the autocorrelation 
function of scattered light amplitude C(r) result- 
ing from a suspension of particles undergoing 
Brownian motion is given by: 



cd) ---- 



*00 

p(y)e dv 
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(12.25) 



where 0 is the Bragg wavenumber (Q — 4nnIX). 

By using the power spectrum of the scattered 
light with an amplitude of: 



SM = 2 



C(i) cosu;/ d / 



(12.26) 



it can be shown that the expression for the nor- 
malized modified Lorentzian power spectrum is: 



S(w) - 



ur(cr 0 la) 2 



1 T 






(12.27) 



where ia 0 = Q 2 kTI6jrqa for particles with a mean 
radius a with a standard distribution of the radius 

of (j 2 a for a a < a. 

The particle radii and the radii standard devi- 
ation were determined by a computer least squares 
fit, and good correlation was found for the calcu- 
lated Lorentzian with the measured power spec- 
trum (Ross etal. 1978). A second and more 
convenient method of determining a and a a from 
the integrated Lorentzian power spectrum 
expressed in equation (12.27) is to plot the inverse 
Lorentzian as a function of ur from the data '‘tair 
in Figure 12.18 and use the high frequency linear 
asymptotic expansion: 



v 1 [u/(Iarge)] 



1 ; ■ 6(t TqIo) 

[1 + (< T 0 / fl) 2 ] 2 

, ^4 ^ 

[1 + (cr 0 la) 2 ] 



(12.28) 



The mean particle radius a and standard devi- 
ation a a were then obtained graphically from 
the slope and intercept, respectively, as: 



Slope 



Intercept 



1 + (<7Vf/tf)“ 

1 + 6 (crja) 2 2 



(12.29) 



Small differences between using the computer 
least squares fit and the graphical method were 
reported, with a discrepancy of about 3.5 percent 
in determining the mean radius. The computer 
curve-fitting method was likely to be the more 
accurate, although the graphical method is much 
simpler. 

Experiments using syton particles of approxi- 
mately 46 nm radius over a 1:2048 dilution 
range from undiluted syton over 12 subsequent 
dilutions, each diluted with an equal volume of 
distilled water, have been reported. Good cor- 
relation was observed for the mean radius 
(46.5 11 m) and the standard deviation (20.8 nm) 
over the spread of radii, although particle clamp- 
ing in the undiluted specimen was believed to 
have distorted the result for this initial sample. 

12.4.3 Fluid flow 

The extension of the FODA type technique to 
fluid flow measurement has met with some suc- 
cess, although problems have been found in that 
the fiber disturbs the flow about its end face. This 
problem stems from the fact that a stagnation 
region exists within a few hundred micrometers 
of the fiber end face. Since the depth of penetra- 
tion of the radiation from the fiber into the fin id 
medium ranges from about lOO^um to about 
1 mm, a range of velocities will generally be 
observed in the Doppler shifted backscattered 
radiation, depending on the absorbency of the 
fluid suspension. FODA has been applied to the 
measurement of blood flow (Kilpatrick etal. 
1982), where the penetration depth of HeNe laser 
radiation at 632.8 nm is of the order of 300 ^um 
from the fiber tip. Here, the fiber probe was 
introduced into a simulated blood flow stream 
and the backscattered power spectrum recorded 
with a spectrum analyzer. A frequency spectrum 
of the form shown in Figure 12.19 was obtained, 
showing an exponential type decrease with 
increased frequency. The free flow velocity was 
identified as the maximum observed frequency; it 
was assumed that the depth of penetration of the 
radiation extended beyond the disturbed flow 
region. In order to identify the maximum fre- 
quency more precisely, a second power spectrum 
was recorded, this time with the probe in blood at 
a zero flow velocity, thus giving the noise asso- 
ciated spectrum of the system (Figure 12.19). The 
point at which the signal power spectrum over- 
lapped with the noise spectrum was assigned to be 
the free flow Doppler frequency indicated by the 
point F frec flow. Due to the noise of the system 
this point contains some degree of uncertainty. 
Another interesting feature of these measure- 
ments was a series of readings of blood flow- 
velocity taken in vivo as the fiber probe was 
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Fig u re 1 2 .1 9 Illustration of a typical FODA output power spectrum for liquid flow measurement, showing free flow velocity 
(Kilpatrick etal.1982). 
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Figure12.20 Schematic illustration of a FODA velocity profile across the radius of flow in a 3 mm diameter tube 
(Kilpatrick etal.1982). 



moved progressively across the diameter of a 
3 mm glass tube. The readings showed a velocity 
gradient of the flow across the tube diameter; a 
schematic illustration of the reported results is 
shown in Figure 12.20. In addition, with the fiber 
probe positioned facing into the blood flow, non- 
linear blood flow was observed that could be 
calibrated up to flow velocities of <0.15 m/s, the 
non-linear behavior showing that laminar flow 
was not re-established in the measurement region 
about the fiber tip except at very low velocities. 
With the fiber oriented against the blood flow the 
response was linear up to flow rates of at least 1 m/s. 
Since arterial blood will be pulsating, the fiber 
probe will always experience flow with and against 
its direction of orientation. 

In order to overcome the problem associated 
with the flow disturbance near the fiber probe tip, 
a measurement geometry has been devised that 
observes the free flow velocity beyond this dis- 
turbed region (Kajiya etal. 1988) using the con- 
figuration shown in Figure 12.21. This was 



achieved by the use of two optical fiber probes 
placed side by side in the blood flow. One delivers 
the radiation to the flow region while the other 
collects the back scattered light only over a limited 
part of the illuminated penetration volume, as 
illustrated in Figure 12.22(a). The cone of radi- 
ation launched by the delivery fiber will overlap 
with the cone of acceptance of the collection fiber 
at some distance from the fiber end faces. If this 
overlap region is sufficiently far away from the 
fiber ends to be in the free flow region then an 
unambiguous Doppler signal will be observed, as 
depicted in Figure 12.22(b). It was found that 
when two smaller diameter (62.5 //m diameter; 
50 mm core) optical fibers were placed adjacent 
to and touching each other, a Doppler frequency 
peak was observed with good correspondence to 
the free flow velocity. When larger diameter 
(125 jim) fibers were used, no Doppler signals 
were observed. With the 62.5 //m fibers, Doppler 
signals were seen both when the direction of 
flow was aligned with and against the fiber 
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Figure 12.21 Schematic illustration of the dual-fiber method for Doppler blood flow velocity measurement (Kajiya et al. 
1988). 
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Figure 12.22 Schematic of (a) the sampling volume for the dual-fiber method in the free flow velocity region, and (b) a 
spectrum analyzer type output signal indicating a free-flow Doppler signal (Kajiyal et al. 1988), 



orientation. The calibration was performed with 
the fiber probe at an angle of 60° in a rotating 
turntable containing blood, and a good correlation 
was observed between the Doppler frequencies and 
the equivalent How velocities, with correlation 
coefficients of r — 0.985 in the direction of flow 
and r — 0.998 when against the direction of flow. 
This optical fiber measurement system can thus be 



used to make accurate flow velocity measurements 
even in disturbed flow fields. 

12.4.4 Vibration monitoring 

There have been several successful examples of 
the application of optical fiber sensor systems to 
the non-contact measurement of vibration and at 
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Figure 12.23 (a) Schematic of a heterodyne vibration 

monitor system using a Bragg cell frequency shifter and 
phase lock loop demodulator. PBS, polarizing beam splitter; 
PD, photodetector, (b) Spectrum analyzer PD output of a 
heterodyne vibration monitor (a) for sinusoidal target 
vibration (central frequency, /h SO MHz) (Jackson and 
Meggitt1986). 

least one commercial instrument has been mar- 
keted. Laser Doppler velocimctry (LDV) is a 
well established technique for non-contact sur- 
face vibration measurement. When observing 
the Doppler shift effects in the light frequency 
modulation it is necessary to introduce a carrier 
frequency modulation in order to determine the 
direction of the surface displacement. As will be 
seen, this can be achieved by either a heterodyne 
method using a discrete frequency modulator, 
e.g.. a Bragg cell, or can be introduced by a 
pseudo-heterodyne approach by modulating the 
phase of the interferometer path imbalance. Here 
we will look at three such systems each of which 



has its own particular area of application, and all 
of which are based on a form of laser Doppler 
anemometry. 

12.4.4. 1 Heterodyne modulation- vibration moni- 
toring 

This approach utilizes an acousto-optic Bragg cell 
frequency modulator device to provide the 
required high frequency carrier signal. The phase 
of the carrier is then modulated by the radiation 
reflected or scattered from the vibrating target 
surface. The principles of this approach have 
been the subject of recent developments (e.g., 
Jackson and Meggitt 1986; Fox 1987). The sys- 
tem (shown schematically in Figure 12.23) essen- 
tially consists of a modified Mach-Zchnder bulk 
optic interferometer. In order to ensure a wave- 
length stabilized light source, a HcNe laser is 
used. Light from the laser is first passed through 
a quarter wave plate to produce a circularly 
polarized output beam and then into a polarizing 
beam splitter (PBSI). The output of PBSI is com- 
posed of two polarized beams propagating at 90 
to each other, one of which is horizontally polar- 
ized and the other vertically polarized. One beam 
is passed through an appropriately oriented 
acousto-optic Bragg cell where only the first- 
order diffracted output beam is allowed to trans- 
fer to the interferometer output. It is first 
re fleeted from the interferometer mirror and 
through a second (unpolarizing) beam splitter 
(BS3) where it is further divided to give to output 
beams that impinge on the two photodetectors 
(PD1 and PD2). 






Doppler anemometry 189 



The second beam from PBSI is allowed to pass 
through the polarizing beam splitter (PBS2) 
oriented along the light polarizing axis and, with 
the aid of the focusing objective lens, is launched 
into one polarization axis of the polarization 
maintaining optical fiber. It is then transmitted 
through the optical fiber in this polarization 
mode to the fiber end where it is focused on the 
vibrating target surface by a second lens element. 
The light is then reflected or scattered from this 
surface and relaunched back into the optical 
fiber. The presence of the quarter wave plate at 
the fiber end ensures that the polarization axis of 
the light is rotated through 90° such that when it 
is launched back into the fiber it propagates back 
down the liber in the orthogonal polarization 
mode. 

When this light emerges at the other fiber end it 
is collimated by the focusing objective and then 
reflected through 90° by the polarizing beam 
splitter (PBS2). The light then passes to the final 
beam splitter (BS3) and its output is divided 
between the two photodetectors along with the 
radiation that has passed through the Bragg cell 
arm. The two component beams falling on each 
photodetector have traversed different paths in 
the Mach-Zehnder interferometer and therefore 
have different frequencies and phases but the 
same polarization states, and consequently they 
interfere coherently on the surface of the detect- 
ors. The interference effect thus produces a 
modulated carrier at the Bragg cell frequency /b, 
the phase of which is modulated by the Doppler 
effect induced in the reflected/scattered light from 
the vibrating target surface. Therefore, about the 
Bragg frequency /b there is a time-varying modu- 
lated signal with a frequency shift 8/ is given by: 

V = 2 ~rcose (12.30) 

where v s is the target surface velocity, A 0 is the 
wavelength of the HeNe source and 9 is the angle 
which the light makes with the reflecting surface. 
A typical spectrum analyzer output signal is shown 
in Figure 12.23(b) for a sinusoidally modulated 
target vibration (/b = 80 MHz) (Jackson and 
Meggitt 1986). Due to the fiber NA, there will be 
a small group of such angles about the normal 
incident beam that will lead to a small spread in 
the observed Doppler shifts. As the target surface 
vibrates it will go through a range of surface 
displacements that will induce in the reflected 
beam a corresponding time-varying optical phase 
difference <p s (/) in the interferometer output / 0 / p , 
which can be expressed as: 

fo/p(0 = h +h ±23\Jlyfi (12 31) 

cos [2tt/b + 0 S (O + <p 0 ] 



where I\ and h are the output photodiode cur- 
rents. 3 is the interface mixing efficiency, and <p 0 
is the static interferometer phase imbalance. 

The presence of the carrier signal /b allows the 
direction of the motion of the vibrating surface 
to be determined unambiguou sly. Si nce the beat 
frequency is proportional to y/(I\h) it is possible 
to improve the detection of the weak Doppler 
signal h by increasing the intensity of the refer- 
ence beam I\. There is a fundamental limit to 
which the output signal / s can be increased rela- 
tive to the noise component /„ which is related to 
the quantum detection limit of the photodetector 
given by: 




(17/2) 

(hisAf) 



(12.32) 



where r\ is the quantum efficiency of the detector, 
A/ is the pass band of the detector and preampli- 
fier electronics, hv is the light quantum and Ij is 
the weak Doppler signal. 

The output signal is demodulated by a phase- 
lock loop (PLL) that produces an error signal pro- 
portional to the surface velocity v s (/). The PPL 
can respond to, typically, ±20 percent of the 
carrier signal while still maintaining good linear- 
ity along with a wide frequency response. The 
design of the instrument permits the detection of 
surface velocities in the range 0.316 to 3.16 x 
I0 _:> m/s over a frequency range of 10"' 1 Hz to 
30 kHz. The linear response region of such a 
vibration sensor is illustrated by the neumonic 
shown in Figure 12.24 where frequency, displace- 
ment amplitude, and surface velocity are related 
graphically. 




Figure 12.24 Neumonic showing the performance 
regime with regard to frequency, amplitude, and surface 
velocity related to the linear response region of the PPL 
shown in Figure 12.23. 





190 Fiber optics in sensor instrumentation 



As an example, for a target surface moving in a 
periodic sinusoidal motion such that: 



&(/) = ^sin(2tf,0 



(12.33) 



the resulting dynamic component of the output 
signal is given by: 

f 47T/4 

Ial P (t) oc cos < 27 t/b/ + -j- 

(12.34) 

I 

[sin (27 t/ s / + 4> 0 )] 



The output spectrum is composed of a carrier 
centered at frequency /B with sidebands at fre- 
quency differences of / B ±/ Sf / B ± 2 \f i9 /b ± 3 f s , 
and so on. It is possible to select the first term 
/b ± /& by use of a band pass filter centered at / B 
and with a bandwidth of less than ±2/ s(raax) . 
The output frequency modulated signal can be 
conveniently demodulated by use of a PLL 
where the output error signal is proportional 
to the surface velocity v s . However, as the Bragg 
cell frequency shift is of the order of tens of 
megahertz (typically 40 MHz-100 MHz) and the 
maximum frequency shift f s ( max) is <1 MHz, it is 
difficult to design a PLL to cover this range. 
Therefore, the Bragg carrier frequency is first 
down-converted by using conventional double- 
balanced mixers (DBM1 and DBM2) and a 
second oscillator offset from the Bragg frequency 
by A/ (i.e., at /b + A/). The mixer output is 
therefore centered on the intermediate frequency 
of A/, and this is conveniently set at a maximum 
of 5 MHz for which PLLs are available, having 



a maximum modulation depth of 20 percent as 
described (<1 MHz). 

12. 4. 4. 2 Pseudo-heterodyne modulation-vibra- 
tion monitoring 

A different form of optical fiber vibration moni- 
tor has been described (Meggitt etal. 1989) for 
use as a non-contacting reference grade vibration 
sensor. It was initially designed for use in cali- 
brating secondary grade accelerometers, such as 
piezoelectric accelerometers, but has a general 
applicability. The advantage in using an optical 
approach for a reference grade device is that the 
system is capable of making displacement meas- 
urements which are referred only to the wave- 
length of the radiation used, in this case a HeNe 
gas laser at 623.8 nm. It can also be configured to 
provide calibrations that are independent of the 
temperature of the environment, allowing the 
temperature dependence of the piezoelectric 
devices to be characterized. 

The vibration monitor is based on a form of 
Michelson optical fiber interferometer, as shown 
in Figure 12.25. Here, the HeNe laser light is 
launched into one port of a single mode fiber 
coupler. Radiation is directed via an output port 
onto the vibrating surface being investigated, 
from which it is back-reflected into the optical 
fiber coupler and transmitted back to a photo- 
detector element. The second output port of the 
fiber coupler is wound several times around a 
piezoelectrical cylinder that acts as a fiber stretch- 
er under the influence of a periodic modulating 
voltage. Some of the HeNe light will travel in this 
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Figure 12.25 Schematic of a reference grade fiber optic vibration sensor (Meggitt etal. 1989). 
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second arm and be reflected back along its path 
by a silvered reflecting end coating deposited on 
the fiber end face. This back-reflected light will 
also be directed to the photodetector where it will 
interfere coherently with the light that is Doppler 
shifted by the vibrating surface. JBy applying a 
high frequency sinusoidal voltage to the piezo- 
electric modulator of 100 kHz the phase <£(?) of 
the light will be modulated due to the modulated 
interferometer arm imbalance as: 

<Kt) = ^-L 0 sm(u m t) (12.35) 

where L 0 is the peak fiber length extension due to 
the pzt element. Similarly, light reflected back 
from the vibrating target will also be phase modu- 
lated, but at a somewhat lower frequency due to 
the displacement effect of the vibrating surface 
modulating the arm imbalance L s of the inter- 
ferometer, giving rise to a second time-dependent 
phase component 0(0 of the form: 

6(t) = (12.36) 

Ao 

If the two arms of the interferometer are equal, 
then L s (t) will represent the time-dependent dis- 
placement of the vibrating surface. The output 
photodiode current 7pd will then have the form, 
from the transfer function of the Michelson inter- 
ferometer, of: 

7pd = A{\ +7:cos[0(O + <ft)Sinu; m /]} 

(12.37) 

Using standard trigonometric identities this can 
be expressed as: 

7pd = A{ 1 +7f[cos0cos(^sintJ m O 

- sin0sin(0 o sinu; m /)]) (12.38) 

and can be expanded in terms of a Bessel function 
series: 



7pd(0 



y + K 
-K 



7 o (0o ) + 27 > n (<Mcos 2 w cos <j> T 

"=i J 

] 



2^/2 n -i(0o)sin(2n+ lMnr 
n=0 



(12.39) 



where 7 o (0oX 7) (<Po), ■ > Jin (<Po) are Bessel func- 

tions of the first order of argument <p 0 . 

The output signal 7pd is first gated with a 50:50 
mark space ratio square wave and then band-pass 
filtered at a frequency of twice the modulation 
frequency, that is at 2u; m , to give: 



S(t) = [4(0o) cos 0 cos (2u? m t) 

— sin 0 cos ( 2u m t )] (12 .40) 



By setting y4(<p 0 ) = B(<j > Q ) = R, by adjusting the 
voltage on the pzt modulator to give <p 0 = 2.82 
radians, the output of the instrument is then given 
by the reduced form of: 

S(t) = Rcos(2w m / + 0) (12.41) 

which represents a carrier of frequency 2w m that is 
phase modulated by the vibrating surface 

0 = 4nL s (t)l\ 0 . An electronic phase tracker is 
used to follow the phase movement induced by 
the vibrating surface. To achieve this objective, 
the phase modulated carrier (PMC) square wave 
output is monitored against the reference wave 
derived from the pzt master oscillator. The phase 
of the PMC relative to the reference is measured 
by use of the master clock running at 25 MHz 
with a 1/126 measurement increment using the 
rising edges of the two waveforms as trigger 
points. By storing two successive phase measure- 
ments in buffer memories, the direction of the 
surface displacement can be determined by com- 
parison of their two most significant bits. The 
resolution of the system corresponds to about 3° 
in phase measurement or 2.47 nm (i.e. A 0 /126). 
The noise floor of the processing system was 
determined to be equivalent to approximately 

1 nm in surface displacement. Since the gated out- 
put of the detector produces two such PMC sig- 
nals moving in opposite directions, it is possible 
to process both in order to halve the resolution of 
the system. The performance of the system is 
limited by the maximum slew rate that can be 
satisfactorily processed due to the bandwidth limi- 
tation of the band pass filter of about 30 kHz that 
must accept only the second harmonic 2uj m 
(about 200 kHz) of the pzt modulation frequency, 
and reject the adjacent fundamental u m and the 
third harmonic 3u m . Using a bandwidth of 
30 kHz, this corresponded to a displacement 
amplitude of 1 ^m at 5 kHz and down to 0.5 mm 
displacement amplitude at 10 kHz vibration fre- 
quency. Results indicate that an error in surface 
amplitude of less than 1 percent was present over 
a 2 kHz bandwidth for a scaled 1 g surface accel- 
eration; this rises to <3 percent over a 5 kHz 
bandwidth when measured against a reference 
grade piezoelectric accelerometer under standard 
conditions. 

72. 4. 4 . 3 Frequency modulated laser diode- 
vibration monitoring 

In this method (Laming etal. 1985) a frequency 
modulated single-mode laser diode is used as the 
source element. No separate frequency shifter 
element is required and the set-up is suitable as 
a hand-held vibration monitor that is insensitive 
to external vibrations. It is claimed to be robust. 
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Figure 12.26 Schematic diagram of a frequency modulated laser diode fiber optic vibration probe (Laming etal.1985). 



lightweight and inexpensive. The device, illus- 
trated in Figure 12.26. uses a pseudo-heterodyne 
approach where the emitted optical frequency of 
a single mode laser diode is modulated by 
changes induced in its injection current. The 
emitted radiation is launched into a fiber pigtail 
that is connected to a single mode fiber direc- 
tional coupler. Only one output ann of the coup- 
ler is used, the other being immersed in an index 
matching liquid to suppress any back-reflections. 
The light transmitted by the output port is colli- 
mated by a Selfoc graded index lens. The colli- 
mated light is directed through free space onto 
the vibrating target surface where it is scattered 
back into the fiber and directed by the coupler 
onto a photodetector element at the end of the 
fourth coupler arm. A cavity is set up between the 
fiber-Selfoc interface and the target surface, 
ensuring a common fiber path for both reference 
and signal beams. The laser diode injection cur- 
rent is sinusoidally modulated such that the 
optical frequency of the output also follows a sine 
modulation (about 1 GHz/mA). This method 
avoids the linearity problems associated with lin- 
early ramped phase modulation, but requires 
additional signal processing to produce the phase 
modulated carrier signal. The output optical fre- 
quency v(/) from the laser diode has the form: 

v(/) = v 0 4- Avsinu; ra / (12.42) 



. 47 rl . . . 

(pit) = (v 0 + Avsinu; m /) = 0r + <p m sin uj m f 

c 



(12.43) 



The transfer function of the low finesse Fabry- 
Perot cavity can then be expressed as: 

I(t) oc[l +K cos (<p m sin u; ni / + <pj)] ( 1 2.44) 

where K is the fringe visibility, which depends on 
the amplitude of the scattered signal; the constant 
of proportionality depends on the optical power 
and detector sensitivity. This signal can then be 
processed in a similar way to that described pre- 
viously for the reference grade accelerometer, i.e., 
by first expanding the transfer function in terms 
of Bessel functions similar to equation (12.39). 

By gating lit) with a square wave at frequency 
u; ra and adjusting the laser drive frequency A v , the 
phase excursion <p m can be maintained at 2.82 
radians. Finally, the output is band-pass filtered 
at twice the laser modulation frequency, i.e., 2c j m . 
giving: 

/(/) oc cos (2uj m i - © T ) (12.45) 



Hence, the output represents a carrier at fre- 
quency which is phase modulated by the 
surface displacement / through <£t, since: 



depj 47rr 0 d / 

d/ c d; 



(12.46) 



where v 0 is the mean laser frequency and A v is the 
peak frequency shift. The corresponding phase 6(t) 
of the interference between the reference and signal 
reflections from the sensing cavity of length / is 
given by: 



A signal generator produces outputs at c^ m , 2o/ m 
and 4co m . In order to control the laser output 
frequency to maintain <j> m at 2.82 radians, the 
photodetector output is mixed in two operations 
with 2u) m and 4a> m and their respective outputs 
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are low bandpass filtered to give the J 2 (<i>m) cos 
and ./ 4 (<p m )cosc>T, and their ratio is used to con- 
trol the AGC amplifier driving the laser diode. In 
this way. any temperature effects in the laser 
diode and variations in the sensing cavity are 
compensated for. A tracker is used that measures 
dfaldt, which gives an output voltage propor- 
tional to surface velocity. The vibration sensor is 
designed to operate with a sensor cavity of 
50-300 mm. Vibration frequencies up to 20 kHz 
are measured; measurement is limited to the 
region in which the frequency tracker gives good 
linearity, with a maximum surface velocity up to 
0.2 m/s being reported. 

12.5 In-fiber sensing structures 

12.5.1 Introduction 

In-fiber sensing structures, such as the Fabry- 
Perot and the Bragg grating elements, are proving 
invaluable devices, especially when the fibers are 
embedded in or attached to composite or metallic 
components for monitoring structural integrity. 
By integrating the sensor into the fiber structure 
the sensor size is comparable to that of the ori- 
ginal fiber dimensions and thus will only minim- 
ally perturb the host structure. In addition, it is 



possible to produce many such short length sen- 
sors into a given fiber length to form a quasi- 
distributed array of sensing elements. It is with 
this background that we now discuss in some 
detail the sensing mechanisms and structures of 
the in-fiber Fabry-Perot and the fiber Bragg 
grating devices. 



12.5.2 Fiber Fabry-Perot sensing element 

The fiber Fabry-Perot sensor (Kist etal. 1985; 
Lee and Taylor, 1988) is a useful sensing device 
because it is an in-line sensing element (Figure 
12.27). It is essentially an optical cavity that is 
defined by two semireflecting parallel mirrors 
(Figure 12.28). More usually, the Fabry-Perot 
cavity (at least in bulk optic form) has highly 
reflecting mirrors of reflectivity R such that the 
device has a high finesse and, consequently, its 
reflection/transniission is spectrally selective and 
serves as an interference filter dement. The inten- 
sity Ij of radiation at wavelength A that is trans- 
mitted by the Fabry-Perot device is given as a 
function of optical phase change by: 

h = k 2 (1 ~ — ( 1 2.47) 

[(1 - R) 1 + 47? sin 
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Figure 12.27 Schematic diagram of a fiber Fabry- Perot sensing system. 
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Figure 12.28 Illustration of a fiber Fabry- Perot sensing structure (e.g., Lee and Taylor 1988). 






194 Fiber optics in sensor instrumentation 



where <P is related to the cavity length L, its 
refractive index n and optical wavelength A by: 



< p : - 



4tt nL 
X 



(12.48) 



In its use with optical fibers, the cavity is formed 
in a short length (1-30 mm) of optical fiber that 
has partially reflecting coated ends (both alumin- 
um and TiCb have been used (Lee etal. 1989)), 
which is then fusion spliced onto the end of the 
connecting fiber (Figure 12.28). For example, 
with lOOnm deposited TiO? layers, after fusing 
and splicing a 1 mm Fabry-Perot fiber cavity into 
a fiber length, 2 percent reflectivity was reported 
for the fused fiber cavity mirrors. This arrange- 
ment provides a low finesse cavity with mirror 
reflectivities of about 10 percent or less. Under 
these conditions the Fabry-Perot cavity acts 
essentially as a two-beam interferometer, since 
multiple reflections in the cavity are weak and 
the transfer function for the optical phase differ- 
ence (b of the back-reflected intensity I T has the 
cosine fringe form: 



h = / 0 [1 + vcoso] 



(12.49) 



where I Q is the mean return intensity, and v is the 
fringe visibility (<1). It is possible to detect 
changes in the optical phase difference of the 
interferometer output by using interferometric 
techniques such as the single mode laser diode 
pseudo-heterodyne method or the broad-band, 
white-light interferometric approach. In the for- 
mer (Kist etal. 1985), the output wavelength of 
the laser diode is ramped by applying serrodyne 
input current ramp which modulates its output 
frequency A f by about 3GHz/mA, w'here fre- 
quency modulations of 10-100 GHz are possible. 
The back-reflected radiation from the Fabry- 
Perot cavity has a periodic sine wave form as 
described previously. Alternatively, the white- 
light technique (Lee and Taylor 1991) can be used 
as described earlier. Either way, the change in the 
phase of the output fringe pattern can be mon- 
itored and related to the measurand of interest. 
For temperature measurement, the change in 
phase has the form: 






AT ~ nU\ 



(12.50) 



where the last term is associated with the effect of 
wavelength changes in the source radiation and 
can be ignored if the source wavelength fluctu- 
ation is small or negligible. The change in refract- 
ive index (dn/dT) dominates the phase change at 
temperatures above about 20 °C since the thermal 
expansion (dLldT) of the fiber length is an order 
of magnitude lower for a silica optical fiber and 
where the temperature dependence of the refract- 
ive index associated phase change is about 
100 rad/ °C. However, at lower temperatures 
(<20°C) the temperature coefficient of the refrac- 
tive index is low and the fiber contracts with 
decreasing temperature (negative value of ther- 
mal expansion), resulting in a more non-linear 
optical path length change with temperature. In 
high temperature sensor applications using a 
novel pulsed modulation technique over a tem- 
perature range of 1225 °C (-200 °C to 1050 °C), 
Lee et al. (1988) found a 1 mm fiber cavity length to 
give a fringe extinction ratio of 20: 1 . 

Pressure effects have also been monitored using 
the fiber Fabry-Perot sensor where a 30 cm dia- 
meter coil was compressed between two metal 
plates (Yoshimo etal. 1982) and a sensitivity of 
0.04 rad/Pa/m was reported. 

Similarly, longitudinal strain (the ratio of the 
fiber extension A L to its original length L) can 
also be monitored through observation of the 
induced phase changes in the fiber interferometer 
output (Measures 1992). In this case it is the 
strain-optic coefficient (e = A LfL) that is of 
interest. Under the condition that zero strain is 
coupled to the fiber in directions other than along 
the longitudinal axis, i.e., a uniaxial stress load- 
ing, the corresponding phase change is given by: 

, . 47 mL f . n 2 _ 

= — — <i -j[pi2-^(pu +p\i)] 

(12.51) 
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Figure 12.29 Structure of a holographic in-fiber Bragg grating. 
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where p\\ and pu are the strain-optic coefficients 
and v is Poisson's ratio. 

In general, the cosine form of the fringe output 
means that the phase change will be multifunc- 
tional, and ambiguities can arise when the phase 
is greater than 2 tt. As discussed earlier, dual- 
wavelength interrogation can be used to remove 
such processing uncertainties. 

12.5.3 Fiber Bragg grating sensing element 

A second example of an in-fiber sensing structure 
is the holographic fiber Bragg grating. This device 
is essentially a linear grating structure that is 
formed in the core of an optical fiber through 
the periodic modulation of its refractive index 
along a fixed length of the fiber (Figure 12.29). 
The periodic modulation of the core refractive 
index is produced by the interaction of UV laser 
radiation with defect structures in some doped 
silica optical fibers through a photorefractive 
process (see Morey etal. 1989). The absorption 
of radiation about the 245 nm wavelength, for 
example, is associated with the germanium- 
oxygen vacancy defect band structure. Grating 
structures are usually written in the core of silica 
fibers by transverseor side illumination. Aninterfer- 
ence pattern is formed between two intersecting 
coherent beams of UV laser radiation, as shown 
in Figure 12.30. The period of the interference 
pattern A Bra gg is determined by the radiation 
wavelength Ayv, the core index n c , and the angle 
of intersection of the two overlapping beams, 6: 

Auras* = A UV 4^5 (12.52) 

sm0 



It can be seen that by varying the angle of inter- 
section of the two interfering beams, the period of 
the grating, and thus the wavelength at which the 
grating structure will reflect incident radiation 
propagating along the optical fiber can be altered. 
The wavelength A Bragg a t which a grating period A 
back-reflects is given by: 

Afiragg = 2« c A (12.53) 



The efficiency R of the grating structure in reflect- 
ing back a particular wavelength A Bragg is deter- 
mined by: the length L of the grating structure, 
and hence the number of grating elements; the 
reflectivity of each element, i.e., the refractive 
index depth of variation (A n(n c ) produced by 
the writing process: and the fraction of the inte- 
grated mode intensity that is concentrated in the 
fiber core r}{V\ 7](V) ~ 1 — 1/K 2 where the nor- 
malized fiber frequency. V > 2.4. The expression 
given by Morey etal. (1989) is: 



R tanlr 



TrLAnrji V) 



Arv; 



Bragg 



(12.54) 



The rate at which a Bragg grating can be written 
in the fiber core depends on the radiation power 
and exposure time. For CW radiation at 244 nm, 
a power above 10m\V allows the grating to form 
quickly (Meltz etal. 1989). For example, with a 
power of 23 mW and a 10 s exposure, transmis- 
sion at the Bragg wavelength was reported to 
decrease to 0.65. With a 5 min exposure at an 
average power of 18.5 mW in a 6.6 mol percent 
GeCF doped fiber of core 2.6 ptm, the reflected 
and transmitted spectra were found to be com- 
plementary, and a line width of approximately 




Figure 12.30 Optical configuration for writing holographic optical fiber Bragg gratings (Meltz etal. 1989). 
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5 x 1CH 1 nm was reported, giving a fractional 
bandwidth of about 10~ 4 . Several methods have 
been reported to increase further the reflectivity 
of the gratings, with index changes up to 10 -2 
being observed with techniques such as boron 
co-doping and dehydrogenation of the fiber to 
increase its photosensitivity. 

Gratings have also been successfully produced 
using pulsed laser sources such as excimer lasers 
having a pulse duration of approximately 20 ns 
(Askins etal. 1992; Archambault etal. 1993). 
Subsequent work (Archambault etal. 1993b) has 
shown that there are two basic types of possible 
grating structures: Type I and Type II formed in 
the low and high pulse energy regimes, respec- 
tively. Pulse energies below about 20 mJ were 
shown to generate Type I gratings in a similar 
way to the method using continuous wave 
sources having a narrow spectral bandwidth and 
moderate modulation depths up to about 75 
percent. For pulse energies above 40 mJ Type II 
gratings were formed, having very high reflectivi- 
ties (approaching 100 percent) and with a much 
broader fractional bandwidth (about 6 x 10~ 3 ). 
In these Type II gratings a structural transform- 
ation occurs at the cladding-core interface on one 
side of the fiber, with the result that below the 
Bragg wavelength light is coupled strongly to the 
cladding, while above the Bragg spectral band- 
width light is transmitted in the fiber core. 

Two significant features are evident for the use 
of the pulsed laser grating method. The first is 
that there is sufficient energy per pulse to allow a 
single shot formation of the grating structure. 
This feature permits the production of the grat- 
ings in a fiber as it emerges from the fiber drawing 
tower, thus allowing any number of gratings with 
chosen separations to be made in a quasi-distrib- 
uted fashion. This is a significant process since in 
order to write gratings in ready pulled fiber the 
secondary coating must first be removed because 
it absorbs the UV radiation. This latter fact limits 
the possibility of creating large numbers of grat- 
ing arrays in an optical fiber due to the need first 



to strip off the fiber coating and then to replace it 
after exposure; this will weaken the mechanical 
strength of the fibers. 

The second feature is that Type II grating 
structures exhibit the property of surviving with- 
out signs of annealing up to temperatures of 
800 °C and are only removed after being held at 
temperatures of 1000 °C. In Type 1 gratings, tem- 
peratures above 450 °C anneal the photorefrac- 
tive grating structure within seconds. Therefore, 
it is possible to consider Type II fiber gratings for 
use in harsh environments, especially where high 
temperatures are encountered (e.g., process con- 
trol, high temperature piping such as power gen- 
eration, and aeronautical engine monitoring 
applications). 

The availability of the technology to produce 
in-fibcr grating structures has permitted their use 
in a number of sensing applications, including 
temperature sensing (Morey etal. 1989), strain 
monitoring (Kersey etal. 1992), and high pressure 
sensing (Xu etal. 1993). The parameter measured 
in each case is the spectral change AAnragg in the 
central Bragg wavelength Asragg of the grating 
structure. In temperature sensing applications 
(Morey etal. 1989), the fractional change in the 
Bragg wavelength is given by the expression: 

^=( a + 5)AT (12.55) 

A Bragg 

where a is the thermal expansion coefficient and £ 
is the thermo-optic coefficient. The latter is the 
dominant fiber effect, and wavelength shifts of 
0.006 nm/°C have been reported at a wavelength 
of 550 nm. 

When considering strain monitoring appli- 
cations (Figure 12.31(a)) (Morey etal. 1989; 
Measures 1 992; Kersey et al. 1 992; Measures 
etal. 1992), the fractional change in Bragg wave- 
length is given by: 

^T^ = [l-P*]c (12.56) 

^ Bragg 
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Figure 12.31 Illustration of a fiber Bragg grating used for monitoring (a) longitudinal strain (Measures etal. 1992), and (b) 
hydrostatic pressure (Xu et al. 1993). 
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where e is the applied longitudinal train on the 
fiber and p c is the effective photoelastic coeffi- 
cient having the form: 

p<t = (y)l^ 12 - Kpii +P 12 )] (12.57) 



(Figure 12.32(b)) resulting from the structural 
changes induced in the fiber by the surrounding 
hydrostatic pressure (Xu etal. 1993). In this case 
the fiber is compressed under the action of the 
pressure force and the fractional change in Bragg 
wavelength is then given by: 



where p\\ and are the strain-optic tensor 
coefficients, u is Poisson’s ratio, and n is the core 
refractive index. Typically p Q has a value of 0.22 
and AABragg/Aoragg is related to the applied stress 
by the relation AAB raeg /ABragg = 7.5 x 10 -8 /e. 

The measurement of strain is complicated by the 
effect of the thermal expansion of the body under 
measurement, which produces an effect referred to 
as the ‘‘apparent strain/' It is necessary to remove 
the latter in the measurement to reveal the “true 
strain” effect. This is conventionally done by pro- 
viding a second dummy sensor (Measures 1992) 
which is placed in the vicinity of the strain monitor 
but desensitized to the strain effect, thus only pro- 
viding a measure of the temperature environment. 
It is then necessary to subtract the thermal “appar- 
ent strain” measured by the dummy sensor from 
the combined “real and apparent strain” measured 
by the first strain sensor. 

It is also possible to write Bragg gratings in 
polarization maintaining optical fibers that have 
two orthogonal polarization propagating modes 
(Morey etal. 1989; Measures etal. 1992). Since 
each polarization eigenmode has a slightly differ- 
ent associated refractive index, the optical path 
grating period will be different for the two axes; 
the Bragg wavelength differences between the two 
modes are typically of the order of 0.1 nm. 

As already mentioned, fiber gratings can also 
be used to monitor high pressure environments 



A A Bragg 1 dn\ 

A Bragg \A dP ndP) 



(12.58) 



where A is the spatial period of the grating, and n 
is the core refractive index. It has then been 
shown that this fractional change can be related 
to the mechanical properties of the fiber by: 



AAfiragg 
Allragg Aj° 
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- 2i/)(2p\2 -\~Pu) 



(12.59) 



where E is Young’s modulus and the other sym- 
bols have the assignments given earlier. Measure- 
ments of the fractional change when the grating 
structure was subjected to pressures of up to 
70Mpa showed a linear response, with a figure 
of —1.98 x 10 -6 MPa. By contrast, the tempera- 
ture effect gave a fractional change of 
+6.72 x 10- 6 / o C (0.01045 nm/°C). Therefore, as 
with the measurement of strain, there is a need to 
eliminate the effect of temperature on the pressure 
reading in order to obtain a true pressure value. 

To measure the change in the central Bragg 
reflected wavelength it is convenient to use a con- 
ventional spectrometer or optical spectrum ana- 
lyzer. These devices, however, have a limited 
response time (up to the order of milliseconds) 
and are costly items. For a low-cost sensor appli- 
cation, wavelength demodulation has been demon- 
strated by the use of appropriately selected 
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Figure12.32 Radiometric wavelength dependent detection system for demodulating the reflected Bragg wavelength 
(Measures etal. 1992). 
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optical edge filters (Figure 12.32) (Measures 
1992). The spectral properties of the edge filters 
are chosen such that the filter operates in the 
middle of the extreme wavelength shift of the 
Bragg grating element and is placed immediately 
prior to the photodetector at the return fiber out- 
put. Hence, as the Bragg wavelength shifts occur 
in response to the changing measurand, the 
amount of light intensity passed by the edge filter 
also changes. For a linear filter function 

F(\) = A(X - Ao) (12.60) 

where A is the filter slope response and Ao is the 
wavelength for which F{ A) is zero. The ratio of the 
intensity passed by the filter 7p to that of the total 
light intensity / T returned (reference signal) is 
given by: 

T = A{ Aeragg - Ao + AA/tt) (12.61) 

assuming that the narrow backscattered Bragg 
peak has a Gaussian profile. When an RG830 
infrared high-pass filter was used in the wave- 
length ratiometric detection system with a Bragg 
grating of sensitivity of 0.65 pm/^strain, the linear 
filtering range corresponded to a dynamic strain 
measurement range of about 35,000 //strain. 
When tested on a Lexan beam it was shown to 
have a strain resolution of about 1 percent of the 
linear strain range of the filter element, although 
it is expected that this figure can be reduced by an 
order of magnitude by improved noise perform- 
ance of the processing electronics. 
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13 Microprocessor-based and 
intelligent transmitters 

E. H. HIGHAM and JONAS BERGE 



13.1 Introduction 

The evolution in the design of transmitters has 
been influenced, on the one hand, by the require- 
ments of users for improved performance coupled 
with reduced cost of ownership and. on the other, 
by developments which have taken place in adja- 
cent technologies such as computer aided design 
(CAD), microelectronics, materials science, and 
communication technologies. The most signifi- 
cant advances have resulted from the emergence 
of low power microprocessors and analog-to-digi- 
tal converters which, in conjunction with the basic 
sensor circuits, can function on the limited power 
(typically less than 40 mW) available at the trans- 
mitter in a conventional 4--20mA measurement 
circuit. This has provided two distinct routes for 
improving the performance of transmitters: (i) by 
enabling non-linear sensor characteristics to be 



corrected, and (ii) by enabling a secondary sensor 
to be included, so that secondary effects on the 
primary sensor can be compensated. To differ- 
entiate the conventional transmitters (Figure 
13.1) from those in which corrections are applied 
to the primary sensor signal, using a microproces- 
sor to process information which is embedded in 
memory (Figure 13.2), or those in which a micro- 
processor is used in conjunction with a secondary 
sensor to derive corrections for the primary sensor 
signal (Figure 13.3), the term “microprocessor- 
based” has come into use. 

The fact that a microprocessor can be incorpor- 
ated in a transmitter has also provided an oppor- 
tunity to move from a regime in which only the 
measurement signal is transferred from the trans- 
mitter to a receiver, such as an indicator or con- 
troller, to one in which the microprocessor 
not only implements the microprocessor-based 




Figure13.1 A conventional 4-20 mA transmitter circuit. 




Figure13.2 Components of a microprocessor-based transmitter. 
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Figure 13.3 Components of a microprocessor-based transmitter with a secondary sensor. 




Figure 13.4 Components of a"smart"or "intelligent" transmitter with a communication facility. 



functions mentioned previously, but also manages 
a communication facility. This enables data 
specific to the transmitter itself, such as its type, 
serial number, etc., to be stored at the transmitter 
and accessed via the measurement loop in which it 
is installed, as shown in Figure 13.4. Other func- 
tions, such as setting or resetting the zero and 
span, details of the location and application, and 
running diagnostic routines to give warning of 
malfunctioning, can also be implemented. The 
term “intelligent” has come to be used to identify 
such transmitters. 

A further evolution which is now gaining 
acceptance is to multiplex the transmitter outputs 
onto a network or “fieldbus” instead of connecting 
the transmitters via individual circuits to the con- 
trol room. For the concept to realize its full 
potential, an international standard is required 
to ensure that transmitters from different manu- 
facturers are: (i) interchangeable , i.e., a transmitter 
from one manufacturer can be replaced by a 
transmitter from another manufacturer without 



any change to the system: or (ii) interoperable, i.e., 
a transmitter from one manufacturer can commu- 
nicate with a device or host from another manu- 
facturer. Work started in 1985 to develop a single 
international standard, but in the intervening per- 
iod, proprietary and national standards have 
been developed and are competing to become 
the accepted industry standard. 

13.2 Terminology 

There is a lack of consistency in the terminology 
used to describe the various attributes and fea- 
tures of these new transmitters and, therefore, in 
the context of this chapter the following interpre- 
tations are used: 

Sensor, a component which converts one phy- 
sical parameter (e.g.. pressure) into another para- 
meter (e.g., electrical resistance). 

Primary sensor : the sensor which responds prin- 
cipally to the physical parameter to be measured. 
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Secondary sensor : The sensor mounted adja- 
cent to the primary sensor to measure the phys- 
ical parameter which adversely affects the basic 
characteristic of the primary sensor (e.g., the effect 
of temperature on a pressure sensor). 

Transmitter, a field-mounted device used to 
sense a physical parameter (e.g., temperature) at 
the point where it is mounted and to provide a 
signal in a 4 - 20 mA circuit which is a function 
(usually proportional) of the parameter. 

Microprocessor-based transmitter : a transmitter 
in which a microprocessor system is used to correct 
non-linearity errors of the primary sensor through 
interpolation of calibration data held in memory, or 
to compensate for the effect of secondary influences 
on the primary sensor by incorporating a secondary 
sensor adjacent to the primary sensor and interpol- 
ating stored calibration data for both the primary 
and secondary sensors. 

Intelligent transmitter: a transmitter in which 
the functions of a microprocessor system are 
shared between: (i) deriving the primary measure- 
ment signal; (ii) storing information regarding the 
transmitter itself, its application data, and its loca- 
tion; and (iii) managing a communication system 
which enables two-way communication between 
the transmitter and either an interface unit con- 
nected at any access point in the measurement 
loop or at the control room. 

Smart transmitter: an intelligent transmitter 
with simultaneous digital communication super- 
imposed over the analog signal, i.e., smart is a 
special case of intelligent. 

Fieldbus network: a single communication 
medium such as a twisted pair of copper conduc- 
tors, coaxial cable, etc., which carries information 
such as address, control data, and process para- 
meter data between a number of transmitters, 
actuators, controllers, etc. 



13.3 Background information 

The range of microprocessor-based measuring 
systems now in use covers a wide variety of appli- 
cations, but those which are smart or intelligent 
have been developed specifically for use in the 
process industries and, in this chapter, consider- 
ation is restricted to this particular range. The 
types and relative numbers of process measure- 
ments varies from one industry to another, but 
Figure 13.5 (based on transmitter sales data) 
shows that the most widely used measurements 
are temperature, pressure and differential pres- 
sure, flow, level, density, and analysis. 

The principal development of smart transmit- 
ters has been concentrated on temperature, pres- 
sure, and differential pressure transmitters. For 
temperature transmitters, it is the data regarding 
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Figure 13.5 Relative numbers of process transmitters. 



the characteristic curves for various thermocou- 
ples, platinum resistance, and other temperature 
detectors that have to be embedded in memory, 
for interpolation by the microprocessor through- 
out the selected range of the transmitter. For 
pressure and differential pressure transmitters, it 
is the calibration data for both the primary and 
secondary sensors that have to be embedded in 
memory for interpolation by the microprocessor 
throughout the selected range of the transmitter. 
Differential pressure transmitters are particularly 
important because about half of the level mea- 
surements and about two-thirds of flow measure- 
ments are based on this measurement, although 
this latter proportion is declining. 

The second important development arises from 
the potential benefits to be derived from being 
able to communicate with a remote instrument 
over the same network that carries the measure- 
ment signal. Hitherto, in the process industries, 
instruments have been regarded as devices which 
are located in remote positions and connected by 
a twisted pair of wires to the point where the 
measurement signal is required. The technology 
which enables two types of information to be 
communicated over the same pair of wires, with- 
out mutual interference, has long been available 
but only recently has it been applied and 
exploited for process measurements. 

Having developed transmitters in which micro- 
processors are used to enhance the performance by 
linearizing the basic sensor characteristic or com- 
pensating for secondary influences, it is a logical 
progression to add further memory so that other 
data, specific to the transmitter itself, such as its 
type, serial number, etc., are stored at the trans- 
mitter. The microprocessor can be used to control 
a communication facility, so that information 
stored at the transmitter can be interrogated via 
the measurement circuit in which it is installed, and 
other functions, such as setting or resetting the 
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zero and span, accessing data regarding the appli- 
cation, installed position, and service history can 
be implemented. The term “intelligent' 5 has come 
into use to identify transmitters with such facilities. 

The concept of transmitters which not only 
provide a measurement signal but are also cap- 
able of two-way communication over the same 
circuit raised two issues, namely: (i) the need for 
a standard which will enable transmitters from 
different manufacturers to be interchanged (as is 
possible with the old 4-20 m A transmission stand- 
ard); and (ii) the need for a standard which 
enables the enhanced capabilities to be exploited. 
It also led to the possibility of replacing the indi- 
vidual circuits between transmitters and control 
rooms with a data highway. The term Tieldbus” 
has come into use to describe any form of data 
highway which supports communication between 
field devices and a control room. 

A field bus has many advantages over the con- 
ventional 4-20 mA system, the most immediate of 
which are the reduced cost of wiring, commission- 
ing, and maintenance, as well as increased versatil- 
ity and enhanced functionality. Work started in 
1985 to develop a single international standard 
but, in the intervening period, proprietary and 
national standards were developed which are 
now competing to become the accepted industry 
standard, in spite of this confused situation, the 
introduction of field buses is now having a dra- 
matic effect on the control industry as advances 
in adjacent technologies, such as signal processing, 
neural networks, fuzzy logic, and sensor arrays, 
improve the power and versatility of measurement 
and control systems. One of the first field commu- 
nication protocols to be successfully exploited 
commercially was the HART Field Communication 
Protocol, supported by the HART Communication 
Foundation, an outline description of which 
is given in Section 13.10.4. 

One of the many problems which has existed at 
large process plants is the variety of transmitters 
needed to meet the operational requirements and 
the costly inventory of complete instruments as 
well as spare components which have to be car- 
ried. This is due in part to the fact that, hitherto, 
most of the transmitters were analog devices and 
their basic design vvas such that the range of span 
adjustment was limited, so that many different 
primary sensors were required. The introduction 
of a secondary sensor and a microprocessor sys- 
tem has greatly increased rangeability and accur- 
acy of transmitters so that, for pressure or 
differential pressure measurements, the oper- 
ational requirements in most process plants can 
be covered by two transmitters of each type. 

The 4-20 mA transmission standard provided 
an excellent basis for the development of process 
instrumentation during the past three decades. Its 



advantages include the fact that the measurement 
signal is not affected by changes in the loop resist- 
ance, transmitters from one manufacturer can be 
interchanged with those from another and, within 
quite wide limits, individual instruments such as 
alarms and indicators can be added without 
affecting the accuracy of measurement. Further- 
more, the power needed to energize the sensor 
and the signal conditioning circuits is provided 
within the live zero. However, the only informa- 
tion that can be communicated is the measure- 
ment signal, which is transmitted from the 
transmitter to the center or control room. 

A dominant influence in the evolution of pro- 
cess measurement systems is the need to reduce the 
cost of ownership, i.e., the cost of the transmitter 
itself plus the cost of installing and commissioning 
it in the plant and subsequently maintaining it. 

Developments in the basic sensing elements have 
exploited CAD methods to enhance silicon strain 
gauge technologies and the microfabrication of 
both capacitance and resonant sensing elements. 
These have progressed in parallel -with develop- 
ments in solid state electronics, particularly the 
advances in low power microprocessors and ana- 
log-to-digital converters. A further way of reducing 
the cost of manufacture is to reduce the weight and 
size of the device. If the transmitters which were 
generally available a decade ago are compared with 
those currently available, the improvements which 
have been achieved are significant. 



13.4 Attributes and features of 
microprocessor-based and 
intelligent transmitters 

Attributes and features which are provided in 
microprocessor-based and intelligent transmitters 
are described hereafter, but the detailed imple- 
mentations may differ from one manufacturer to 
another as well as from one type of transmitter 
to another, and some of the features may not 
be provided. Most of the intelligent features or 
attributes can be addressed from an appropriate 
hand-held terminal (sometimes described as a 
hand-held communicator or a hand-held inter- 
face) or from a suitably equipped control room or 
computer system although, in some instances, the 
communication can be effected via a locally 
mounted operator interface. 

1 3.4. 1 Microprocessor-based features 

13.4.1.1 Linearization, characterization . and 
correction of the primary sensor characteristic 

The presence of memory and computing power at 
the transmitter permits the signal to be conditioned 
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before onward transmission. For example, the 
primary sensor signal may have a known non- 
linear relationship with the measured variable. 
The most common examples of this are resistance 
temperature detectors, thermocouples, and the 
square law inherent in the relation between flow 
rate and differential pressure developed across an 
orifice plate or other head producing primary 
element. In addition, however, actual calibration 
information for an individual transmitter may be 
stored in memory and used to enhance the accur- 
acy of the output signal. 

In those cases where the measurement system 
comprises two discrete units, such as a primary 
sensor and a separate transmitter which incorpor- 
ates the computation unit, provision would be 
made to enter the constants of the primary sensor 
into the computation unit of the transmitter, so 
that either unit could be changed. 

As well as these purely mathematical manipu- 
lations of the original data, auxiliary internal 
measurements may be made of line pressure or 
temperature to permit the output to be corrected 
for the effect of these quantities on the transmit- 
ter’s performance. That is a separate activity from 
correcting the resulting measurement for changes 
in the fluid properties with temperature or pres- 
sure, although some instruments may permit 
access to these auxiliary measurements over the 
communication link so that they could be used 
externally for that purpose. 

The provision of linearized and corrected sig- 
nals to a control system means that it is not 
burdened with the need to perform these compu- 
tations and the type or make of transmitter fitted 
in a particular location is of no significance to the 
control system, since it can assume that the 
received signal will always be linearly representa- 
tive of the process parameter. 

13.4.1.2 Inclusion of control functions and other 
algorithms 

The microprocessors used in microprocessor- 
based or intelligent transmitters are more than 
capable of carrying out the relatively simple com- 
putation involved in on-off, two-term, or three- 
term control, and some instruments now avail- 
able provide this feature. Tuning of the loop is 
then implemented using the communication link. 

Until the advent of FOUNDATION™ Field- 
bus, relatively few manufacturers were offering 
transmitters with this feature so they were there- 
fore rare in large and complex plants, which 
required more complex and sophisticated con- 
trol than could be provided in early transmitter 
mounted devices. For small self-contained appli- 
cations the built-in PID controller in the Smar 
LD301 pressure transmitter has proved to be 



very useful. With FOUNDATION™ Fieldbus 
there is a move towards further field-mounted 
computation and data reduction with gas mass 
flow calculations, for example, being carried out 
in situ. In a control system based on the 
FOUNDATION Fieldbus protocol such as 
Smar’s SYSTEM302, the regulatory control is 
primarily performed by the Fieldbus control 
valve positioner, such as the Smar FY302. 

13.4.1.3 Expression of the measurement in 
engineering units 

There are several ways in which this can be 
effected. 

(i) Adjustment of the 4-20 m A range. Using the 
span and zero setting functions, it is possible to 
set the values for the measured quantity at which 
the output shall be 4 mA and 20 mA respectively. 
This is particularly useful in matching existing 
recorders or indicators. 

(ii) Digital communication. It is generally pos- 
sible to set the scaling of an instrument so that the 
measured variable (e.g., flow rate) shown on the 
hand-held communicator or on the operator dis- 
play appears in the desired or specified units of 
measure, with the abbreviation for the unit along- 
side (e.g., 7.5 kg/s). This can be set quite independ- 
ently of the scaling of the 4-20 mA signal and 
avoids calculation errors by the operators con- 
verting from percentage flow rates to engineering 
units. 

(iii) Pulse outputs for totalization. Many flow- 
meters have provision for a pulse output at a 
frequency proportional to the flow rate. These 
pulses may be counted externally or in the instru- 
ment itself to provide a totalized flow read-out. 
The scaling of this output can be chosen so that 
the interval between pulses represents a specific 
volume or mass of fluid. This feature is useful in 
that it permits simple counters to be used to 
record the total and permits a suitable pulsating 
rate to be chosen for electromechanical counters. 

(iv) Fail-safe features. All the intelligent flow- 
meters provide some internal diagnostic routines 
and are capable of flagging problems. In some 
instruments it may be possible to specify what 
should happen to the output under certain fault 
conditions, e.g., "go to 3,6 mA” or u go to 21 mA.” 

These sections are so application-specific that no 
general conclusion can be drawn. In some cases it 
may be important to stop the process; in others this 
may not be feasible and an assumed value for the 
process parameter may have to be substituted dur- 
ing failure. 

There were initially some fears that these more 
complex instruments would fail more frequently 
than their analog counterparts. However, more 
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than a decade of operation has proven them reli- 
able, and when they do fail, much more informa- 
tion regarding the nature of the fault will usually 
be available. 

13.4.2 Intelligent features 

The use of digital communication superimposed 
on the 4-20 mA measurement signal not only 
enables full advantage to be taken of the enhanced 
performance of the sensors but also permits a wide 
range of information to be extracted from the 
transmitter, on request, and adjustments made to 
the mode of operation. Typical examples of these 
features are described below. 

13.4.2.1 Adjustment of span and zero 

This feature permits the full range of the analog 
output signal (usually 4-20 mA) to be used for a 
range which is less than the total measurement 
range of the primary sensor. It is usually 
employed to change the span without change to 
the zero, but a suppressed zero may be useful 
when the process variable has to be closely con- 
trolled around a specific value and there is no 
interest in values of the process variable outside 
that narrow band. 

More commonly, it is used to permit the same 
instrument to be used for either large or small 
measurement ranges and has special significance 
when the transfer characteristic of the sensor is 
non-linear. This is particularly true of orifice 
plate flowmeters in which the flow rate computa- 
tion involves taking the square root of the signal 
representing the differential pressure. 

Before the advent of intelligent transmitters, an 
orifice metering system for a flow turndown of 
20:1 might have required three differential pres- 
sure transmitters, with overlapping ranges. One 
intelligent transmitter can now provide the same 
analog outputs but with digital communication of 
the range setting. In general, this feature is only 
needed if an analog output is required, since a 
digital representation of the differential pressure 
is also available from the transmitter and this does 
not require any span and zero adjustment. An 
important result of this versatility which applies 
to all intelligent transmitters is that one model can 
be configured to deal with a wide range of applica- 
tions so that fewer types and ranges of transmitters 
have to be held as spares at a process plant. 

13.4.2.2 Adjustment of damping, time constant, 
or response time 

Most transmitters provide a selectable damping, 
time constant, or response time to permit fluctu- 
ations of the measured variable or electronic noise 



to be reduced in the output signal. Most manu- 
facturers use a filter which may be represented by 
a single lag, but some use an adaptive filter, with 
different responses to small and large changes. 

Selection of a long time constant will produce a 
smooth measurement signal but may mask the 
onset of instability in the process variable. When 
the measurement signal is being used as the input 
to a flow control loop, a long time constant may 
make tuning of the loop more difficult. Changing 
the time constant will almost certainly affect the 
tuning and result in either poor control or 
instability. 

13.4.2.3 Diagnostic routines and status 
information 

There are two types of information; one concerns 
the normal status of the instrument and the other 
provides diagnosis of fault or unusual process 
conditions. Both are primarily of interest in plant 
maintenance and are therefore considered 
together. 

Examples of the status information might be: 

(1) Transmitter model and serial number 

(2) Primary variable and units of measure 

(3) Transmitter range and damping time constant 
(4 ) Primary variable corresponding to 4 and 20 mA 

(5) Plant tag number 

(6) Materials of construction of wetted parts 

(7) Software revision number 

(8) Date of last calibration. 

The ability to call up this information assists in 
keeping an up-to-date plant instrumentation 
maintenance log which can be checked by actual 
interrogation to ensure that the type, range, etc., 
of the plant-mounted equipment is in line with 
the plant records as well as the operational 
requirements. Some of the status information, 
such as the model number, serial number, and 
materials of construction, where this is critical, 
is permanent. Other details are entered or mod- 
ified when the transmitter is first installed or 
removed from service. 

Diagnostic information is concerned with 
actual operation of the transmitter and changes 
much more frequently. Some diagnostic routines 
prevent discrepant configuration information 
from being entered (e.g., the measured value cor- 
responding to 4 mA being set higher than that for 
20 mA). Others warn of unexpected situations, 
such as reverse flow when the flowmeter is not 
set up to measure bi-directional flow, while others 
may report internal failures in the electronics, such 
as failure to write to a memory location. 

Many of these routines run continuously and 
set a flag immediately when a fault is identified. 
Others may be requested by the operator via a 
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hand-held terminal or from the control room, 
making it possible to check the operation of a 
transmitter without leaving the control room. 

Note: It is important to appreciate that the 
information given in the following sections has 
been summarized from the various published 
descriptions and specifications. It is provided for 
guidance and therefore not only is it incomplete, 
but it may also become out of date. Readers 
should refer to current manufacturers’ documen- 
tation before embarking on any application. 

13.5 Microprocessor-based and 
intelligent temperature 
transmitters 

Several companies manufacture transmitters of 
this type but the units manufactured by MTL 
(sec References) have been chosen as examples. 
There are two models, the MTL 414 and the 



MTL 418. both of which arc extremely accurate 
two-wire 4-20 m A transmitters. The outline per- 
formance characteristics are set out in Table 13.1 
and the MTL 418 transmitter itself is shown in 
Figure 13.6. The transmitters are designed for use 
in hazardous areas and can be installed in zone 0 
for use with sensors also installed in zone 0, as 
defined by the I EC Standard 79-10. (Details of 
these requirements are given in Chapter 33, 
Section 33.3. of Part 4.) 

The MTL 414 is a conventional transmitter, 
requiring at least 12 V d.c. at 20 mA. It can be 
used with the MTL 787S 4- safety barrier or the 
MTL 3041 isolating interface units, as shown in 
Figure 13.7, It can also be configured for input 
type, range, etc., before or after installation. A 
local intrinsically safe indicator, such as the MTL 
634 or MTL 681/2 can be included in the loop, 
provided that the interface unit or barrier gives 
sufficient voltage at 20 mA, 

The MTL 418 combines the versatility of the 
MTL 414 with even greater accuracy and the 



Table 13.1 Outline performance specifications for the MTL 414 and MTL 418 transmitters. 



Accuracy 

Repeatability 

Supply voltage 
Analog output 
signal 

Fault indication 
Input isolation 
Update time 



(MTL 414) ±0.1% of mV or ohm range 
(MTL 418) ±0.05% of mV or ohm range 
(MTL 414) ±0.05% 

(MTL 418) *0.025% 

12 42 V d.c. 

4 -20mA 



Selectable, output driven to 21 mA or 3.9 mA 
500 V 

Less than 0.5 s 




Figure 13.6 The MTL 418 temperature transmitter in 
the surface mounting enclosure (cover removed) and the 
stem-mounted enclosure. Courtesy of Measurement 
Technology Ltd. 



Hazardous area 



Sale area 



MTL414 




MTL787S 
MTL787SP 
MTL4787 or 
MTL4787P 



IS interface 



"V 1 



.v* 

' 1 -5V 



OV 



Field configurator 




Figure 13.7 Installation of the MTL 414 transmitter with 
a safety barrier or an isolator. Courtesy of Measurement 
Technology Ltd. 
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ability to communicate digitally over the current 
measurement loop using the HART Communica- 
tion Protocol, further details of which are given in 
Section 13.10.4. As shown in Figure 13.8, it can 
be configured from any point in the current loop 
provided any intervening safety barriers, such as 
the MTL 706, or isolators, such as the MTL 
3046B, can pass the communication signals. The 
unit implements all the “universal commands” 
specified by the HART protocol and also selected 
“common practice” and “transmitter-specific” 
commands to provide a full range of functions. 
One special function is “custom linearization” by 
which points are chosen to modify the sensor 

Hazardous area Safe area 

MTL418 




MTL3046B 



Figure 13 8 Installation of the MTL 41 8 transmitter, with 
a safety barrier or an isolator. Courtesy of Measurement 
Technology Ltd. 



characteristic. The input types, input ranges, 
spans, and minimum absolute errors for the two 
transmitters are set out in Table 13.2. 

Configuration is implemented using the MTL 
611 Field Configurator (these devices are also 
known as “hand-held terminals” and “hand-held 
interfaces”), shown in Figure 13.9. It is based on 
the Psion Organizer Model LZ, fitted with a CNF 
Interface. When used with the MTL 414, it is 
supplied with an extension connector which plugs 
directly into the configuration port on the trans- 
mitter. For the MTL 418, the extension cable is 




77 5 fc-i 'r+- 30 



Figure 13.9 The MTL 611 field configurator. Courtesy of 
MeasurementTechnology Ltd, 



Table 13.2 Range specification 



Type 


Input range 


Span 




Minimum absolute error value 


Min 


Max 


Min 


Max 


MTL414 


MTL418 


E 


-175 °C 


+ I000X 


50 X 


1 175 °C 


±0.4 °C 


±0.2 X 


J 


-185 °C 


+ 1200 X 


60 X 


1385 °C 


±0.4 X 


=0.2 X 


K 


- 175 °C 


+ 1372 X 


60 X 


1547 C C 


±0.4 X 


±0.2 X 


T 


— 170°C 


+400 C 


15 X 


570 X 


±0.4 X 


=0.2 X 


R 


4-125 X 


+ 1768 °C 


360 X 


1643 °C 


±1.2 X 


±0.6 X 


S 


-:-i50°c 


n-1768 X 


370 X 


1618 °C 


±1.2V 


±0.6 X 


B 


+700 °C 


+1820°C 


700X 


1 1 20 °C 


±1.6X 


=0.8 X 


N 


OX 


+ 1300X 


I SOX 


I300°C 


±0.4X 


=0.2 X 


Pt 100 I EC 


— 200X 


+850 C 


6X 


1050°C 


±0.2 X 


±0.1 c 


Pt 100 MINGO 11-100 


-200 X 


+850 X 


(rC 


1050 °C 


±0,2°C 


±0.1 c 


Ni 120 MINCO 7-120 


-70 °C 


±300 X 


3.5 X 


370 °C 


±0.2 X 


±0.1 X 


mV 


-15 mV 


+ 150 mV 


3 mV 


165 mV 


±1 6pV 


±8 pV 


n 


9 0 


+500 O 


2.5 0 


500 0 


±0.05 O 


±0.025 0 
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fitted with two clips which can be connected at 
any access point in the measurement loop in 
either hazardous or safe areas. 

Configuration information is presented on a 
four-line dot matrix display with 20 characters 
on each line, all options being selected from 
menus and submenus. Testing and monitoring 
can also be carried out with the configurator. 
The range and versatility of the options are 
shown in Figure 13.10. Configuration options 
include sensor type, choice of input values corres- 
ponding to both 4 and 20 mA, selection of the 
output span and the alarm conditions, and iden- 
tification of the application, the variables being 
set directly from the configurator keyboard. 

Testing options include facilities for checking 
the communication link, the loop current, and the 
transmitter self-diagnostic routines. The monitor- 
ing facilities include the continuous display of 
output current, measured temperature, measured 
millivolt, or input resistance value. Output data 
can be logged and stored in the configurator 
memory for subsequent transfer to a PC for 
analysis. 



MTL414 

MTL410 



>1 



IT 



— Upload 
Configure 



Or* 
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uS ro55 
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t — CJ Comp 
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- Correct 

- Corr pts 



— Output 






- 4mA 
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1 — Offline 
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I — Print 
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1 — Current 
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1 — Daleiog 



E Comms 
Loop 
Tx 

1 — Log Data 
1 — View Dat 




Load 

Save 

Directory 

Erase 



L 



Download 

Reset 



Figure 13.10 Configuration options for the MTL414 
and MTL 41 8 transmitter. Courtesy of Measurement 
Technology Ltd. 



13.6 Microprocessor-based and 
intelligent pressure and 
differential transmitters 

Conventional pressure and differential pressure 
transmitters are described in Chapter 9, but now 
there are numerous microprocessor-based and 
intelligent versions. The Rosemount Model 
305 1C (see References) is an excellent example 
of these and serves to illustrate the high standard 
of performance which is now achieved. The func- 
tional diagram of these transmitters is shown in 
Figure 13.1 1. 

The sensor module on which these transmitters 
are based is shown in Figure 13.12. In it, the 
process pressure is transmitted through the iso- 
lating diaphragm and fill fluid to the sensing 
diaphragm in the center of the capacitance cell. 
Electrodes on both sides of the sensing dia- 
phragm detect its position and the differential 
capacitance between the sensing diaphragm and 
the electrodes is directly proportional to the dif- 
ferential pressure. 

The capacitance cell is laser welded and iso- 
lated mechanically, electrically, and thermally 
from the process medium and the external envir- 
onment. Mechanical and thermal isolation is 
achieved by moving it away from the process 
flange to a position in the neck of the electronics 
housing. Glass-sealed pressure transport tubes 
and insulated cell mountings provide electrical 
isolation and improve the performance and tran- 
sient protection. The signal from a temperature 
sensor incorporated in the cell is used to compen- 
sate for thermal effects. 

During the characterization process at the fac- 
tory, all sensors are run through pressure and 
temperature cycles over the entire operating 
range. Data from these cycles are used to generate 
correction coefficients which are then stored in 
the sensor module memory to ensure precise sig- 
nal correction during operation. This sensor 
module memory also facilitates repair, because 
all the module characteristics are stored with the 
module so that the electronics can be replaced 
without having to recalibrate or substitute differ- 
ent correction PROMs. Also located in the sensor 
are the electronics that convert the differential 
capacitance and temperature input signals 
directly into digital formats for further processing 
by the electronics module. 

The electronics module consists of a single 
board incorporating ASIC and other surface- 
mounted components. This module accepts the 
digital input signals from the sensor module, 
along with the correction coefficients, and then 
corrects and linearizes the signal. The output sec- 
tion of the electronics module converts the digital 
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Figure 13.11 Functional diagram of the Model 3051C transmitter. Courtesy of Fisher-Rosemount. 



signal into a 4-20 mA output circuit and handles 
the communication with the hand-held terminal, 
which may be connected at any access point in 
the 4-20 mA measurement loop, as shown in 
Figure 13.13. 

Configuration data are stored in non-volatile 
EEPROM memory in the electronics module. 
These data are retained when the transmitter 
power is interrupted so that the transmitter is func- 
tional immediately upon power-up. The process 
variable is stored as digital data, enabling precise 
corrections and engineering unit conversion to be 
made. The corrected data are then converted to a 
standard 4— 20 mA current in the measurement cir- 
cuit. The sensor signal can be accessed directly as a 
digital signal by the hand-held terminal, bypassing 
the digital-to-analog conversion and thereby pro- 
viding higher accuracy. 




Figure 13.12 Sensor module of the Model 3051C 
transmitter. Courtesy of Fisher-Rosemount. 



The Model 305 1C transmitters communicate 
via the HART protocol, which uses the industry 
standard Bell 202 frequency shift keying (FSK) 
technique (see Section 13.10.4). Remote commu- 
nication is accomplished by superimposing a high 
frequency signal on top of the 4-20 mA output 
signal, as shown in Figure 13.14. The Rosemount 
implementation of this technique allows simultan- 
eous communications and output without com- 
promising loop integrity. The HART protocol, 
further details of which are given in Section 
13.10, allows the user easy access to the config- 
uration, test, and format capabilities of the 
Model 305 1C. 

The configuration consists of two parts. First 
the transmitter operational parameters are set, 
which include: 

(1) 4 and 20 mA points 

(2) Damping 

(3) Selection of engineering units. 

Second, informational data can be entered into 
the transmitter to allow identification and phys- 
ical description of the transmitter. These data 
include: 

(1) Tag (eight alphanumeric characters) 

(2) Descriptor (15 alphanumeric characters) 

(3) Message (32 alphanumeric characters) 

(4) Date 

(5) Integral meter installation 

(6) Flange type 

(7) Flange material 

(8) Drain/vent material 

(9) O-ring material 

(10) Remote seal information. 

In addition to these configurable parameters, 
the Model 305 1C software contains several kinds 
of information which are not user-changeable, 







21 0 Microprocessor-based and intelligent transmitters 




Handheld Interface may be connected at 
any termination point in the signal 
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any point or left ungrounded 



Figure 13.13 Connection of the transmitter in a measurement loop. Courtesy of Fisher-Rosemount. 



such as transmitter type, sensor limits, minimum 
span, fill fluid, isolator material, module serial 
number, and software revision number. 

Continuous diagnostic tests are run by the 
transmitter. In the event of fault, a user-selected 
analog output warning is activated. The hand- 
held terminal can then be used to interrogate the 
transmitter to determine the fault. The transmit- 
ter outputs specific information to the hand-held 
terminal or control system to facilitate fast and easy 
correction of the fault. If the operator believes 
there is a fault in the loop, the transmitter can be 
directed to give specific outputs for loop testing. 

The format function is used during the initial 
set-up of the transmitter and for maintenance of 
the digital electronics. It allows the sensor and the 
4-20 mA output to be trimmed to meet plant 
pressure standards. The characterize function 
allows the user to prevent accidental or deliberate 
adjustment of the 4 and 20 mA set points. 




Figure 13.14 Frequency shift keying (FSK) signal 
superimposed on the 4-20 mA analog measurement signal. 
Courtesy of Fisher-Rosemount. 



The three versions of the transmitter have 
many common features but the sensor modules 
for the gauge and differential pressure transmit- 
ters differ from those incorporated in the absolute 
pressure transmitter. Details of the sensor ranges 
and sensor limits are set out in Table 13.3 and the 
principal specification features in Table 13.4, but 
this information is for illustration only and must 
be confirmed for any specific application. An 
exploded view of the transmitter is shown in 
Figure 13.15. 

13.7 Microprocessor-based and 
intelligent f lowmeters 

Although the majority of flow measurements in the 
process industries continue to be based on orifice 
plate/differential pressure systems, other types of 
flowmeter such as electromagnetic, vortex, and 
Coriolis mass flowmeters are becoming used more 
widely. Most types of flowmeter are available from 
several manufacturers and the following are typical 
examples. 

13.7.1 Coriolis mass flowmeters 

The first practical Coriolis mass flowmeters were 
introduced by MicroMotion in 1977 (see Refer- 
ences) and were the first to provide direct, on-line 
measurement of mass flow rate, which is so impor- 
tant in many processes. The fiowmetering system 
comprises a sensor and a signal processing trans- 
mitter. In most of the transmitters, the sensor 
consists of two flow tubes (Figure 13.16) 
which are enclosed in a sensor housing. The flow 
tubes vibrate at their natural frequency with an 
amplitude of less than 2.5 mm, being driven 
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electromagnetically via a coil mounted at the 
center of the bend in the tube. Krohne was later 
the first to introduce a Coriolis unit with a single 
straight-through tube also suitable for high flow 
rates, high viscosity liquids, and pasty products. 



The fluid flows into the sensor tube and is 
forced to take on the vertical momentum of the 
vibrating tube. When the tube is moving upward 
during half of its vibration cycle, the fluid resists 
being forced upward by pushing down on the 
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Table 13.3 Range limits for the sensor modules for the differential, gauge, and absolute pressure transmitters 



Sensor 

code 


Model 3501 CD differential pressure 
transmitter 


Model 3501 CG gauge pressure 
transmitter 


Model 3501 A absolute pressure 
transmitter 




Minimum 


Maximum 


Minimum 


Maximum 


Minimum 


Maximum 


0 


NA 


NA 


NA 


NA 


1.15 kPa 


34.6 kPa 


1 


2 10 Pa 


6220 Pa 


NA 


NA 


6.89 kPa 


207 kPa 


2 


2.07 kPa 


62.2 kPa 


2.07 kPa 


62.2 kPa 


34.5 kPa 


1.034 MPa 


3 


8.28 kPa 


248 kPa 


8.28 kPa 


248 kPa 


186kPa 


5.51 MPa 


4 


69.0 kPa 


2070 kPa 


69.0 kPa 


2070 kPa 


913 kPa 


27.6 MPa 


5 


460 kPa 


13.8 MPa 


460 kPa 


13.8 MPa 


NA 


NA 



NA: not available. 



Table 13.4 Outline performance specifications of the 3501C series of transmitters 



Service 


Liquid or gas 


Output 


Two-wire 4-20 mA d.c. with the digital value of the 
process variable superimposed 


Power supply 


10.5-55 V d.c. 


Temperature limits 


Process: -40°C to Tll0°C 
Ambient: — 40°C to +85 a C 


Damping 


Adjustable from 0 to 16 s 


Accuracy 


±0.075% of spans for spans from 1:1 to 10:1 of URL 


Stability 


Range 2 & 3: ±0.1% of URL for 12 months 
Range 4 & 5: ±0.2% of URL for 12 months 




Figure 13.1 6 MicroMotion Coriolis mass flowmeter. Courtesy of Fisher-Rosemount. 



tube. Having the tube’s upward momentum as it 
travels around the bend, the fluid flowing out of 
the sensor resists having its vertical motion 
decreased by pushing on the tube, causing it to 
twist. When the tube is moving downward during 
the second half of its vibration cycle, it is twisted 
in the opposite direction, as shown in Figure 13.17. 
This effect is known as the “Coriolis effect.” 

The amount of sensor tube twist is directly 
proportional to the mass flow rate of the flowing 
fluid. Electromagnetic sensors on each side of the 
flow tube pick up the phase shift which is propor- 



tional to the mass flow rate. At no flow, there is 
no tube twist with the result that there is no phase 
difference between the two signals. With flow, twist 
occurs resulting in a phase difference which is pro- 
portional to the mass flow rate. 

Because the sensor tubes are fixed at one end 
and free at the other, the system can be regarded 
as a spring and a mass assembly. Once placed in 
motion, the assembly vibrates as its resonant fre- 
quency which is a function of the tube geometry, 
material of construction and mass. The total mass 
comprises that of the tube plus that of the flowing 
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FLOW flow 




Figure 13.17 Coriolis effect. Courtesy of Fisher- 
Rosemount, 



fluid and, for a particular sensor, the mass of the 
tube is constant and the dimensions are known, 
so that the frequency of oscillation can be related 
to the fluid density. However, the modulus of 
elasticity of the tube material varies with tem- 
perature, and therefore a temperature sensor is 
included in the assembly so that a correction 
can be applied to the density measurement for 
this effect. Thus the complete sensor assembly 
provides the signals from which the mass flow 
rate, density, and temperature of the flowing fluid 
can be determined by the associated transmitter. 

There are four types of sensor: the CMF series, 
the D series, the DL series, and the DT series. 

The ‘"ELITE" (CMF) series of mass flowmeters 
is characterized by improved accuracy (±0.1 5%± 
sensor stability), reduced pressure drop, and wide 
rangeability (80:1). The sensitivity to field effects 
such as vibration and temperature has been 
reduced, and for increased safety, the sensors 
are enclosed in pressure containment housing 
(see Table 13.5). 

TheD series of sensors is available in a variety 
of line sizes (Table 13.6) which enable mass flow 
rates from 0.11 b/min to 25 000 lb/min to be mea- 
sured. The rangeability of the individual sensors 
is 20:1 and the accuracy of measurement is 
±0.20% of rate ± sensor stability. There are alter- 
native materials of construction for the welted 
parts and the sensor itself is enclosed in an her- 
metically sealed case. 

The DL series sensors (Table 13.7) are con- 
structed with a continuous stainless steel flow 
tube, and the design meets the 3A Sanitary Stand- 



ards. The single flow path facilitates cleaning and 
can be "pigged. ” As with the D series, the range- 
ability of the individual sensors is 20:1 and the 
accuracy of measurement is ±0.20% of rate ± 
sensor stability. 

The DT series of sensors has been designed to 
operate at up to 800 °F (426 C C). It is a dual tube 
design using Hastelloy C-22 tubing, 316L stain- 
less steel manifolds and flanges. The sensor is 
enclosed in an hermetically sealed 304 stainless 
steel case. 

The model RTF9739 transmitter can be used in 
conjunction with any of these sensors. The model 
RFT9712 transmitter is designed to work with 
the D, DL, and DT series of sensors. Both trans- 
mitters require an a.c. power supply (15 W max- 
imum) or a d.c. supply of 1 2-30 V ( 1 4 W 
maximum). 

The RFT9739 has two independently config- 
ured outputs, each of which can represent mass 
flow rate, density, or temperature. There is also 
an isolated 0-15 V frequency output which is 
scalable from 1 to 10 000 Hz and a control out- 
put which can represent flow direction or fault 
alarm. Digital communication can be implemented 
using the Bell 202 communication standard 
signal (see Section 13.10.4) superimposed on the 
4-20 mA circuit or via an RS 485 port. The 
RFT97I2 has similar features, except that it only 
has one analog output which can be configured 
to represent either mass flow rate, density, or 
temperature. 

Using the Rosemount model 268 hand-held 
terminal, the transmitter operational parameters 
which are set include: 

(1) 4 and 20 mA points for the analog output(s) 

(2) Damping 

(3) Selection of engineering units. 

The following informational data can be 
entered to allow identification and physical 
description of the transmitter: 

(1) Tag (eight alphanumeric characters) 

(2) Descriptor (15 alphanumeric characters) 

(3) Message (32 alphanumeric characters) 

(4) Date. 



Table 13.5 Outline details of the ELITE (CMF) series of mass flow sensors 



Model code 


Nominal 
flow range 
(lb/min) 


Usable range 
(lb/min) 


Zero stability 
(lb/min) 


Pressure rating 

(psi) 


Temperature 

rating 

(°F) 


CMF025 


0-40 


0-80 


0.002 


1450 


-400 to +400 


CMF050 


0-125 


0-250 


0.006 


1450 


-400 to +400 


CMF 100 


0-500 


0-1000 


0.025 


1450 


-400 to +400 


CMF200 


0-1600 


0-3200 


0.08 


1450 


-400 to +400 


CMF300 


0-5000 


0-10000 


0.25 


1450 


-400 to +400 
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Table 13.6 Outline details of the D series of mass flow sensors 



Maximum flow Minimum flow Zero stability Pressure rating Temperature Wetted parts 

range (Ib/min) range* (Ib/min) (lb/min) (psi) rating (°F) 



Standard pressure 



D6 


0-2 


0-0.1 


0.0002 


2600 


-400 to 400 


316L 


D12 


0-11 


0-0.55 


0.0001 


1700 


-400 to 400 


316L 


D25 


0^15 


0-2.25 


0.005 


1900 


-400 to 350 


316L 


D40 


0-90 


(M.5 


0.009 


1250 


-400 to 350 


316L 


D65 


0-300 


0-15 


0.03 


2250 


-400 to 350 


316L 


DIOO 


0-1000 


0-50 


0.10 


2250 


-400 to 400 


316L 


D150 


0-2800 


o 

"3- 

T 

o 


0.30 


1500 


-400 to 400 


316L 


D300 


0-7000 


0.350 


0.70 


740 


-400 to 400 


316L 


D600 


0-25000 


0-1250 


2.5 


625 


-400 to 400 


316L 


Hastellov C 
D6 


0-2 


0-0.1 


0.0002 


2600 


-400 to 400 


Hastelloy C 


D12 


0-13 


0-0.65 


0.001 


1700 


-400 to 400 


Hastelloy C 


D25 


0—45 


0-2.25 


0.005 


1900 


-400 to 350 


Hastelloy C 


D40 


0-120 


0-6 


0.01 


1250 


—400 to 400 


Hastelloy C 


D100 


0-1000 


0-50 


0.1 


2250 


-400 to 400 


Hastelloy C 


D150 


0-3000 


0-150 


0.3 


1500 


-400 to 400 


Hastelloy C 


D300 


0-7200 


0-360 


0.7 


740 


-400 to 400 


Hastelloy C 


Lined 

D150 


0-2800 


0-140 


0.3 


1000 


32 to 250 


Tefzel 


D300 


0-7000 


0-350 


0.7 


740 


32 to 250 


Tefzel 


High pressure 
DH6 


0-2 


0-0.2 


0.0004 


5700 


-400 to 400 


316L 


DH12 


0-11 


0-1.2 


0.002 


5700 


-400 to 400 


316L 


DH25 


0^45 


0-3 


0.0006 


4000 


-400 to 350 


316L 


DIT40 


0-90 


0-10 


0.02 


2800 


-400 to 400 


316L 


DH 100 


0-1000 


0-150 


0.3 


5600 


-400 to 400 


316L 


DH150 


0-2800 


0-600 


1.2 


5600 


-400 to 400 


316L 


DH300 


0-7000 


0-2000 


4.0 


4000 


-400 to 400 


316L 


The lowest flow 


range over w f hicli a flowmeter can be spanned. 











Table 13.7 


Outline details of the DL series of mass flow sensors 










Maximum flow 
range (lb/min) 


Minimum flow 
range * (lb/min) 


Zero stability 
(lb/min) 


Pressure rating 
(psi) 


Temperature 
rating (°F) 


Wetted parts 


DL65 


0-250 


0-12.5 


0.025 


1500 


-400 to 350 


316L 


DL100 


0-800 


0^10 


0.08 


900 


-400 to 350 


316L 


DL200 


0-3500 


0-175 


0.35 


740 


-400 to 400 


316L 



The lowest flow range over which a flowmeter can be spanned. 



Table 13.8 Outline details of the DT series of mass flow sensors 





Maximum flow 
range (lb/min) 


Minimum flow 
range * (lb/min) 


Zero stability 
(lb/min) 


Pressure 
rating (psi) 


Temperature 
rating (°F) 


Wetted parts 


DL65 


0-300 


0-15 


0.03 


900 


32 to 800 


Hastelloy C/316lj 


DTI 00 


0-800 


0^10 


0.08 


900 


32 to 800 


Hastelloy C/316L 


DTI 50 


0-1400 


0-70 


0.14 


600 


32 to 800 


Hastelloy C/316L 



The lowest flow range over which a flowmeter can be spanned, 

'The tubing is Hastelloy C and manifold castings and flanges are 316L stainless steel. 
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Data which are stored in the non-volatile mem- 
ory include: 

(1) Transmitter model number 

(2) Line size 

(3) Material of construction 

(4) Sensor limits 

(5) Minimum span 

(6) Transmitter software revision level. 

13.7.2 Electromagnetic flowmeters 

Since the first applications of electromagnetic 
flowmeters in the process industries, during the 
mid-1950s, their design has progressed through 
several evolutionary phases and their perform- 
ance has now reached a very high standard. As 
described in Chapter 1, their principal attributes 
are that the head loss is negligible and the output 
signal is proportional to How rate over a very wide 
range. The sensor is relatively insensitive to vel- 
ocity profile and hence to changes in viscosity, with 
the result that the installation requirements are 
less severe than for most other types of flowmeter. 
Provided that the fluid conductivity is above a 
specified minimum value (typically 5 /iS/cm), the 
accuracy of measurement is typically better than 
1 percent. However, the system is not suitable for 
gases. 

Electromagnetic flowmeters differ from pres- 
sure and many other transmitters in that they 
require considerably more power than is available 
in a conventional 4-20 mA measurement circuit. 
However, some manufacturers have developed 
transmitters which include intelligent features, 
and the Invensys (formerly Foxboro) 8000 Series 
(see References) is representative of them. 

The system involves two components: the flow- 
tube which is mounted in the pipeline and senses 
the flow, and the transmitter which takes the 
small signal developed between the electrodes by 
the flowing fluid and converts it into an output 
signal such as 4—20 mA in a conventional current 
loop or a pulse output signal. The two units can 
be combined, as shown in Figure 13.18, or 
mounted separately. 

The transmitter provides three electrical out- 
puts. (i) An analog signal in the range 4— 20 mA 
current into a 30012 load when powered intern- 
ally, or into 1800fi load when powered by an 
external 50 Y d.c. supply, (ii) A digital signal 
which is superimposed on the 4— 20 mA measure- 
ment loop, (iii) A low or high rate pulse output 
which may be powered internally or externally. 
There is an LCD display which displays the flow 
rate either as a percentage of the upper range 
value or in engineering units. 

Other features include a built-in calibrator 
which enables the units of measure and the upper 



Integrally mounted 




Figure 13.1 8 Electromagnetic flowmeter with 
transmitter mounted integrally with the flowtube. Courtesy 
of the Invensys (formerly Foxboro) Company. 



range value of the system to be set for a particular 
application. During power-up and periodically 
during normal operation, diagnostic routines are 
run to identify and isolate faults in either the 
transmitter or flowtube. Means are also provided 
to prevent false measurements when the flowtube 
has run empty and to cut off the output signal 
when the flow rate falls below 2 percent of the 
upper range value. 

The transmitter communicates bi-directionally 
to a hand-held terminal (FIHT), shown in Figure 
13.19, or to the Invensys (formerly Foxboro) I/A 
system, using the frequency shift keying technique 
with the signals superimposed on the 4-20 m A 
measurement loop. The handheld terminal can 
be connected at any point in a 4-20 mA measure- 
ment circuit in a general-purpose, ordinary loca- 
tion or a Division 2 area. 

The information which can be displayed 
includes: 

(1) Status of the continuous self-diagnostic rou- 
tine 

(2) Day, date, and time. 

In addition, the following information can be 
displayed and/or configured: 

(1) Measurement output (in engineering units) 

(2) Pulse output parameters 

(3) Flowtube lining material 

(4) Flowtube maximum flow range 
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Figure 13.1 9 Hand-held terminal. Courtesy of the Invensys (formerly Foxboro) Company. 



(5) Calibrated upper range value 

(6) Selected upper range value 

(7) Response time (electronic damping) 

(8) Nominal line size 

(9) Device name 

(10) Tag name 

(11) Tag number 

(12) Location. 

Details of the Invensys (formerly Foxboro) 
8000 series of flowmeters are given in Tables 
13.9 and 13.10. 



13.7.3 Vortex flowmeters 

The principal attributes of this type of flowmeter 
are that it has no moving parts and the output 
signal is proportional to flow rate over a range 
which varies between 10:1 and 15:1. It is insensi- 
tive to moderate changes of the fluid density and 



viscosity and is suitable for measurement of both 
liquid and gas flows. However, in practice it is 
restricted to line sizes between 15 and 300 mm, 
although at present this range is not available 
from any one manufacturer. As with the electro- 
magnetic flowmeter, these flowmeters do not 
require a secondary sensor to enhance their 
performance. However, the inclusion of a micro- 
processor system in the transmitter not only 
enables the slight non-linearity of the primary elem- 
ent to be corrected, but also enables a communica- 
tion facility to be added. An example of such 
a flowmeter is the Yokogowa YEWFLO (see 
References), which is illustrated in Figure 13.20. 

The measurement is based on the detection 
of the vortices shed from a bluff body, set diamet- 
rically across the flowtube, and known as a Kar- 
man street of vortices. The frequency of vortex 
shedding is proportional to the flow velocity and 
inversely proportional to the width of the bluff 
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Table 13.9 Line sizes and upper range value limits of the Foxboro 8000 series of electromagnetic flowtubes 



Flow tube code 


Nominal line size (mm) 


Upper range values (1/min) 








Min. 


Max. 


Ceramic lining 
800H 


15 


4.0 


80 


8001 


25 


14 


280 


801H 


40 


34 


680 


8002 


50 


51 


1000 


8003 


80 


125 


2500 


8004 


100 


220 


4400 


8006 


150 


490 


8750 


PTFE lining 
8006 


150 


600 


12000 


8008 


200 


1030 


20600 


8040 


250 


1645 


32800 


8012 


300 


2350 


46900 


Polyurethane lining 
8006 


150 


465 


9250 


8008 


200 


870 


17300 


8010 


250 


1430 


28600 


8012 


300 


2100 


41800 



Table 13.10 Outline performance specifications for Foxboro 8000 series of electromagnetic flowmeters 


Accuracy 


Pulse output: ±1.0% of flow rate 
Analog: As pulse output, ±0.1% of URV 


Repeatability 


0.05% of span 


Power consumption 


less than 10 W 


Response time 


1 s for output to rise from 10% to 90% for 100% step 
change of input 


Output damping 


Adjustable from 1 to 50 s 



body. The relationship, known as the Strouhal 
number, is constant over a wide range of Rey- 
nolds numbers. 

There are two versions of the flowmeter: one 
has the transmitter mounted integral with the 
detector, and the other has the transmitter 
mounted separately from detector, for use when 
the temperature of the process fluid is high. The 
YEWFLO is designed to operate in a conven- 
tional 4-20 mA measurement circuit and the con- 
verter provides both analog and pulse outputs, as 
well as a single line LC display which can be set to 
show either the totalized How, or the instant- 
aneous flow rate in engineering units or as a per- 
centage of the span. Three keys are provided for 
entering the flowmeter parameters and commu- 
nication is via the Yokogawa BRAIN hand-held 
terminal which may be connected to the measure- 
ment circuit at any intermediate access point, as 
shown in Figure 13.21. 

The information regarding a transmitter which 
is accessible but not changeable through the com- 
munication system includes: 



(1) Model code and line size 

(2) Type of output 

(3) Process connections 

(4) Shedder and body materials 

(5) Calibration factor. 

Information which can be displayed and is spe- 
cific to an application includes: 

(1) Tag and location 

(2) Application 

(3) Process fluid 

(4) Span 

(5) Units of measure 

(6) Flow rate 

(7) Totalized flow 

(8) Error messages/status of diagnostic routines 

(9) Damping time constant. 

The outline performance specifications are 
given in Table 13.1 1 and the relationship between 
flow rate and pressure loss factor for the various 
line sizes is given in Figure 13.22. 
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Figure13.20 Illustration of theYokogawa vortex 
flowmeter. Courtesy of Yokogawa Corp. of America Inc. 



13.8 Other microprocessor- 
based and intelligent 
transmitters 

13.8.1 Density transmitters 

There are three principal methods for measuring 
the density of process fluids. The most widely 
applied method involves the measurement of the 
differential pressure between two points with a 
known vertical separation (II in Figures 13.23 
and 13.24), as described in Chapter 8. In such 
cases, the liquid density is a function of the pres- 
sure difference divided by the vertical height (H) 
between the points of measurement. If a smart or 
intelligent transmitter of the type described above 
is used, full advantage can be taken of the facility 
to identify the transmitter details, its location, 
application, zero and span, units of measure. 



damping, etc. Although the transmitter would 
almost certainly include a secondary temperature 
sensor, it is unlikely that the temperature mea- 
surement signal would be sufficiently close to that 
of the process fluid for it to be used for that 
purpose. 

A practical difficulty which is likely to arise 
when using a differential pressure transmitter in 
this way is that the process fluid in these connec- 
tions is static and therefore may become blocked 
due to sedimentation, or solidification of the pro- 
cess fluid as a result of changes in ambient condi- 
tions. This can be mitigated by using a differential 
pressure transmitter fitted with pressure seals and 
capillary connections, as shown in Figure 13.23. 
The disadvantages of this arrangement are the 
higher cost of a transmitter fitted with the pres- 
sure seals and the reduced accuracy of the system. 
An alternative approach is to use two flange 
mounted pressure transmitters, mounted a known 
vertical distance apart, as shown in Figure 13.24. 
In this case, the pressure difference is determined 
by subtracting the pressure measured at the upper 
level from that measured at the lower level. 
Thanks to modern multivariable technology a 
third option has become available only in the past 
few years. The Smar DT301 is a single integrated 
smart device with an insertion probe having large 
diaphragms and a true process temperature sen- 
sor to overcome the above-mentioned problems 
and at the same time compute density, referred 
density, and concentration using the onboard 
microprocessor. For either method to be success- 
ful, it is essential to ensure that the liquid level 
does not fall below the position of either the upper 
pressure seal or the connection to the upper pres- 
sure transmitter. 

The Solartron 7835 series of liquid density 
transducers (see References), referred to in Chap- 
ter 8, represents an entirely different approach to 
the measurement of liquid density. It utilizes a 
straight length of pipe which is maintained in 
resonance by an electronic feedback system. A 
change in the density of the fluid in the tube 
changes the mass of the resonating element and 
this, in turn, changes the resonant frequency. 
Refinements in the construction of the resonant 
tube, the positioning of the excitation coils and 
the motion sensors, as well as the inclusion of a 
secondary temperature sensor, have resulted in a 
transmitter which is very accurate, stable, and 
repeatable. 

However, it differs from the microprocessor- 
based and intelligent transmitters described pre- 
viously in that it operates in conjunction with a 
separate signal converter that provides the power 
to operate the circuits which maintain the tube in 
vibration. The temperature is sensed by a four- 
wire 100 Q platinum RTD and transmitted direct 
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Figure13.21 Arrangement of the measurement circuit for a vortex flowmeter. Courtesy of Yokogawa Corp. of America Inc. 



Table 13.11 Outline performance specifications of theYEWFLO vortex flowmeter 



Service 

Accuracy 



Repeatability 
Process temperature limits 
Analog output 
Pulse output 



Liquid, gas, or steam 

Liquids: ±1.0% of reading 

Gas and steam: ±1.0% for velocities up to 35 m/s 

±1.5% for velocities from 35 to 80 m/s 
±0.2% of reading 
-40 C C to +400 °C 

4— 20 mA d.c. two-wire system, 20-42 V d.c. (delay time 0.5 s) 
Voltage pulse, three-wire system (delay time 0.5 s, scaled and 
unsealed) 



to the converter whilst the resonant frequency 
signal is superimposed on the power supply lead. 

The converter computes the line density, 
the transducer temperature correction, and the 
transducer temperature correction, when this is 
measured by a separate pressure transmitter. 
It is provided with an RS 232 C or RS 485/422 
communication port, but no provision is made 
to store the range or type of information that 
is stored in some other intelligent transmitters. 

The Sclartron Type 7826 insertion liquid den- 
sity transducers (see References) also employ a 
resonant sensor based on a tuning fork mounted 
on a standard flange for insertion into a pipe or 
tank. The tines are excited into oscillation by a 
piezo-resistive element positioned at the root of 
the tines. The oscillation is detected by a second 
piezo element and the fork is maintained at its 



resonant frequency by a phase-corrected amplifier. 
As the fluid density varies it changes the vibrating 
mass and this in turn changes the resonant fre- 
quency. The unit differs from transmitters 
described previously in that they operate in con- 
junction with a separate signal converter which 
provides the power to operate the circuits which 
maintain the tube in vibration. The temperature is 
sensed by a four- wire 1 00 Q platinum RTD and 
transmitted direct to the converter, whilst the res- 
onant frequency signal is superimposed on the 
power supply lead. 

For the measurement of gas density, there is a 
different type of insertion transducer which is 
also described in Chapter 8. It is the Solarlron 
Type 7812 gas density transducer (see References) 
which is based on a thin-walled metal cylinder, 
contained in a constant volume chamber and 
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Figure 13.22 Pressure loss factor versus flow rate for the range of flowmeter line sizes. Courtesy of Yokogawa Corp. of 
America Inc. 




Figure 13.23 Measurement of liquid density, using a 
differential pressure transmitter fitted with pressure seals. 



maintained in resonance at its natural frequency. 
The gas sample is brought to the sensor via a 
sampling loop, so that the gas flows over both 
surfaces of the cylinder. The mass of gas in con- 
tact with the cylinder, which depends upon the 
gas density, changes the resonant frequency of 
the sensor. The electronic circuits which maintain 




Fig u re 1 3 . 24 Measurement of liquid density, using two 
pressure transmitters. 



the cylinder in resonance are mounted on the 
stem or flange carrying the sensor and are con- 
nected to a remote mounted converter which pro- 
vides the power for the electronic circuits and also 
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computes the density, taking into account the 
operating temperature and pressure. 

For gas density measurements, it is important 
to know both the temperature and pressure. The 
former is measured by a four-wire 100 Q platinum 
RTD located in the wall of the chamber, but the 
latter has to be measured by a separate pressure 
transmitter. 

7 -Ray absorption can be used to measure 
the density of moving or flowing liquids, slurries, 
or solids, and the Thermo Measuretech (Formerly 
TN and KAYRAY) Model 3660 system (see 
References) provides an example of this. In it, 
the 7 - beam emitted from a source is directed 
through the process pipe towards the detector/ 
electronics. The amount of 7 - radiation that passes 
completely through the pipe and its contents 
varies inversely with the density of the material 
within the pipe. The detector/electronics contains 
a scintillation counter which, when subjected to 
the 7 -beam, produces light photons which are 
amplified through a scintillation sensor. The num- 
ber of pulses from the scintillation sensor is directly 
proportional to the intensity of the received beam. 

These pulses are conditioned, counted, and 
scaled by of the density of the process fluid. 
The associated microprocessor-based transmitter 
conditions the signal further and generates a 
conventional 4-20 mA analog output signal, but 
the unit also includes features of a smart 
transmitter so that the density measurement 
can also be provided digitally using the HART 
communication protocol either superimposed on 
the 4-20 mA signal or via a separate intrinsically 
safe RS 423 port on the transmitter. 

The equipment is mounted around an existing 
pipe and so avoids the need to modify a plant or 
to interrupt its operation during installation. 
Because the system is non-intrusive, it is not 
affected by the process pressure, viscosity, corro- 
siveness, or abrasiveness. 

Using the HART protocol, the transmitter 
parameters are entered in the configuration phase 
and include: 

(1) Model number and serial number 

(2) Date and time 

(3) Reference material 

(4) 7 -Source details and 

(5) Externa] input (RTD or corresponding 
4— 20 mA temperature signal). 

In the characterization phase the following 
details are entered: 

(1) Units of measure 

(2) Span of 4-20 mA output 

(3) Temperature compensation characteristic 

(4) Damping (constants or the adaptive imple- 
mentation). 



The application data which are entered 
include: 

(1) Tag (an eight-character field) 

(2) Descriptor (a 1 6-character field) 

(3) Message (a 32-character field) 

(4) Date 

(5) Pipe description 

( 6 ) Process description. 

The digital trim involves: 

(1) Reference to the process 

(2) Development of the process density calibra- 
tion curve 

(3) Calibration of the temperature input 

(4) Calibration of the 4— 20 mA output. 



13.8.2 Microprocessor-based and intelligent 
liquid level measurement systems 

A great many level measurements which are made 
for process control purposes are based on the 
measurement of hydrostatic pressure, and are 
referred to briefly in Chapter 7. For an open 
vessel, a gauge pressure transmitter mounted 
either in the base or close to it, as shown in Figure 
13.25, is used to avoid the effects of ambient 
pressure. The liquid level is proportional to the 
pressure divided by the liquid density. For a 
closed vessel a second transmitter should be 
mounted in the roof, as shown in Figure 13.26, 
or above the highest level to be reached by the 
liquid. Alternatively a differential pressure trans- 
mitter can be used, with the high side at the level 
tap, and the low side to the top of the tank. 

For these measurements, the value of the liquid 
density must be assumed but if the microprocessor- 
based and intelligent transmitters described pre- 
viously are used, information regarding the appli- 
cation, tag and location, process liquid, span and 
units of measure, etc., can be stored, in addition to 




Figure 13.25 Measurement of liquid level in an open 
vessel, using a single pressure transmitter. 
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Figure13.26 Measurement of liquid level in a closed 
vessel, using two pressure transmitters. 

the data regarding the transmitter model and serial 
number, etc. However, it is important to remember 
that changes in the temperature of the stored liquid 
may lead to changes in density which, in turn, may 
result in an unacceptable loss of accuracy. A third 
transmitter located at a fixed distance above the 
bottom transmitter can be used to obtain the den- 
sity and make the necessary correction. 



13.9 Other microprocessor- 
based and intelligent 
measurement systems 

An interesting application of microprocessor- 
based and intelligent instrumentation occurs in 
the metering of natural gas. A typical example is 
the Spectra -Tek Flow Computer (see References), 
shown in Figure 13.27. 

'Hie preferred method for Fiscal metering of gas 
flow is by the measurement of the differential 
pressure across an orifice plate. The traditional 
approach to achieve high accuracy over a wide 
flow range has been to install several differential 
pressure transmitters, with overlapping ranges, 
across a single orifice plate, as shown in Figure 
13.28. With the improvements which have been 
made in the basic sensors and the introduction of 
the smart transmitters, it has become possible to 
use a single transmitter, the output from which is 
a conventional 4-20 m A analog signal with the 
digital measurement signal superimposed on it. 

Taking the Honeywell ST3000 Model STD 120, 
the reference accuracy for the digital mode is 
0.0625 percent of calibrated span or 0.125 percent 
of reading for spans between 62 mbar and 
1000 mbar. This means that the transmitter can 
be calibrated for the differential pressure corres- 
ponding to the maximum flow rate and operated 
over a wide range of flows, with optimal accuracy. 




Figure 13.27 Spectra-Tek flow computer. Courtesy of 
Spectra-Tek Ltd. 

The Spectra-Tek Sentinel Flow Computer pro- 
vides the facilities to communicate digitally with 
the transmitter. It can either use the transmitter’s 
analog output, switching the range of the trans- 
mitter as the flow rate varies, or it can use the 
digital value received from the transmitter, in 
which case no range changing is necessary. The 
unit also provides similar facilities for tempera- 
ture and pressure transmitters, both of which 
could be “intelligent.” and it also accepts the 
frequency signal from a gas density transmitter. 

The computer calculates the mass flow rate 
in accordance with ISO 5167, with temperature 
correction for pipe and orifice bores. Flowing 
density, standard density, and standard compress- 
ibility are calculated by the primary method 
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Figure 13.28 Natural gas cost metering installation. Courtesy of Spectra-Tek Ltd. 



defined in AGA 8. using measured pressure and 
composition data for up to 20 components. The 
calculated standard density is used to derive 
standard volume. Calorific value is calculated in 
accordance with ISO 6976 using the measured 
temperature, pressure, and gas composition data. 
Calorific value is used to calculate energy flow. 
Mass, standard volume, and energy are each 
available as a cumulative total, a daily total, as 
well as the instantaneous flow rates. Analog out- 
puts are available for each flow rate together 
with an incremental pulse output for mass flow 
rate. 

Three separate alarm outputs are provided to 
indicate computer alarm (generated by internal 
diagnostic routines), system alarm (generated by 
a fault in the internal or external measurement 
circuits), and process alarms (generated by pro- 
cess conditions moving out of limits). These 
hardwired alarm outputs operate in conjunction 
with the flow computer’s front panel display and 
may be connected to an external annunciator 
system. 



13.10 Fieldbus 

1 3. 10. 1 Background 

At present, the majority of microprocessor- 
based and intelligent transmitters operate in 
conventional 4-20 mA measurement circuits, 
but it is inevitable that the advantages to be 
gained from multiplexing signals from sensors, 
actuators, and controllers will be a feature of 
new process plants as well as plant upgrading. 
However, to implement this, a common com- 
munication system, or fieldbus. needs to be 
established. 

There are many advantages of fieldbus over 
conventional analog systems, the most immediate 
of which are reduced cost of installation and 
maintenance, increased flexibility, and enhanced 
functionality, such as self-diagnostics, calibration, 
and condition monitoring. The additional bene- 
fits available with these microprocessor-based 
and intelligent devices will also expand the use 
of sensors and control systems. 
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Work to develop a single international stand- 
ard for fieldbus started in 1985. The intervening 
period saw the development of a variety of local 
national standards and proprietary industrial 
standards, leading to the present situation where 
several standards are competing to become the 
accepted industry standard. In spite of this, field- 
bus is now having a dramatic effect on the control 
industry. 

13.10.2 Introduction to the concept of a fieldbus 

Conventional transmitters, actuators, alarm and 
limit switches, and controllers are connected 
directly to a control room via individual cables, 
as shown in Figure 13.29. Fieldbus is based on 
technology that allows devices to share a com- 
mon communication medium, such as a single 
twisted-pair cable, so that transmitters can multi- 
plex their data with other devices, as shown in 
Figure 13.30. The reduction in cabling and instal- 
lation costs is evident. 

For the system to find acceptance in the pro- 
cess industries, it is important for equipment 
from a variety of suppliers not only to be capable 




Figure 13.29 Traditional method of interconnecting 
transmitters, actuators, controllers, etc. 




Figure 13.30 Corresponding arrangement to that in 
Figure 13.29, based on the use of a fieldbus. 



of operating in the system but also for equipment 
from one manufacturer to work together with 
that from another. This emphasizes the import- 
ance of establishing an international fieldbus 
standard but, at present, the cost and functional- 
ity benefits associated with an “open” system is 
not being fully realized because of the competing 
“open” systems currently available. 

13.10.3 Current digital multiplexing technology 

Fieldbus protocols and systems have been devel- 
oped in line with the International Standards 
Organization/Open System Interconnection 
(ISO/OSI) seven-layer model shown in Figure 
13.31, similar to the MAP/TOP standards. It 
divides the features of any communication proto- 
col into seven distinct layers from the physical to 
the application layer. A number of fieldbus con- 
cepts have been chosen to implement only three of 
these layers shown in Figure 13.32. Layer 1, the 
physical layer, specifies the connection medium; 
layer 7, the application layer, specifies the inter- 
face between the protocol and the application 
running it; and layer 2, the datalink layer, speci- 
fies the interconnection between the two. It has 
been generally recognized that for a protocol to 
be useful to end-users, an eighth layer needs to be 
designed to allow user-friendly interaction with 
the communication system, effectively making it 
transparent to the user. 

The physical layer can take many forms such as 
twisted pair, coaxial cable, radio link, infrared, or 
optical fiber. Each medium may then have several 
different specifications to allow for variations in 
performance requirements such as different data 
transmission speeds. 

There are many alternative fieldbus protocols 
including FOUNDATION Fieldbus-Hl/HSE, 
WorldFIP/FIP, Pr of ibus- FM S/DP/P A , Lon- 

Works-based, P-NET, CAN-based, HART, 
BIT-BUS, Modbus-RTU/TCP and Ethernet- 
based. Note that CAN and Ethernet are only 
physical layers, not complete protocols. However, 
these serve as a basis for many protocols, e.g., 
Device Net and SDS (CAN), FOUND ATION- 
HSE, PROFINet and Modbus/TCP etc. (Ether- 
net). Ethernet is used at the host-level as opposed 
to at the field-level. The most obvious reason for 
the variety of protocols is that they have been 
designed with different applications in mind and 
optimized for specific features such as security, 
low cost, high number of connected devices, etc. 
Therefore each standard may have advantages to 
suit the priorities of a particular application. At 
the time of writing, as many as eight different 
process fieldbus and three automation bus tech- 
nologies are set to become part of the IEC 61158 
and IEC 62026 standards, respectively. Unless one 
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single standard becomes a clear leader it may be 
necessary for suppliers to provide interfaces into 
whatever protocol their customers use. 

One of the key issues is that of interchange- 
ability and interoperability. Interchangeability 
allows one manufacturer’s devices to be substituted 
for those from another manufacturer on the bus 
without the need for reconfiguration of the 
system. This has considerable benefits for a user 
wishing to keep the cost of standard components 
to a minimum and to avoid having to retrain their 
maintenance staff to any significant extent. There 
are two keys to achieving this: the user needs 
to select powerful substitute instruments with 
so-called instantiable function blocks that pro- 
vide the functionality of the previous device. Sec- 
ond, the user must from the beginning select a 
system with an open host that only requires the 
standard device description and capabilities files 
to interact with a device. If the host requires 
proprietary files, the user’s choice will be limited. 



Interoperability allows devices from different 
manufacturers to communicate with one another 
without the need for special drivers. 

Interoperability will allow a manufacturer to 
compete in the market on the basis of features 
exclusive to their product and the added value 
content of the device, rather than simply the cost 
of the device. However, the users are concerned 
that this will complicate the situation and that if a 
special feature is present, it may be used at some 
stage, possibly as a work round, and leave them 
subject to a monopoly of supplier. On the other 
hand, in a networked system there is alw-ays a 
possibility to perform the missing function in 
another device. Moreover, communications is 
only one aspect of interchangeability. If the 
length of the flowtube or temperature range is 
different, one device cannot replace the other 
anyway. 

For small manufacturers, membership fees for 
the various organizations, the cost of development 
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tools and technical staff to operate them may 
represent a significant investment. This will deter 
manufacturers from becoming involved until an 
obvious standard emerges. 

The following outline description and informa- 
tion is reproduced, with permission, from the 
bulletin prepared by the HART Communication 
Foundation. 

13.10.4 The HART protocol 

13.10.4.1 Method of opera i ion 

The HART protocol operates using the frequency 
shift keying (FSK) principle, which is based on 
the Bell 202 (Bell 1976) Communication Stand- 
ard. The digital signal is made up from two 
frequencies (1 200 Hz and 2200Hz) representing 
bits 1 and 0, respectively. Sine waves of these 
frequencies are superimposed on the d.c. analog 
signal cables to give simultaneous analog and 
digital communications. Because the average 
value of the FSK signal is always zero, the 
4-20 mA signal is not affected (Figure 13.33). 

This produces genuine, simultaneous commu- 
nication with a response time of approximately 
500 ms for each field device, without interrupting 
any analog signal transmission that might be tak- 
ing place. 

Up to two master devices may be connected to 
each HART loop. The primary one is generally a 
management system or a PC while the secondary 
one can be a hand-held terminal or laptop com- 
puter. A standard hand-held terminal (called the 
HART Communicator) is available to make field 
operations as uniform as possible. Further net- 
working options are provided by gateways. 

Point-to-point Figure 13.34 shows some 
examples of point-to-point mode. The conven- 
tional 4-20 mA signal continues to be used for 
analog transmission while measurement, adjust- 
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Figure13.33 Because the mean harmonic signal value is 
zero, digital communication made no difference to any 
existing analog signal. 



ment, and equipment data are transferred digi- 
tally. The analog signal remains unaffected and 
can be used for control in the normal way. HART 
data give access to maintenance, diagnostic, and 
other operational data. 

Multi-drop This mode requires only a single 
pair of wires and, if applicable, safety barriers 
and an auxiliary power supply for up to 1 5 field 
devices (see Figure 13.35). Multi-drop connection 
is particularly useful for supervising installations 
that are widely spaced, such as pipelines, feeding 
stations, and tank farms. 

HART instruments can be used in either mode. 
In point-to-point operations, the field device has 
address 0, setting the current output to 4-20 mA. 
In multi-drop mode, all device addresses are 
greater than zero and each device sets its output 
current to 4 mA. For this mode of operation, 
controllers and indicators must be equipped with 
a HART modem. 

HART devices can communicate using com- 
pany-leased telephone lines (Bell 1973). In this 
situation only a local power supply is required 
by the field device and the master can be many 
kilometers away. However, most European coun- 
tries do not permit Bell 202 signals to be used with 
national carrier equipment, so HART products 
should not be used in this way. 

Any number of field devices can be operated on 
leased lines, as long as they are individually sup- 
plied with auxiliary power, independently of the 
communication. If only one power supply is used 
for all the field devices, the number is limited 
to 15. 

13.10.4.2 HA R T pro toco l structure 

HART follows the basic open systems interconnec- 
tion (OSI) reference model, developed by the Inter- 
national Organization for Standardization (ISO) 
(DIN ISO 7498). The OSI model provides the 
structure and elements of a communication sys- 
tem. The HART protocol uses a reduced OSI 
model, implementing only layers 1, 2, and 7 (see 
Table 13.12). 

Layer 1, the physical layer, operates on the 
FSK principle, based on the Bell 202 Communi- 
cation Standard: 

(1) Data transferrate: 1200 bit/s 

(2) Logic “0” frequency: 2200 FIz 

(3) Logic “1” frequency: 1200 Hz 

The vast majority of existing wiring is used for 
this type of digital communication. For short 
distances, unshielded, 0.2 mm 2 two-wire lines are 
suitable. For longer distances (up to 1500 m), 
single, shielded bundles of 0.2 mnr twisted pairs 
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Figure 13.34 Point-to-point mode; with provision for one 4-20 mA device and up to two masters, e.g., one management 
system and a hand-held terminal. 




Figure 13.35 With multi-drop mode, installation costs are considerably reduced. As many as 15 field devicescan be 
operated from one auxiliary power supply. Management systems and hand-held terminals can be used. 



can be used. Beyond this, distances up to 3000 m 
can be covered using single, shielded, twisted 
0.5 mm 2 pairs. 

A total resistance of between 230 il and 1 1 00 1 2 
must be available in the communication circuit, 
as indicated in Figures 13.34 and 13.35 by R^. 



Layer 2, the link layer, establishes the format 
for a HART message. HART is a master/slavc 
protocol. All the communication activities origin- 
ate from a master, e.g., a display terminal. This 
addresses a Field device (slave), which interprets 
the command message and sends a response. 
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Table 13.12 Layers 1 7 of the OSI reference model— the HART protocol implements layers 1, 2, and 7 



Layer 


Function 


HART 


7. Application 


Provides formatted data 


HART instructions 


6. Presentation 


Converts data 




5. Session 


Handles the dialogue 




4. Transport 


Secures the transport connection 




3. Network 


Establishes network connections 




2. Link 


Establishes the data link connection 


HART protocol regulations 


1. Physical 


Connects the equipment 


Bell 202 



Structure of a HART message 



BC Statue 




Field device and communication 
status (ONLY from field device 
to master) 

Byte count 
HART Instruction 
Display terminal and field 
device addresses 
Start character 



Figure 13.36 The HART message structure offers a high 
degree of data integrity. 



The structure of these messages ean be seen in 
Figure 13.36. In multidrop mode this can accom- 
modate the addresses for several field devices and 
terminals. 

A specific size of operand is required to enable 
the field device to carry out the HART instruc- 
tion. The byte count indicates the number of 
subsequent status and data bytes. 

Layer 2 improves transmission reliability by 
adding the parity character derived from all the 
preceding characters; each character also receives 
a bit for odd parity. 

The individual characters are: 

1 start bit 
8 data bits 
1 bit for odd parity 
1 stop bit. 

Layer 7, the application layer, brings the 
HART instruction set into play. The master sends 
messages with requests for specified values, actual 
values, and any other data or parameters available 
from the device. The field interprets these instruc- 
tions as defined in the HART protocol. The 
response message provides the master with status 
information and data from the slave. 

To make interaction between HART -compat- 
ible devices as efficient as possible, classes of 
conformity have been established for masters, 
and classes of commands for slaves. There are 
six classes of conformity for a master as seen in 
Figure 13.37. For slave devices, logical, uniform 



communication is provided by the following com- 
mand sets: 

(1) Universal commands : understood by all 

field devices. 

(2) Common practice commands: provide func- 

tions which can be carried out by many, though 
not all, field devices. Together, these commands 
comprise a library of the most common field 
device functions. 

(3) Device-specific commands: provide func- 

tions which are restricted to an individual device, 
permitting special features to he incorporated 
that are accessible by all users. 

Examples of all three command sets can 
usually be found in a field device, including all 
universal commands, some common-practice 
commands and any necessary device-specific 
commands. 



13. 10.4.3 Operating conditions 

The HART Standard (HART Communication 
Foundation) requires level-3 resistance to inter- 
ference in the lines in accordance with IEC 801- 3 
and 801 -4. This satisfies the general requirement 
for noise resistance. 

Connecting or disconnecting a user, or even a 
breakdown of communication does not interfere 
with transmission between the other units. 

Intrinsically safe applications deserve special 
mention. Barriers or isolators must be able to 
transmit the Bell 202 frequencies in both direc- 
tions (see Figure 13.34). As ean be seen in Figure 
13.35, in multi-drop mode it is also possible to 
interconnect field devices in accordance with 
DIN VDE 0165. 



13. 10.4.4 Technical data 

Data transmission 

Type of data transmission: frequency shift key- 
ing (FSK) in accordance with Bell 202. relating to 
the transfer rate and the frequency for bit infor- 
mation 0 and 1. 
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Figure 13.37 Classes of instruction and classes of conformity. 



Transfer rate: 1200 bit/s. 

Obit information frequency: 2200 Hz. 

/ bit information frequency: 1200 Hz. 

Signal strueture: 1 start bit, 8 data bits, 1 bit for 
odd parity, 1 stop bit. 

Transfer rate for sitttple variables : approximately 
2/s. 

Maximum number of units in bus mode: with a 
central power supply, 15. 

Multiple variable specification: maximum num- 
ber of variables per field unit (one modem), 256; 
maximum number of variables per message, 4. 
Maximum number of master systems: two. 

Data integrity 

Physical layer: error rate destination circuit 
1/10 5 bit. 

Link layer: recognizes all groups of up to three 
corrupt bits and practically all longer and multi- 
ple groups. 

Application layer: communication status trans- 
mitted in a response message. 

Hardware recommendations 

The types of connection and their length limi- 
tations arc given in Table 13.13. 



The following rule of thumb for determining 
the maximum line length for a particular applica- 
tion can be taken from the restrictions governing 
the signal: 

65 ■ 10 6 (C I 10.000) 

~ (RC) C 

where / is the length (m), R is the resistance (U) 
of the load plus internal resistance from the 
barrier/isolator, C is the line capacity ( pF/m), 
and Cf is the maximum internal capacitance for 
the smart field units (pF). 

Consider the example of a pressure transducer, 
a control system and a simple shielded pair with 
R = 250 if C = 150, and Q = 5.000 pF: 

65 x 10 6 ( 5.000 + 10.000) 

" (250 x'i'50) [50 

/== 1633 m 

In intrinsically safe applications, there may be 
further restrictions. 

For an in-depth examination of whether a par- 
ticular hook-up will work, refer to the specification 



Table 13.13 Type of connection and lengih limitations in the HART protocol 



Distance (m) Line type 



Minimum conducting area (AWC’./ninr) 



<1.500 Multiple two-wire, twisted, common shielding 

>1.500 Single two-wire, twisted, shielded 

<3.000 



24/0.2 

20/0.5 





230 Microprocessor-based and intelligent transmitters 



for the physical layer in the HART document 
(HART Communication Foundation). 

13.11 User experience with 
microprocessor-based and 
intelligent transmitters 

Reports of users’ experience are dominated by 
references to differential pressure measurements 
used for flow measurements. This arises not only 
because of the large number in use but also 
because these were the first microprocessor-based 
and intelligent transmitters to become available. 
The ability to set the range of an instrument 
before or at the time of installation was one of 
the earliest, and still is one of the most valuable 
benefits of the new technology. From the user’s 
viewpoint, orders for instrumentation can be 
released earlier because there is no penalty for 
ordering the wrong range and the holding of 
spares is greatly reduced. Perhaps the most dra- 
matic change has been in temperature transmit- 
ters, some of which can accommodate virtually 
any type and range of thermocouple or resistance 
temperature detector likely to be used in a plant. 

There are fewer reports of the benefits derived 
from the ability to re- range the transmitter during 
plant operation except for some batch processes 
where a large turn-down is involved and one 
transmitter can be used instead of two. In such 
instances, the use of a single instrument not only 
saves the cost of an instrument but also reduces 
the cost and complication of the installation. 

The most significant benefit arising from the 
use of “intelligent” transmitters is in the commis- 
sioning time. In some instances this more than 
compensates for the additional cost of the trans- 
mitters compared with their analog counter- 
parts. The improvement arises from the ability 
to address the instrument from the control 
room or the marshalling cabinet, to confirm 
that the correct type and range has been 
installed and that the system responds correctly 
when the transmitter output is forced to 4 or 
20 mA. With analog instrumentation, this would 
involve obtaining access to the transmitter, per- 
haps with a ladder, and making adjustments 
while using a radio link with the control room. 
The difference can be even more marked for 
transmitters involved in a complex re-ranging 
sequence, which can now be controlled without 
anyone being present at the point of measure- 
ment. 

Although one might expect these more com- 
plex instruments to be less reliable than the older, 
simpler ones, user perceptions indicate the oppos- 
ite. This may be due to the fact that the built-in 
diagnostic routines provide an immediate warn- 



ing of faults and also that the status of the trans- 
mitter can be checked without having to go to its 
installed position, take off its cover, and carry out 
tests, or worse, disconnect it and take it to a 
workshop for maintenance. Even having discon- 
nected it and found no fault, the transmitter will 
have been identified as one that requires atten- 
tion. More seriously, it is quite likely that a fault 
is introduced by the unnecessary handling. 

In general, users have recognized a reduced 
need for repair and maintenance. This may be 
due in part to the communication facility of the 
intelligent transmitters which facilitates the keep- 
ing of better maintenance records. 

13.12 Fieldbus function and 
benefits 

Of the completely digital fieldbus technologies 
mentioned above only FOUNDATION Fieldbus 
and Profibus-PA are used for process instrumen- 
tation such as valve positioners and the transmit- 
ters discussed in this chapter. Both of these are 
based on the IEC 61 158-2 physical layer standard 
giving them the unique capability to provide both 
power and communication on the same pair of 
wires, be intrinsically safe, and run as far as 
1.9 km using ordinary twisted-pair cable. Other 
fieldbus technologies are used in discrete factory 
automation and building automation. The main 
difference between FOUNDATION Fieldbus and 
Profibus-PA is that FOUNDATION Fieldbus 
is not only a communications protocol, but also 
a programming language form building control 
strategies. 

13.12.1 FOUNDATION™ Fieldbus and 
Profibus-PA 

The IEC 61158-2 deals only with the physical 
layer that is based on the Manchester coding 
principle of multiplexing the data stream with a 
clock signal in order to achieve synchronous data 
transmission. Data bits of 1 and 0 are represented 
by falling and rising edges respectively trans- 
mitted at 3 1.25 kbit/s superimposed on the 9-32 
VDC power. Because the Manchester waveform 
has a 50 percent duty cycle the d.c. power remains 
sufficiently stable. 

Several devices may be multidropped on a net- 
work. If the devices are not drawing power from 
the bus as many as 32 are possible. If the devices 
are bus powered the number should be limited to 
12-16; that is also a good number for best perform- 
ance. When intrinsic safety is required the power is 
limited and therefore only four devices can be 
connected on the hazardous area side segment 
of a linear barrier such as the Smar SB302 
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or eight if a trapezoidal FISCO (Fieldbus Intrin- 
sic Safety COncept) barrier such as the Smar 
DF47 is used. The above-mentioned barriers have 
an important feature in that they both have 
repeaters built in on the safe side, allowing them 
to be multidropped on a safe side network seg- 
ment such that a total network of 16 devices can 
still be achieved per interface port keeping the 
interface quantity and system cost down. 

Because of the relatively low speed no special 
wiring or connectors are required for fieldbus. 
Normal shielded twisted-pair instrument cable 
can be used for installation. Use of 0.8 mm 2 
(AWG# 18) gauge wire is recommended in order 
to achieve a full 1 .9 km overall bus length for a 
fully populated network. For shorter distances or 
fewer devices thinner wires such as in multi-core 
cables can be used. The latter is ideal for the 
“hoinerun” cable from the field junction box to 
the control room. Distance can be increased using 
up to four repeaters in series. 

The fieldbus network segment must be termin- 
ated in each end. In the far field-end this is done 
using a terminator such as the Smar BT302. In 
the host-end the terminator should preferably 
already be built into the network linking device 
or power supply subsystem. Power for the field 
instruments is provided from the field end. For 
non-intrinsically safe installations the power 
comes from a regular 24 V d.c. power supply 
through the power supply impedance module, 
such as the Smar DF53, whose purpose is to pre- 
vent the d.c. power supply from short-circuiting 
the a.c. communication signal. Two DF53 units 
may be connected in parallel to provide redun- 
dant power for high availability. There is no limit- 
ation for the current that can be drawn by a 
field device, but selecting devices consuming 
12 mA or less is required to achieve long wire 
runs and to put several devices on safety barrier. 
In older systems fitted with fieldbus the power 
supply subsystem is implemented using external 
components. 

The purpose of a linking device is to bridge 
communication between one or more field-level 
networks up to the host level network, e.g., 
from HI to HSE (100 Mbit/s on Ethernet) 
FOUNDATION™ Fieldbus or from Profibus 
PA to DP (up to 12 Mbit/s on RS485). A linking 
device has the intelligence to buffer messages 
allowing them to be transmitted on the two net- 
work levels at different speeds. A simpler device 
called a coupler does not provide this buffering, 
thus forcing the host level network to operate at a 
much lower speed close to that of the field level 
network. The host level network in turn connects 
the linking devices to the workstations. 

At first glance there may be some concern 
regarding the availability of multidropping 



devices related to several loops on a single pair 
of wires. However, this is no different from 
connecting devices related to several loops to 
the same I/O module in a traditional architec- 
ture. A module failure or accidental removal 
would affect all loops. To increase availability 
for so-called critical loops, users typically 
spread the devices related to these on separate 
segments, such that each segment affects only a 
single critical loop, the rest of the devices on a 
segment being non-critical control or monitor- 
ing. This is particularly common in the petro- 
chemical and chemical industries where safety 
barriers are used which conveniently divide 
the fieldbus network up in several isolated seg- 
ments. 

Because FOUNDATION™ Fieldbus HI and 
Profibus-PA have identical physical layers, the 
networking accessories, such as repeaters, power 
supply impedances, safety barriers, and termin- 
ators, are the same. However, the data link and 
application layers are different which gives them 
different characteristics. 



13. 12. 1. 1 FOUND A TION™ Fieldbus HI 

FOUNDATION™ Fieldbus allows multiple link 
masters to be connected on the network. At any 
one time only one of them acts as a Link 
Active Schedule (LAS). The LAS controls the 
communication ensuring that messages are sent 
at the exact right time. This ensures that control 
variables are transmitted in a precise interval 
eliminating jitter. FOUNDATION™ Fieldbus 
synchronizes the function block execution with 
the communication minimizing delays even 
further. Unscheduled traffic does not affect 
scheduled traffic. FOUNDATION™ Fieldbus 
provides for three types of communication rela- 
tionships: 

Client-server : One device, called client, requests 
a value such as a tuning parameter requested by 
the host from a positioner on the network, called 
server, which responds with the value. 

Publisher-subscriber : Initiated by the LAS 
schedule one device, called publisher, broadcasts 
a message such as a process variable from a 
transmitter on the network. All devices that need 
the variable, called subscribers, such as a valve 
positioner with a controller in it take it. Thus 
several devices can receive the same variable in a 
single communication. Direct peer-to-peer com- 
munication eliminates the need for a request by a 
centralized device and subsequent retransmission 
to each individual user after the response. This 
reduces the communication load. The publisher- 
subscriber functionality is a key enabling control 
in the field devices. 
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Report distribution : When an event has 

occurred, such as a diagnostic alarm, and the 
device receives the token it transmits its message, 
e.g., to the host. This eliminates the need for the 
host to frequently poll a device to catch infre- 
quent events, thereby reducing the communica- 
tion load. 

System management is responsible for automatic 
device detection and address assignment, making 
the addition and removal of devices a plug-and- 
play operation eliminating human errors. System 
management also takes care of time synchroniza- 
tion between all devices as well as block and 
publishing schedule to ensure an exact execution. 

To ensure interoperability all device types have 
their communications conformance tested. In 
addition to this all device-types have their func- 
tion block programming checked and registered. 

13 .12, .1., 2 Profibus-PA 

Profibus allows multiple masters to be connected 
to the network but only one can write values. A 
token is passed from master to master, and the 
master that holds the token has the right to access 
the bus. The token rotation time is not fixed, but 
varies at an average of 50 percent. A master-slave 
communication relationship is always used. 
The master requests a value such as the process 
variable requested by the central controller from 
a transmitter on the network, called slave, which 
responds with the value. One master can also 
write, e.g., a manipulated variable into a valve 
positioner. 

To ensure interoperability all device types have 
their communications conformance tested. 



13.12.2 Field-mounted control 

The FOUNDATION Fieldbus specification is 
unique among fieldbus technologies in that it is 
the only one to specify a communications proto- 
col, but also a programming language for build- 
ing control strategies. This is a graphical 
programming language using the familiar func- 
tion block concept: an extensive library of function 
blocks for inputs, outputs, control, arithmetic, 
and selection, etc. Flave been specified, along with 
guidelines to how non-standard function blocks 
shall be designed in order to be interoperable. 
The function blocks primarily execute in field 
devices such as transmitters and positioners 
thereby reducing the need for, and off- 
loading, centralized controllers. FOUNDATION 
Fieldbus thus creates a new architecture taking 
the old concept of DCS a step further, more 
distributed, more digital. This networked archi- 
tecture is often referred to as FCS (Field Control 



System). Powerful control strategies can be built 
by linking blocks from several devices together. 
Field control is also the key to the scalability of 
the FCS. A traditional control system has finite 
resources thus adding field instruments and loops 
make, it slower and forces costly expansion 
of controllers and I/O-subsystems. However, in 
a FCS, each added device provides more comput- 
ing power and memory, making the system larger 
with minor negative impact on performance. 
Because I/O and controller hardware is minimized, 
expansion is comparatively economical. Interoper- 
ability and level of system integration also bene- 
fits because the semantics of the data is defined, 
e.g., for any manufacturer, controller mode is set 
by the MODE_BLK parameter, and the code 
for Manual is always the same. 

There is some doubt whether in safety-critical 
applications communication between transmitter, 
controller, and final control element via a shared 
fieldbus is acceptable. At the time of writing no 
fieldbus technology has been approved for certi- 
fied critical control systems, nor for field control, 
nor for device configuration, measurement 
variables, or actuation. Once more, reliability 
for multidrop networks is available; this may be 
considered. Certainly, the increased diagnostics 
that can be communicated using fieldbus can 
increase both safety and availability of systems, 
and control in the field is more fault-tolerant than 
the centralized controls of the legacy DCS. 

13.12.3 Future of analog instruments 

Although the number of microprocessor-based 
and intelligent transmitters being installed is 
rising steadily, it will be a long time before 
the transition is complete because of the large 
installed base of traditional instruments. Smar 
provides a range of current-to-fieldbus (IF302), 
fieldbus-to-current (FI302) and fieldbus-to- 
pneumatic signal converters (FP302) for interfacing 
between the old analog world and the FOUNDA- 
TION or Profibus fieldbus. These are ideal not 
only for migration of an existing plant, but also 
to interface devices not yet available in a fieldbus 
version in a new installation. There was initially 
some concern regarding the use of software-based 
instruments in safety-critical applications because 
of the possibility that they may fail in some unex- 
pected manner. However, several years of reliable 
operation and refined design techniques have 
resulted, in that the first few safety-certified 
HART devices have now emerged. 

13.12.4 Sensor validation 

Many of the diagnostic routines applied in early 
microprocessor-based and intelligent transmitters 
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concerned the electronics rather than the primary 
sensor. 

However, based on years of experience and 
study of sensor failure modes, some manufac- 
turers now offer transmitters that diagnose not 
only themselves but also the sensor. An added 
advantage of the FOUNDATION Fieldbus is 
that it not only specifies how to present the status 
to the user, but the function block programming 
language has also been designed to provide auto- 
matic shutdown action in case of sensor failure. 
Particularly interesting is the development seen in 
valve positioners over the past few years. For 
example, the Smar FY302 pneumatic valve pos- 
itioner performs diagnostics of itself, the actuator 
and the valve, thereby providing the operator 
with status for the entire valve package. 

13.12.5 Plant diagnostics 

A considerable amount of potentially useful 
information regarding the process, beyond the 
value of the process parameter being measured, 
is available at the interface between the process 
and the primary sensor. This information can 
be recovered by spectral and statistical analysis 
of the measurement signal if the frequency 
response of the transmitter is adequate. In 
effect, it provides a window through which the 
status of the associated process can be assessed 
and changes detected to provide warning of 
incipient failures. However, as most of the 
transmitters at present in use have been 
designed to operate in a process control loop, 
and as it is generally accepted that there is no 
useful information in those components of the 
measurement signal having frequencies greater 
than about 5 Hz, the amount of useful informa- 
tion which can be recovered using currently 
available transmitters is very restricted. How- 
ever, devices that locally sample and cache 
information at a higher speed during the test 
phase and then communicate it at a more lei- 
surely pace are already on the drawing board. 

13.12.6 Hand-held interfaces (hand-held 
terminals or hand-held communicators) 

Using fieldbus technology there is an unbroken 
digital chain from the field instruments to the 
operator workstation. Therefore it is possible to 
diagnose, configure, and otherwise interrogate a 
device from the computer without having to ven- 
ture into the field with a hand-held. There is no 
need to find the right connection point at the 
junction box. The workstation runs the engineer- 
ing and maintenance application that allows the 
user to configure and diagnose the devices, and 
manage maintenance. Because these tools can be 



loaded with Device Description files (DD) that 
describe the devices in the field (or GSD in case of 
Profibus), a single tool such as the Smar SYSC- 
CON software can configure a plethora of devices 
from different manufacturers without inter- 
operability problems. An additional advantage 
can be achieved using FOUNDATION™ Field- 
bus. Because the control strategy programming 
language is part of the same specification as the 
communications for device configuration and 
maintenance, strategy building and device man- 
agement, as well as network management, can be 
performed from the same single software tool. In 
the case of the Smar SYSCON software this 
means that users can drag and drop from the 
strategy directly into the devices. 

13.12.7 Measuring directives 

It is likely that many process measurements 
which at present are not subject to weights and 
measures surveillance will become so in future. 
Directives requiring further integration of diag- 
nostic routines into these instruments, data back- 
up, etc., are to be expected. 

13.12.8 Further developments of intelligent 
transmitters 

The accuracy and versatility achieved by the pre- 
sent generation of microprocessor-based and 
intelligent transmitters is such that there is little 
real advantage to be gained from further 
improvement in these respects. For temperature 
and differential pressure transmitters where 
accuracies of 0. 1 percent of the measured value 
are claimed, the point has been reached where it is 
necessary to question whether the transmitted 
signal has the significance implied by the number 
of digits in the displayed value. 

For most process measurements, the noise 
component can range from 1 percent to 30 percent 
of the mean value and the damping applied may 
be anything from 1 to 60 s. It is then necessary to 
consider how realistically the displayed value 
represents the process variable. 

The focus has now shifted towards the valve 
positioners that until now have been contributing 
significantly to significant process variability. 
Until recently positioners, due to their imprecise 
mechanics and simple analog electronics, have 
been unable to respond to demands in position 
change by less than a few percent. Modern pos- 
itioners like the Smar FY302 use a non-contact 
position sensing method eliminating mechanical 
linkages, and perform all characterization and 
positioning algorithms in software, thereby being 
able to modulate with a precision of a fraction of 
a percent. 
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13.12.9 Integration of intelligent transmitters 
into instrument management systems 

The situation is quite different when considering 
the advantages to be gained from integrating 
information from a number of intelligent trans- 
mitters into the management system. The real 
benefits from the use of intelligent transmitters 
arise from the fact that so much basic data 
regarding the transmitter itself, such as the model 
number, serial number, tag, location, materials of 
construction, etc., and its application, such as the 
zero and span, units of measure, damping, etc., 
are stored in the memory of the transmitter elec- 
tronics and can be accessed via the two-way com- 
munication system. 

For an individual transmitter operating in a 
4-20 mA measurement loop, this means that its 
identity can be identified and its operation moni- 
tored from any junction box or set of terminals in 
the measurement loop, thereby avoiding the need 
to gain access to the transmitter itself to check its 
status or to make an adjustment to its operating 
range. If, however, the transmitter is connected 
directly to a fieldbus together with other trans- 
mitters and actuators, as shown in Figure 13.38, 
then the same information can be accessed at any 
junction on the fieldbus or via an interface unit. 
This opens the opportunity to collect data from 
all the sensors and actuators in the control system 
and analyze it, using a variety of statistical and 
knowledge-based techniques, to optimize the 
maintenance and technical management of the 
process plant. 

Although regulatory control is primarily done 
by the instruments in the field, operation is still 



conveniently centralized. The operators monitor 
the process and initiate control actions for the 
field-level and host-level networks. Setpoint, con- 
trol mode, and tuning parameters set at the work- 
stations are communicated to the function blocks 
executing in the field. The control strategy in the 
field devices executes several times per second, 
whereas the process information is updated on 
the operator display and for historical trending 
only once per second. 

The fact that so much basic data regarding a 
transmitter can be stored at the transmitter itself 
and accessed via a fieldbus, coupled with the instru- 
ment management systems which are now available, 
provides an opportunity for plant managers to 
enhance the management of their processes by opti- 
mizing the control regime and reducing unsched- 
uled shut-downs through the availability of better 
information regarding the status of the transmitters, 
actuators, and the process equipment. 
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14.1 Temperature and heat 

14.1.1 Application considerations 

Temperature is one of the most frequently used 
process measurements. Almost all chemical pro- 
cesses and reactions are temperature-dependent. 
Not infrequently in chemical plants, temperature 
is the only indication of the progress of the pro- 
cess. Where the temperature is critical to the reac- 
tion, a considerable loss of product may result 
from incorrect temperatures. In some cases, loss 
of control of temperature can result in cata- 
strophic plant failure with the attendant damage 
and possible loss of life. 

Another area where accurate temperature mea- 
surement is essential is in the metallurgical indus- 
tries. In the case of many metal alloys, typically 
steel and aluminum alloys, the temperature of the 
heat treatment the metal receives during manu- 
facture is a crucial factor in establishing the 
mechanical properties of the finished product. 

There are many other areas of industry where 
temperature measurement is essential. Such 
applications include steam raising and electricity 
generation, plastics manufacture and molding, 
milk and dairy products, and many other areas 
of the food industries. 

Where most of us are most aware of tempera- 
ture is in the heating and air-conditioning systems 
which make so much difference to people’s per- 
sonal comfort. 

Instruments for the measurement of tempera- 
ture, as with so many other instruments, are 
available in a wide range of configurations. 
Everyone must be familiar with the ubiquitous 
liquid-in-glass thermometer. 

However, a number of other temperature- 
dependent effects are used for measurement pur- 
poses and readout can be local to the point of 
measurement or remote in a control room or else- 
where. 



14.1.2 Definitions 

For the understanding of temperature measure- 
ment it is essential to have an appreciation of the 



concepts of temperature and other heat-related 
phenomena. 

14. 1.2. 1 Temperature 

The first recorded temperature measurement was 
carried out by Galileo at the end of the sixteenth 
century. His thermometer depended on the 
expansion of air. Some form of scale was attached 
to his apparatus, for he mentions “degrees of heat’" 
in his records. 

As with any other measurement, it is necessary 
to have agreed and standardized units of mea- 
surement. In the case of temperature the inter- 
nationally recognized units are the Kelvin and 
the degree Celsius. The definitions of these units 
are set out in Section 14.2. 

Temperature is a measure of stored or potential 
energy in a mass of matter. It is the state of 
agitation, both lateral and rotational oscillation, 
of the molecules of the medium. The higher the 
temperature of a body, the greater the vibrational 
energy of its molecules and the greater its poten- 
tial to transfer this molecular kinetic energy to 
another body. Temperature is the potential to 
cause heat to move from a point of higher tem- 
perature to one of lower temperature. The rate of 
heat transfer is a function of that temperature 
difference. 

14.1.2.2 Heal 

Heat is thermal energy. The quantity of heat in a 
body is proportional to the temperature of that 
body, i.e., it is its heat capacity multiplied by its 
absolute temperature. 

Heat is measured in joules. (Before the inter- 
national agreements on the SI system of units 
heal was measured in calories. One calorie was 
approximately 4.2 joules.) 

14.1.2.3 Specific heat capacity 

Different materials absorb different amounts of 
heat to produce the same temperature rise. The 
specific heat capacity, or more usually the specific 
heat, of a substance is the amount of heat which. 




240 Temperature measurement 



when absorbed by 1 kg of that substance, will 
raise its temperature by 1 °C. 

Specific heat capacity = J kg -1 k -1 



14.1.2.4 Thermal conductivity 

The rate at which heat is conducted through a 
body depends upon the material of the body. 
Heat travels very quickly along a bar of copper, 
for instance, but more slowly through iron. In the 
case of non-metals, ceramics, or organic sub- 
stances, the thermal conduction occurs more 
slowly still. The heal conductivity is not only a 
function of the substance but also the form of the 
substance. Plastic foam is used for heat insulation 
because the gas bubbles in the foam impede the 
conduction of heat. Thermal conductivity is 
measured in terms of: 

energy x length 

area x time x temperature difference 

thermal conductivity = — ^ 

m 2 ■ s ■ K 

=J • m _l -s-' -K-' 



14.1.2.5 Latent heat 

When a substance changes state from solid to 
liquid or from liquid to vapor it absorbs heat with- 
out change of temperature. If a quantity of ice is 
heated at a constant rate its temperature will rise 
steadily until it reaches a temperature of 0°C; at 
this stage the ice will continue to absorb heat with 
no change of temperature until it has all melted to 
water. Now as the heat continues to flow into the 
water the temperature will continue to rise but at a 
different rate from before due to the different spe- 
cific heat of water compared to ice. When the water 
reaches 100°C the temperature rise will again level 
off as the water boils, changing state from water to 
steam. Once all the water has boiled to steam the 
temperature will rise again but now at yet another 
rate dependent on the specific heat of steam. This is 
illustrated in Figure 14.1. 

The amount of heat required to convert a kilo- 
gram of a substance from solid state to liquid 
state is the “latent heat of fusion.” Likewise the 
“latent heat of evaporation” is the amount of heat 
required to convert a kilogram of liquid to vapor. 

This leveling of temperature rise during change 
of state accounts for the constant freezing tem- 
peratures and constant boiling temperatures of 
pure materials. The units of measurement of 
latent heat are joules per kilogram: 

latent heat = J ■ kg -1 




Figure 14.1 Increase of temperature during change of 
state of a mass of water under conditions of constant energy 
input. 



14.1.2.6 Thermal expansion 

Expansion of solids When a solid is heated, it 
increases in volume. It increases in length, 
breadth, and thickness. The increase in length of 
any side of a solid will depend upon the original 
length /o, the rise in temperature /, and the coeffi- 
cient of linear expansion a. 

The coefficient of linear expansion may be 
defined as the increase in length per unit length 
when the temperature is raised 1 °C. Thus, if the 
temperature of a rod of length Iq is raised from 0°C 
to /°C, then the new length, l h will be given by: 

It — k + h 1 olI = /o(l T at) (14.1) 

The value of the coefficient of expansion varies 
from substance to substance and the coefficients 
of linear expansion of some common materials 
are given in Table 14.1. 

The increase in area with temperature, i.e., the 
coefficient of superficial expansion, is approxi- 
mately twice the coefficient of linear expansion. 
The coefficient of cubic expansion is almost three 
times the coefficient of linear expansion. 

Expansion of liquids and gases In dealing with 
the expansion of liquids and gases it is necessary 
to consider the volume expansion, or cubical 
expansion. Both liquids and gases have to be held 
by a container, which will also expand, so that the 
apparent expansion of the liquid or gas will be 
less than the true or absolute expansion. The true 
coefficient of expansion of a liquid is equal to the 
coefficient of cubical expansion of the containing 
vessel. Usually the expansion of a gas is so much 
greater than that of the containing vessel that 
the expansion of the vessel may be neglected in 
comparison with that of the gas. 

The coefficient of expansion of a liquid may 
be defined in two ways. First, there is the zero 
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Table 14.1 Coefficients of linear expansion of solids 
Extracted from Tables of Physical and Chemical 
Constants by Kaye and La by (Longmans). The values 
given are per kelvin and, except where some 
temperature is specified, for a range about 20 degrees. 



Substance 


a {ppm) 


Aluminum 


25.5 


Copper 


16.7 


Gold 


13.9 


Iron (cast) 


10.2 


Lead 


29.1 


Nickel 


12.8 


Platinum 


8.9 


Silver 


18.8 


Tin 


22.4 


Brass (typical) 


18.9 


Constanlan (Eureka) 


17.0 


60 Cu, 40 Ni 


Duralumin 


22.6 


Nickel steel, 


10% Ni 


13.0 


30% Ni 


12.0 


36% Ni (Invar) 


-0.3 to +2.5 


40% Ni 


6.0 


Steel 


10.5 to 11.6 


Phosphor bronze. 


16.8 


97.6 Cu, 2Sn, 0.2 P 


Solder, 2 Pb, I Sn 


25 


Cement and concrete 


10 


Glass (soda) 


8.5 


Glass (Pyrex) 


3 


Silica (fused) -80° to 0°C 


0.22 


Silica (fused) 0 3 to 100°C 


0.50 



coefficient of expansion, which is the increase in 
volume per degree rise in temperature, divided by 
the volume at 0°C, so that volume V, at tempera- 
ture t is given by: 

V i = V 0 {\ +0t) (14.2) 

where V Q is the volume at 0°C and 3 is the 
coefficient of cubical expansion. 

There is also the mean coefficient of expansion 
between two temperatures. This is the ratio of the 
increase in volume per degree rise of temperature, 
to the original volume. That is, 



where V h :s the volume at temperature /] , and V ( , 
is the volume at temperature fr- 
This definition is useful in the case of liquids 
that do not expand uniformly, e.g., water. 

14.1.3 Radiation 

There are three ways in which heat may be trans- 
ferred: conduction, convection, and radiation. Con- 
duction is, as already covered, the direct transfer of 



heat through matter. Convection is the indirect 
transfer of heat by the thermally induced circulation 
of a liquid or gas; in “forced convection/’ the 
circulation is increased by a fan or pump. Radi- 
ation is the direct transfer of heat (or other form of 
energy) across space. Thermal radiation is electro- 
magnetic radiation and comes within the infrared, 
visible, and ultraviolet regions of the 

electromagnetic spectrum. The demarcation 

between these three classes of radiation is rather 
indefinite but as a guide the wavelength bands are 
shown in Table 14.2. 



Table 14.2 Wavelengths of thermal radiation 



Radiation 


Wavelength (,um) 


Infrared 


100-0.8 


Visible light 


0. 8-0.4 


Ultraviolet 


0.4-0.01 



So far as the effective transfer of heat is con- 
cerned the wavelength band is limited to about 
1 0 /mi in the infrared and to 0.1 jim in the ultra- 
violet. All the radiation in this band behaves in 
the same way as light. The radiation travels in 
straight lines, may be reflected or refracted, and 
the amount of radiant energy falling on a unit 
area of a detector is inversely proportional to the 
square of the distance between the detector and 
the radiating source. 

14.2 Temperature scales 

To measure and compare temperatures it is neces- 
sary to have agreed scales of temperature. These 
temperature scales are defined in terms of physical 
phenomena which occur at constant temperatures. 
The temperatures of these phenomena are known 
as “fixed points.” 

14.2.1 Celsius temperature scale 

The Celsius temperature scale is defined by inter- 
national agreement in terms of two fixed points, 
the ice point and the steam point. The tempera- 
ture of the ice point is defined as zero degrees 
Celsius and the steam point as one hundred 
degrees Celsius. 

The ice point is the temperature at which ice and 
water exist together at a pressure of 1.0132 x 
10 5 N-m~ 2 (originally one standard atmosphere 
= 760 mm of mercury). The ice should be pre- 
pared from distilled water in the form of fine 
shavings and mixed with ice-cold distilled water. 

The steam point is the temperature of distilled 
water boiling at a pressure of 1.0132 x KPN ■ m“ 2 . 
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The temperature at which water boils is very depen- 
dent on pressure. At a pressure /?, N ■ m -2 the boil- 
ing point of water t p in degrees Celsius is given by 

t„ = 100 + 2.795 X 10“ 4 (/>- 1.013 x 1(T 5 ) 
- 1.334 x 10“ 9 (/>- 1.013 x 10 5 ) 2 

(14.4) 

The temperature interval of 100°C between the 
ice point and the steam point is called the funda- 
mental interval. 

14.2.2 Kelvin, absolute, or thermodynamic 
temperature scale 

Lord Kelvin defined a scale based on thermo- 
dynamic principles which does not depend on 
the properties of any particular substance. Kelvin 
divided the interval between the ice and steam 
points into 100 divisions so that one Kelvin repre- 
sents the same temperature interval as one Celsius 
degree. The unit of the Kelvin or thermodynamic 
temperature scale is the “Kelvin.’’ The definition of 
the Kelvin is the fraction 1/273.16 of the thermo- 
dynamic temperature of the triple point of 
water. This definition was adopted by the thir- 
teenth meeting of the General Conference for 
Weights and Measures in 1967 (13th CGPM, 
1967). Note the difference between the ice point 
(0 G ) used for the Celsius scale and the triple point 
of water which is 0.01 °C. 

It has also been established that an ideal gas 
obeys the gas law PV — RT r where T is the tem- 
perature on the absolute or Kelvin scale and where 
P is the pressure of the gas, V is the volume occu- 
pied and R is the universal gas constant. Thus, the 
behavior of an ideal gas forms a basis of tempera- 
ture measurement on the absolute scale. Unfortu- 
nately the ideal gas does not exist, but the so-called 
permanent gases, such as hydrogen, nitrogen, oxy- 
gen, and helium, obey the law very closely, pro- 
vided the pressure is not too great. For other 
gases and for the permanent gases at greater pres- 
sures, a known correction may be applied to allow 
for the departure of the behavior of the gas from 
that of an ideal gas. By observing the change of 
pressure of a given mass of gas at constant volume, 
or the change of volume of the gas at constant 
pressure, it is possible to measure temperatures 
on the absolute scale. 

The constant-volume gas thermometer is sim- 
pler in form, and is easier to use, than the con- 
stant-pressure gas thermometer. It is, therefore, 
the form which is most frequently used. Nitrogen 
has been found to be the most suitable gas to use 
for temperature measurement between 500 and 
1500 G C, while at temperatures below 500 °C 
hydrogen is used. For very low temperatures, 
helium at low pressure is used. 



The relationship between the Kelvin and Cel- 
sius scales is such that zero degrees Celsius is 
equal to 273.15 K 

t~T — 273.15 (14.5) 

where t represents the temperature in degrees 
Celsius and T is the temperature Kelvin. 

It should be noted that temperatures on the 
Celsius scale are referred to in terms of degrees 
Celsius, °C; temperatures on the absolute scale 
are in Kelvins, K, no degree sign being used. 
For instance, the steam point is written in Celsius, 
100 °C, but on the Kelvin scale 373. 1 5 K. 

14.2.3 International Practical Temperature 
Scale of 1968 (IPTS-68) 

The gas thermometer, which is the final standard 
of reference is, unfortunately, rather complex and 
cumbersome, and entirely unsuitable for indus- 
trial use. Temperature-measuring instruments 
capable of a very high degree of repeatability are 
available. Use of these instruments enables tem- 
peratures to be reproduced to a very high degree 
of accuracy, although the actual value of the 
temperature on the thermodynamic scale is not 
known with the same degree of accuracy. In order 
to take advantage of the fact that temperature 
scales may be reproduced to a much higher 
degree of accuracy than they can be defined, an 
International Practical Temperature Scale was 
adopted in 1929 and revised in 1948. The latest 
revision of the scale was in 1968 (IPTS-68). The 
1948 scale is still used in many places in industry. 
The differences between temperatures on the two 
scales are small, frequently within the accuracy of 
commercial instruments. Table 14.3 shows the 
deviation of the 1948 scale from the 1968 revi- 
sion. 

The International Practical Temperature Scale 
is based on a number of defining fixed points, each 
of which has been subject to reliable gas therm- 
ometer or radiation thermometer observations, 
and these are linked by interpolation using 
instruments which have the highest degree of 



Table 14.3 Deviation of IPTS-68 from 1PTS-48 



/68 (°C) 


*68 — ^48 


—200 


0.022 


-150 


-0.013 


0 


0.000 


50 


0.010 


100 


0.000 


200 


0.043 


400 


0.076 


600 


0.150 


1000 


1.24 
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reproducibility. In this way the International 
Practical Temperature Scale is conveniently 
and accurately reproducible and provides means 
for identifying any temperature within much 
narrower limits than is possible on the 
thermodynamic scale. 

The defining fixed points are established by 
realizing specified equilibrium states between 
phases of pure substances. These equilibrium 
states and the values assigned to them are given 
in Table 14.4. 

The scale distinguishes between the Inter- 
national Practical Kelvin Temperature with the 
symbol and the International Practical Cel- 
sius Temperature with the symbol te §; the relation- 
ship between T 68 and /68 is 

*68 = — 273.15 K (14.6) 

The size of the degree is the same on both scales, 
being 1/273.16 of the temperature interval 
between absolute zero and the triple point of 
water (0.01 °C). Thus, the interval between the 
ice point 0°C and the boiling point of water 



Table 14.4 Defining fixed points of the !PTS-68 (1) 



Equilibrium state Assigned value of 

International Practical 

temperature 

Tes 



Triple point of 


13.81 K 


-259.34 C 


equilibrium hydrogen 


Boiling point of 


1 7.042 K 


-256. 108 °C 


equilibrium hydrogen 
at pressure of 
33 330.6 kN-irr 2 


Boiling point of 


20.28 K 


-252.87 3 C 


equilibrium hydrogen 


Boiling point of neon 


27.102 K 


-246.048 °C 


Triple point of oxygen 


54.361 K 


-218.789 Q C 


Boiling point of oxygen 


90.188 K 


-182.962°C 


Triple point of vvater (3) 


273. 16K 


0.01 °C 


Boiling point of water (2)(3) 


373. 15K 


100°C 


Freezing point of zinc 


692.73 K 


419.58 C 


Freezing point of silver 


1235.08 K 


961.93°C 


Freezing point of gold 


1337.58 K 


1 064.43 C 



(1) Except for the triple points and one equilibrium hydrogen point 
(17.042 K) rhe assigned values of temperature are for equilibrium 
states at a pressure Pq = 1 standard atmosphere ( 101 .325 kN ■ m“ 2 ). 

In the realization of the fixed points small departures from the 
assigned temperatures will occur as a result of the differing 
immersion depths of thermometers or the failure to realize the 
required pressure exactly. If due allowance is made for these small 
temperature differences, they will not affect the accuracy of 
realization of the Scale, 

(2) The equilibrium state between the solid and liquid phases of tin 
(freezing point of tin has assigned value of / fc s = 231.968FC and 
may be used an alternative to the boiling point of water). 

(3) The water used should have the isotopic composition of ocean 
water. 



100 °C is still 100 Celsius degrees. Temperatures 
are expressed in Kelvins below 273.15 K (0°C) 
and degrees Celsius above 0°C. This differentia- 
tion between degrees Celsius and degrees Kelvin 
is not always convenient, and consequently tem- 
peratures below 0°C are usually referred to as 
minus degrees Celsius. 

Temperatures between and above the fixed 
points given in Table 14.4 can be interpolated as 
follows. 

From 13.81 K to 630.74 °C the standard instru- 
ment is the platinum resistance thermometer. 

Above 1 337.58 K (1064.43 °C) the scale is 
defined by Planck’s law of radiation with 
1 337.58 K as the reference temperature, and the 
constant ci has a value 0.014 388 meter Kelvin. 
This will be discussed in Section 14.6. 

In addition to the defining fixed points the 
temperatures corresponding to secondary points 
are given. These points, particularly the melting 
or freezing points of metals, form convenient 
workshop calibration points for temperature 
measuring instruments (see Table 14.5). 



Table14.5 Secondary reference points (IPTS-68) 



Substance 


Equilibrium slate 


Temperature 

(K) 


Normal hydrogen 


TP 


13.956 


Normal hydrogen 


BP 


20.397 


Neon 


TP 


24.555 


Nitrogen 


TP 


63.148 


Nitrogen 


BP 


77.342 


Carbon dioxide 


Sublimation 

point 


194.674 


Mercury 


FP 


234.288 


Water 


lee point 


273.15 


Phenoxy benzine 


TP 


300.02 


Benzoic acid 


TP 


395.52 


Indium 


FP 


429.784 


Bismuth 


FP 


544.592 


Cadmium 


FP 


594.258 


Lead 


FP 


600.652 


Mercury 


BP 


629.81 


Sulphur 


BP 


717.824 


Co pper/al umi n i mum 
eutectic 


FP 


821.38 


Antimony 


FP 


903.89 


Aluminium 


FP 


933.52 


Copper 


FP 


1357.6 


Nickel 


FP 


1728 


Cobalt 


FP 


1767 


Palladium 


FP 


1827 


Platinum 


FP 


2045 


Rhodium 


FP 


2236 


Iridium 


FP 


2720 


Tungsten 


FP 


3660 



TP; triple point; FP: freezing point; BP: boiling point. 
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14.2.4 Fahrenheit and Rankine scales 

These two temperature scales are now obsolete in 
Britain and the United States, but as a great deal 
of engineering data, steam tables, etc., have been 
published using the Fahrenheit and Rankine tem- 
perature a short note for reference purposes is 
relevant. 

Fahrenheit This scale was proposed in 1714. Its 
original fixed points were the lowest temperature 
obtainable using ice and water with added salts 
(ammonium chloride) which was taken as zero. 
Human blood heat was made 96 degrees (98.4 on 
the modern scale). On this scale the ice point is at 
32 °F and the steam point at 212°F. There does 
not appear to be any formal definition of the 
scale. 

To convert from the Fahrenheit to Celsius 
scale, if / is the temperature in Celsius and /the 
temperature in Fahrenheit 

' = !(/- 32) (14.7) 

Rankine The Rankine scale is the thermo- 
dynamic temperature corresponding to 
Fahrenheit. Zero in Rankine is, of course, the 
same as zero Kelvin. On the Rankine scale the 
ice point is at 491.67 °R. Zero Fahrenheit is 
459.67 °R. To convert temperature from Fahr- 
enheit to Rankine, where R is the Rankine 
temperature 

R=f + 459.67 (14.8) 

Table 14.6 illustrates the relationship between the 
four temperature scales. 

14.2.5 Realization of temperature measurement 

Techniques for temperature measurement are very 
varied. Almost any temperature-dependent effect 
may be used. Sections 14.3-14.6 describe the main 
techniques for temperature measurement used in 



Table 14.6 Comparison of temprature scales 





K 


3 C 


C F 


°R 


Absolute zero 


0 


-273.15 


-523.67 


0 


Boiling point 

o 2 


90.19 


-182.96 


-361.33 


162.34 


Zero Fahrenheit 


255.37 


-17.78 


0 


459.67 


Ice point 


273.15 


0 


32 


491.67 


Steam point 


373.15 


100 


212 


671.67 


Freezing point 


1235.08 


961.93 


1763.47 


2223.14 


of silver 











industry. However, in laboratories or under special 
industrial conditions, a wider range of instruments 
is available. In Table 1 4.7 is a summary of the more 
usually used measuring instruments in the range 
quoted. All measuring instruments require to be 
calibrated against standards. In the case of 
temperature the standards are the defining 
fixed points on the IPTS-68. These fixed points 
are not particularly easy to achieve in workshop 
conditions, Although the secondary points 
are intended as workshop standards it is 
more usual, in most instrument workshops, to 
calibrate against high grade instruments 
whose calibration is traceable to the IPTS-68 fixed 
points. 

14.3 Measurement techniques: 
direct effects 

Instruments for measuring temperature described 
in this section are classified according to the nat- 
ure of the change in the measurement probe pro- 
duced by the change of temperature. They have 
been divided into four classes: liquid expansion, 
gas expansion, change of state, and solid expan- 
sion. 



14.3.1 Liquid-in-glass thermometers 

The glass thermometer must be the most familiar 
of all thermometers. Apart from its industrial and 
laboratory use it finds application in both domes- 
tic and medical fields. 



14.3.1.1 M ercury-filled glass thermometer 

The coefficient of cubical expansion of mercury is 
about eight times greater than that of glass. If, 
therefore, a glass container holding mercury is 
heated, the mercury will expand more than the 
container. At a high temperature, the mercury 
will occupy a greater fraction of the volume of 
the container than at a low temperature. If, then, 
the container is made in the form of a bulb with 
a capillary tube attached, it can be so arranged 
that the surface of the mercury is in the capillary 
tube, its position along the tube will change with 
temperature and the assembly used to indicate 
temperature. This is the principle of the mercury- 
in-glass thermometer. 

The thermometer, therefore, consists simply of 
a stem of suitable glass tubing having a very 
small, but uniform, bore. At the bottom of this 
stem there is a thin-walled glass bulb. The bulb 
may be cylindrical or spherical in shape and has a 
capacity very many times larger than that of 
the bore of the stem. The bulb and bore are 
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Table 14.7 Temperature measurement techniques 



Range (K) 


Technique 


Application 


Resolution (K) 


0.01-1.5 


Magnetic susceptance of paramagnetic salt 


Laboratory 


0.001 


0.1-50 


Velocity of sound in acoustic cavity 


Laboratory standard 


0.0001 


0.2-2 


Vapor pressure 


Laboratory standard 


0.001 


1.5-100 


Germanium resistance thermometer 


Laboratory standard 


0.0001 


i. 5-100 


Carbon resitance thermometer 


Laboratory 


0.001 


1.5-1400 


Gas thermometer 


Laboratory 


0.002 






Industrial 


1.0 


210^130 


Silicon P-N junction 


Laboratory 


0.1 






Inudstrial 


- 


4-500 


Thermistor 


Laboratory 


C.001 






Industrial 


0.1 


o 

i/'. 

•■n 

1 


Quartz crystal oscillator 


Laboratory 


0.001 






Industrial 


- 


15-1000 


Platinum resistance thermometer 


Standard 


0.000 01 






Industrial 


0.1 


20-2700 


Thermocouple 


General-purpose 


1.0 


30-3000 


Sound velocity in metal rod 


Laboratory 


1% 


130-950 


Liquid-in-glass 


General-purpose 


0.1 


130-700 


Bimetal 


Industrial 


1-2 


270-5000 


Total radiation thermometer 


Industrial 


10 


270-5000 


Spectrally selective radiation thermometer 


Industrial 


2 



completely filled with mercury, and the open end 
of the bore sealed off either at a high temperature, 
or under vacuum, so that no air is included in 
the system. The thermometer is then calibrated by 
comparing it with a standard thermometer in 
a bath of liquid whose temperature is carefully 
controlled. 

When the standard thermometer and the therm- 
ometer to be calibrated have reached equilib- 
rium with the bath at a definite temperature, 
the point on the glass of the thermometer oppo- 
site the top of the mercury mensicus is marked. 
The process is repeated for several temperatures. 
The intervals between these marks are then 
divided off by a dividing machine. In the case of 
industrial thermometers, the points obtained by 
calibration are transferred to a metal or plastic 
plate, which is then fixed with the tube into a 
suitable protecting case to complete the instru- 
ment. 

The stem of the thermometer is usually shaped 
in such a way that it acts as a lens, magnifying the 
width of the mercury column. The mercury is 
usually viewed against a background of glass 
which has been enamelled white. Figure 14.2 
shows the typical arrangement for a liquid- 
in-glass thermometer. 

Mercury-in-glass thermometers are available in 
three grades: A and B are specified in BS 1041 : Part 
2.1: 1958; grade C is a commercial grade of therm- 
ometer and no limits of accuracy are specified. 
Whenever possible, thermometers should be cali- 
brated, standardized and used immersed up to the 
reading, i.e., totally immersed, to avoid errors due 



Construction of 

liquid-in-glass 

thermometer 



Glass stem-^1 



Liquid column- 



Bulb 
liquid | 
filled 



(a) 



Cross section of 
thermometer stem 



White vitreous 
enamel 

Liquid column 




Front of stem 
shaped as lens to 
broaden apparent size 
of column 



(b) 

Figure 14.2 Mercury-in-glass thermometer, 
(a) thermometer and scale, (b) cross-section of 
thermometer stem. 
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to the emergent column of mercury and the glass 
stem being at a different temperature than the bulb. 
Errors introduced this way should be allowed for if 
accurate readings are required. Some therm- 
ometers, however, are calibrated for partial immer- 
sion and should be used immersed to the specified 
depth. 

When reading a thermometer an observer 
should keep his eye on the same level as the top 
of the mercury column. In this way errors due to 
parallax will be avoided. 

Figure 14.3 shows the effect of observing the 
thermometer reading from the wrong position. 
When viewed from (a) the reading is too high. 
Taken from (b) the reading is correct, but from 
(c) it is too low. 

A mercury-in-glass thermometer has a fairly 
large thermal capacity (i.e., it requires quite an 
appreciable amount of heat to change its tempera- 
ture by one degree), and glass is not a very good 
conductor of heat. This type of thermometer will, 
therefore, have a definite thermal lag. In other 
words, it will require a definite time to reach the 
temperature of its surroundings. This time should 
be allowed for before any reading is taken. If there 
is any doubt as to whether the thermometer has 
reached equilibrium with a bath of liquid having a 
constant temperature, then readings should be 
taken at short intervals of time. When the reading 
remains constant the thermometer must be in equi- 
librium with the bath. If the temperature is varying 
rapidly the thermometer may never indicate the 
temperature accurately, particularly if the tested 
medium is a gas. 




Figure 14.3 Parallax errors when reading glass 
thermo mete rer. 



Glass thermometers used in industry are 
usually protected by metal sheaths. These sheaths 
may conduct heat to or from the neighborhood of 
the thermometer bulb and cause the thermometer 
to read either high or low according to the actual 
conditions prevailing. A thermometer should, 
therefore, be calibrated, whenever possible, under 
the conditions in which it will be used, if accurate 
temperature readings are required. If, however, 
the main requirement is that the temperature 
indication be consistent for the same plant tem- 
perature, then an error introduced is not so 
important, so long as the conditions remain the 
same, and the error is constant. 



Errors due to aging It is often assumed that pro- 
vided a mercury-in-glass thermometer is in good 
condition it will always give an accurate reading. 
This is not always so, particularly with cheap 
thermometers. A large error may be introduced 
by changes in the size of the bulb due to aging. 
When glass is heated to a high temperature, as it 
is when a thermometer is made, it does not, on 
cooling, contract to its original volume immedi- 
ately. Thus, for a long time after it has been made 
the bulb continues to contract very slowly so that 
the original zero mark is too low on the stem, and 
the thermometer reads high. This error continues 
to increase over a long period, and depends upon 
the type of glass used in the manufacture of the 
thermometer. In order to reduce to a minimum 
the error due to this cause, during manufacture 
thermometers are annealed by baking for several 
days at a temperature above that which they will 
be required to measure, and then cooled slowly 
over a period of several days. 

Another error due to the same cause is the 
depression of the zero when a thermometer is 
cooled rapidly from a high temperature. When 
cooled, the glass of the thermometer bulb does 
not contract immediately to its original size so that 
the reading on the thermometer at low temperature 
is too low, but returns to normal after a period of 
time. This period depends upon the nature of the 
glass from which the bulb is made. 

High temperature thermometers Mercury nor- 
mally boils at 357 °C at atmospheric pressure. In 
order to extend the range of a mercury-in-glass 
thermometer beyond this temperature, the top 
end of the thermometer bore is enlarged into a 
bulb having a capacity of about 20 times that of 
the bore of the stem. This bulb, together with the 
bore above the mercury, is then filled with nitro- 
gen or carbon dioxide at a sufficiently high pres- 
sure to prevent the mercury boiling at the highest 
temperature at which the thermometer will be 
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used. Ia order to extend the range to 500 °C, a 
pressure of about 20 bar is required. In spite of the 
existence of this gas at high pressure, there is a 
tendency for mercury to vaporize from the top of 
the column at high temperatures and to condense 
on the cooler portions of the stem in the form of 
minute globules which will not join up again with 
the main bulk of the mercury. It is. therefore, 
inadvisable to expose a thermometer to high tem- 
peratures for prolonged periods. 

At high temperatures the correction for the tem- 
perature of the emergent stem becomes particu- 
larly important, and the thermometer should, if 
possible, be immersed to the top of the mercury 
column. Where this is not possible, the therm- 
ometer should be immersed as far as conditions 
permit, and a correction made to the observed 
reading, for the emergent column. To do this, 
the average temperature of the emergent column 
should be found by means of a short thermometer 
placed in several positions near to the stem. The 
emergent column correction may then be found 
from the formula: 

correction — 0.001 6(7 1 - tf)n on Celsius scale 

where is the temperature of the thermometer 
bulb, I 2 is the average temperature of the emer- 
gent column, and n is the number of degrees 
exposed. The numerical constant is the coefficient 
of apparent expansion of mercury in glass. 

14.3.1.2 Use of liquids other than mercury 

In certain industrial uses, particularly in industries 
where the escape of mercury from a broken bulb 
might cause considerable damage to the products, 
other liquids are used to fill the thermometer. These 
liquids are also used where the temperature range of 
the mercury-in-glass thermometer is not suitable. 
Table 14.8 lists some liquids together with their 
range of usefulness. 

14.3.1.3 Mercury-in-glass electric contact 
thermometer 

A mercury-in-glass thermometer can form the 
basis of a simple on/off temperature controller 
which will control the temperature of an enclos- 
ure at any value between 40 °C and 350 °C. 



Table 14.8 Liquids used in glass thermometers 



Liquid 


Temperature range fC) 


Mercury 


-35 to +510 


Alcohol 


-80 to +70 


Toluene 


-80 to +100 


Pentane 


-200 to +30 


Creosote 


-5 to +200 



Mercury is a good electrical conductor. By 
introducing into the bore of a thermometer two 
platinum contact wires, one fixed at the lower end 
of the scale and the other either fixed or adjust- 
able from the top of the stem, it is possible to 
arrange for an electrical circuit to be completed 
when a predetermined temperature is reached. 
The current through the circuit is limited to about 
25 mA. This current is used to operate an electro- 
nic control circuit. Contact thermometers find 
applications in laboratories for the temperature 
control of water baths, fluidized beds and incu- 
bators. With careful design, temperature control 
to 0.1 °C can be attained. 

Formerly, fixed temperature contact therm- 
ometers were used for the temperature control 
of quartz crystal oscillator ovens, but now this 
duty is more usually performed by thermistors or 
semiconductor sensors which can achieve better 
temperature control by an order of magnitude. 

14.3.2 Liquid-filled dial thermometers 

14.3.2.1 Mercury-in-steel thermometer 

Two distinct disadvantages restrict the usefulness 
of liquid-in-glass thermometers in industry: glass 
is very fragile, and the position of the thermometer 
for accurate temperature measurement is not 
always the best position for reading the scale of 
the thermometer. 

These difficulties are overcome in the mercury- 
in-steel thermometer shown in Figure 14.4. This 
type of thermometer works on exactly the same 
principle as the liquid-in-glass thermometer. The 
glass bulb is, however, replaced by a steel bulb 
and the glass capillary tube by one of stainless 
steel. As the liquid in the system is now no longer 
visible, a Bourdon tube is used to measure the 




Figure 14,4 Mercury-in-steel thermometer. 
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change in its volume. The Bourdon tube, the bulb, 
and the capillary tube are completely filled with 
mercury, usually at a high pressure. When suitably 
designed, the capillary tube may be of consider- 
able length so that the indicator operated by the 
Bourdon tube may be some distance away 
from the bulb. In this case the instrument is 
described as being a “distant reading" or “trans- 
mitting" type. 

When the temperature rises, the mercury in the 
bulb expands more than the bulb so that some 
mercury is driven through the capillary tube into 
the Bourdon tube. As the temperature continues 
to rise, increasing amounts of mercury will be 
driven into the Bourdon tube, causing it to 
uncurl. One end of the Bourdon tube is fixed, 
while the motion of the other end is communi- 
cated to the pointer or pen arm. As there is a large 
force available the Bourdon tube may be made 
robust and will give good pointer control and 
reliable readings. 

The Bourdon tube may have a variety of forms, 
and the method of transmitting the motion to the 
pointer also varies. Figure 14.5 shows one form of 
Bourdon tube in which the motion of the free end 
is transmitted to the pointer by means of a seg- 
ment and pinion. The free end of the tube forms a 
trough in which a stainless steel ball at the end of 
the segment is free to move. The ball is held 
against the side of the trough by the tension in 
the hair-spring. By using this form of construc- 
tion lost motion and angularity error are avoided, 
and friction reduced to a minimum. Ambient- 
temperaturc compensation may be obtained by 
using a bimetallic strip, or by using twin Bourdon 
tubes in the manner described under the heading 
of capillary compensation. 

Figure 14.6 shows a Bourdon tube having a 
different form, and a different method of trans- 
mitting the motion to the pointer. This Bourdon 
tube is made of steel tube having an almost flat 
section. A continuous strip of the tubing is wound 




Figure 14.5 Construction of mercury-in-steel 
thermometer. Courtesy the Foxboro Company. 




Figure 14.6 Multi-turn Bourdon tube. 

into two coils of several turns. The coils are 
arranged one behind the other so that the free 
end of each is at the center while the other turn of 
the coils is common to both, as can be seen in the 
illustration. One end of the continuous tube the 
inner end of the back coil — is fixed and leads to 
the capillary tube, while the other end — the inner 
end of the front coil- is closed, and is attached to 
the pointer through a small bimetallic coil which 
forms a continuation of the Bourdon tube. This 
bimetallic coil compensates for changes brought 
about in the clastic properties of the Bourdon 
tube and in the volume of the mercury within 
the Bourdon tube due to ambient temperature 
changes. 

This particular formation of the tube causes 
the pointer to rotate truly about its axis without 
the help of bearings, but bearings are provided to 
keep the pointer steady in the presence of vibra- 
tion. The friction at the bearings will, therefore, 
be very small as there is little load on them. As the 
end of the Bourdon tube rotates the pointer 
directly, there will be no backlash. 

Thermometer bulks The thermometer bulb may 
have a large variety of forms depending upon the 
use to which it is pul. If the average temperature 
of a large enclosure is required, the bulb may take 
the form of a considerable length of tube of 
smaller diameter cither arranged as a U or wound 
into a helix. This form of bulb is very useful when 
the temperature of a gas is being measured, for it 
presents a large surface area to the gas and is 
therefore more responsive than the forms having 
a smaller surface area for the same cubic capacity. 

In the more usual form, the bulb is cylindrical 
in shape and has a robust wall: the size of the 
cylinder depends upon many factors, such as the 
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Figure 14.7 Forms for bulbs for mercury-in-steel 
thermometers. 

filling medium and the temperature range of the 
instrument, but in all cases, the ratio of surface 
area to volume is kept at a maximum to reduce 
the time lag in the response of the thermometer. 

The flange for attaching the bulb to the vessel 
in which it is placed also has a variety of forms 
depending upon whether the fitting has to be 
gastight or not, and upon many other factors. 
Figure 14.7 shows some forms of bulbs. 

The capillary tube and its compensation for ambi- 
ent temperature The capillary tube used in the 
mercury-in-steel thermometer is usually made 
from stainless steel, as mercury will amalgamate 
with other metals. Changes of temperature affect 
the capillary and the mercury it contains, and 
hence the temperature reading; but if the capillary 
has a very small capacity, the error owing to changes 
in the ambient temperature will be negligible. 

Where a capillary tube of an appreciable length 
is used, it is necessary to compensate for the 
effects brought about by changes in the tempera- 
ture in the neighborhood of the tube. This may be 
done in a number of ways. Figure 14.8 illustrates 
a method that compensates not only for the 
changes of temperature of the capillary tube but 
also for the changes of temperature within the 
instrument case. In order to achieve complete 
temperature compensation two thermal systems 
are used, which are identical in every respect 
except that one has a bulb and the other has 
not. The capillary tubes run alongside each other, 
and the Bourdon tubes are in close proximity 
within the same case. If the pointer is arranged 
to indicate the difference in movement between 
the free ends of the two Bourdon tubes, then it 
will be indicating an effect which is due to the 



V0 

tubes ^ ^ 




Figure 14.8 Ambient temperature compensation of 
mercury-in-steel thermometer. 

temperature change in the bulb only. If compen- 
sation for case temperature only is required, then 
the capillary tube is omitted in the compensating 
system, but in this case the length of capillary 
tube used in the uncompensated system should 
not exceed about 8 meters. 

Another method of compensating for tempera- 
ture changes in the capillary tube is to use a tube 
of comparatively large bore and to insert into the 
bore a wire made of Invar, or another alloy with 
a very low coefficient of expansion. Mercury has 
a coefficient of cubical expansion about six times 
greater than that of stainless steel. If the expan- 
sion of the Invar wire may be regarded as being 
negligibly small, and the wire is arranged to fill 
five-sixths of the volume of the capillary bore, 
then the increase in the volume of the mercury 
which fills the remaining one-sixth of the bore 
will exactly compensate for the increase in 
volume of the containing capillary tube. This 
method requires the dimensions both of the bore 
of the capillary tube and of the diameter of the 
wire insert to be accurate to within very narrow 
limits for accurate compensation. The insert may 
not necessarily be continuous, but may take the 
form of short rods, in which case it is, however, 
difficult to eliminate all trapped gases. 

Compensation for changes in the temperature of 
the capillary tube may also be achieved by intro- 
ducing compensating chambers, of the form shown 
in Figure 14.9, at intervals along the length of the 
capillary tube. These chambers operate on exactly 
the same principle as the Invar-wire-insert type 
of capillary tube, but the proportion of the 
chamber occupied by the Invar is now arranged 
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Effect of Increase of Temperature 
as shown in Section XY 

A Remains a constant diameter 
B Increases in diameter 
C* Volume of space increases more 
than the volume of mercury therein 



Figurel4.9 Ambient temperature compensation chamber. 



to compensate for the relative increase in volume 
of the mercury within the chamber and in the 
intervening length of capillary tube. 

143.2.2 Other filling liquids 

Admirable though mercury may be for therm- 
ometers, in certain circumstances it has its limita- 
tions, particularly at the lower end of the 
temperature scale. It is also very expensive to 
weld mercury systems in stainless steel. For these 
and other reasons, other liquids are used in place 
of mercury. Details of the liquids used in liquid - 
in-metal thermometers, with their usual tempera- 
ture ranges, are given in Table 14.9. Comparison 
with Table 14.8 shows that liquids are used for 
different temperature ranges in glass and metal 
thermometers. In general, in metal thermometers, 
liquids can be used up to higher temperatures 
than in glass thermometer as they can be filled 
to higher pressures. 

When liquids other than mercury are used, the 
bulb and capillary tube need no longer be made 
of steel. The material of the bulb may, therefore, 
be chosen from a wide range of metals and alloys, 
and is selected to give the maximum resistance to 
any corrosive action which may be present where 
the bulb is to be used. 

The capillary tube, too, may be made from a 
variety of materials, although copper and 
bronze are the most common. When capillary 



Table 14.9 Liquids used in metal thermometers 
(expansion type) 



Liquid 


Temperature range (°C) 


Mercury 


-39 to +650 


Xylene 


—40 to +400 


Alcohol 


-46 to +150 


Ether 


+20 to +90 


Other organic liquids 


-87 to +260 



tubes are made from materials other than 
stainless steel, it may be necessary to protect 
them from corrosion or mechanical damage. 
This may be done by covering the tube with 
thermal insulation material-formerly asbestos 
was used-and winding the whole in a heavy 
spiral of bronze. In cases where a bronze outer 
casing is likely to be damaged either by acid 
fumes or mechanically, it may be replaced by a 
stainless steel spiral which results in a much 
stronger but slightly less flexible construction. 
For use in damp places, or where the tube is 
liable to be attacked by acid fumes, the capil- 
lary and bronze spiral may be protected by a 
covering of molded rubber, polyvinyl chloride, 
or rubber-covered woven-fabric hose. For use 
on chemical plants, such as sulfuric acid plants, 
both the capillary tube and the bulb are pro- 
tected by a covering of lead. 

The construction of the liquid-in-metal therm- 
ometer is the same as that of the mercury-in-steel 
thermometer, and compensation for changes in 
ambient temperature may be achieved in the same 
ways. 

Further facts about liquid-in-metal therm- 
ometers will be found in Table 14.1 1, which gives 
a comparison of the various forms of non-elec- 
trical dial thermometers. 

In installations where liquid-filled instruments 
with very long capillaries are used, care must be 
taken to see that there is not a significant height 
difference between the bulb location and that of 
the instrument. If there is a large height differ- 
ence, the pressure due to the column of liquid in 
the capillary will be added to (or subtracted from) 
the pressure due to the expansion of the liquid in 
the bulb, resulting in a standing error in the tem- 
perature reading. This problem is at its worst with 
mercury-filled instruments. Instruments with 
double capillary ambient temperature compensa- 
tion, Figure 14.8, are, of course, also compen- 
sated for static head errors. 
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Table 14.10 Liquids used in vapor pressure thermometers 



Liquid 


Critical temperature (°C) 


Boiling point (°C) 


Typical ranges available (°C) 


Argon 


-122 


-185.7 


Used for measuring very low 
temperatures down to — 253 C C in 
connection with the liquefaction 
of gases 


Methyl chloride 


143 


-23.7 


0 to 50 


Sulphur dioxide 


157 


-10 


30 to 120 


Butane (n) 


154 


-0.6 


20 to 80 


Methyl bromide 




4.6 


30 to 85 


Ethyl chloride 


187 


12.2 


30 to 100 


Diethyl ether 


194 


34.5 


60 to 160 


Ethyl alcohol 


243 


78.5 


30 to 180 


Water 


375 


100 


120 to 220 


Toluene 


321 


110.5 


150 to 250 



14.3.3 Gas-filled instruments 

The volume occupied by a given mass of gas at a 
fixed pressure is a function of both the molecular 
weight of the gas and its temperature. In the case 
of the “permanent gases,” provided the tempera- 
ture is significantly above zero Kelvin, the behav- 
ior of a gas is represented by the equation 

pv = RT (14.9) 

where p is pressure in N • nT 2 , v is volume in m 3 , 
T is the temperature in K , and R is the gas con- 
stant with a value of 8.3 14J ■ raof 1 ■ K~ l . 

If, therefore, a certain volume of inert gas is 
enclosed in a bulb, capillary, and Bourdon tube, 
and most of the gas is in the bulb, then the 
pressure as indicated by the Bourdon tube may 
be calibrated in terms of the temperature of the 
bulb. This is the principle of the gas-filled therm- 
ometer. 

Since the pressure of a gas maintained at con- 
stant volume increases by 1/273 of its pressure at 
0 °C for every degree rise in temperature, the scale 
will be linear provided the increase in volume of 
the Bourdon tube, as it uncurls, can be neglected 
in comparison with the total volume of gas. 

An advantage of the gas-filled thermometer is 
that the gas in the bulb has a lower thermal 
capacity than a similar quantity of liquid, so that 
the response of the thermometer to temperature 
changes will be more rapid than that for a liquid- 
filled sysiem with a bulb of the same size and 
shape. 

The coefficient of cubical expansion of a gas is 
many times larger than that of a liquid or solid 
(air, 0.0037; mercury, 0.00018; stainless steel, 
0.00003). It would therefore appear at first sight 
that the bulb for a gas-filled system would be 
smaller than that for a liquid-filled system. The 
bulb must, however, have a cubical capacity 
many times larger than that of the capillary tube 



and Bourdon tube, if the effects of ambient tem- 
perature changes upon the system are to be neg- 
ligible. 

It is extremely difficult to get accurate ambient 
temperature compensation in any other way. The 
change in dimensions of the capillary tube due to 
a temperature change is negligible in comparison 
with the expansion of the gas. Introducing an 
Invar wire into the capillary bore would not be 
a solution to the problem, because the wire would 
occupy such a large proportion of the bore that 
extremely small variations in the dimensions of 
the bore or wire would be serious. 

Further facts about gas expansion therm- 
ometers will be found in Table 14.11, in which 
certain forms of dial thermometers are compared. 



14.3.4 Vapor pressure thermometers 

If a thermometer system similar to that described 
for gas expansion thermometers is arranged so 
that the system contains both liquid and vapor 
and the interface between liquid and vapor is in 
the bulb, that is. at the temperature whose value 
is required, then the vapor pressure as measured 
by the Bourdon tube will give an indication of the 
temperature. This indication will be completely 
independent of the volume of the bulb, the capil- 
lary, and the Bourdon tube and therefore inde- 
pendent of expansion due to ambient temperature 
changes. 

The saturated vapor pressure of a liquid is not 
linear with temperature. Figure 14.10 shows the 
temperature-vapor pressure relationship for a 
typical liquid. The form of the vapor pressure 
graphs for other volatile liquids is of a similar 
form. It will be seen that pressure versus tempera- 
ture is non-linear. A thermometer based on vapor 
pressure will have a scale on which the size of the 
divisions increases with increasing temperature. 
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Table 14.11 Comparison of three types of dial thermometers 





Liquid-in-metal 


Gas expansion 
{constant volume ) 


Vapor pressure 


Scale 


Evenly divided. 


Evenly divided. 


Not evenly divided. Divisions 
increase in size as the 
temperature increases. Filling 
liquid chosen to given reason- 
ably uniform scale in the 
neighborhood of the operating 
temperatures. 


Range 


Wide range is possible 
with a single filling 
liquid, particularly 
with mercury. By 
choice of suitable 
filling liquid, 
temperatures may 
be measured 
between -200°C 
and 570 °C f 
but not with a single 
instrument. 


Usually has a range 
of at least 

50 C C between — 130 D C 
and 540 C C. Can be 
used for a lower 
temperature than 
mercury in steel. 


Limited for a particular filling 
liquid, but with the choice of a 
suitable liquid almost any tem- 
perature between — 50°C and 
320 C C may be measured. 
Instrument is not usually 
suitable for measuring 
temperatures near ambient 
temperatures owing to the lag 
introduced when bulb 
temperature crosses 
ambient temperature. 


Power available to 


Ample power is 


Power available is 


Power available is very much 


operate the 


available so that the 


very much less than 


less than that from liquid 


indicator 


Bourdan tube may be 
made robust and arranged 
to give good pointer 
control. 


that from liquid 
expansion. 


expansion. 


Effect of difference 


When the system is 


No head error, as the 


Head error is not negligible, as 


in level of bulb and 


filled with a liquid 


pressure due to difference 


the pressure in the system is 


Bourdon tube 


at high pressure, 
errors due to 
difference of level 
between bulb and 
indicator will be 
small. If the difference 
in level is very large, 
a correction may be 
made. 


in level is negligible in 
comparison with 
the total pressure in the 
system. 


not large. Error may be 
corrected over a limited range 
of temperature if the ratio 
pressure to deflection of the 
pointer can be considered 
constant over that range. In 
this case the error is corrected 
by resetting the pointer. 


Effect of changes 
in barometric 
pressure 


Negligible. 


May produce a large error. 
Error due to using the 
instrument at a different 
altitude from that at 
which it was calibrated 
may be corrected by 
adjusting the zero. 
Day-to-day variations 
in barometric pressure 
may be corrected for 
in the same way. 


Error may be large, but may 
be corrected by resetting the 
pointer as for head error, Day- 
to-day errors due to variation 
in barometric pressure may be 
corrected by zero adjustment. 


Capillary error 


Compensation for change in 
ambient temperature 


Difficult to eliminate. 


No capillary error. 


Changes in 


Compensation obtained by 


Compensation obtained by 


Errors due to changes in the 


temperature at the 
indicator 


means of a bimetallic strip. 


means of bimetallic strip. 


elasticity of the Bourdon tube 
arc compensated for by means 
of a bimetallic strip. 


Accuracy 


± 5 % of range to 320 °C 
±% of range above 320 °C. 


± 1 % of differential rage of 
the instrument if the 
temperature of the capillary 
and Bourdon tube does not 
vary too much. 


± 1 % of differential range even 
with wide temperature 
variation of the capillary and 
Bourdon tube. 
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The realization of a vapor instrument is essen- 
tially the same as a gas-filled instrument except 
that in the latter the whole instrument is filled 
with a permanent gas while in the former the bulb 
is filled partly with liquid and partly with the 
vapor of the liquid. This arrangement is shown 
diagrammatically in Figure 14.1 1(a). 

Many liquids are used for vapor-pressure-actu- 
ated thermometers. The liquid is chosen so as to 
give the required temperature range, and so that 
the usual operating temperature comes within the 
widely spaced graduations of the instrument. In 
some forms of the instrument, a system of levers 
is arranged to give a linear portion to the scale 
over a limited portion of its range. By suitable 
choice of filling liquid, a wide variety of ranges is 
available, but the range for any particular filling 
liquid is limited. The choice of material for bulb 
construction is also very wide. Metals-such as 
copper, steel. Monel metal, tantalum-may be 
used. Table 14.10 shows a number of liquids 
commonly used for vapor-pressure thermometers 
together with their useful operating ranges. 

In the instrument, show'll diagrammatically in 
Figure 14.11(a), a quantity of liquid partially 
fills the bulb. The surface of the liquid in the 
bulb should be at the temperature w'hich is being 
measured. The method by which the vapor 
pressure developed in the bulb is transmitted to 
the Bourdon tube will depend upon whether the 
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rrrj Vapor from 
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Figure 14.11 Vapor pressure thermometer. 
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temperature of the capillary tube and Bourdon 
tube is above or below that of the bulb. 

If the ambient temperature of the capillary and 
Bourdon tube is above that of the bulb, then they 
will be full of vapor, which will transmit the 
vapor pressure, as shown in Figure 14.11(a). 
When the ambient temperature increases, it will 
cause the vapor in the capillary and Bourdon 
tube to increase in pressure temporarily, but this 
will cause vapor in the bulb to condense until the 
pressure is restored to the saturated vapor pres- 
sure of liquid at the temperature of the bulb. 

Vapor pressure instruments are not usually 
satisfactory when the temperature being mea- 
sured at the bulb is near the ambient temperature 
of the capillary and the Bourdon tube. In particu- 
lar, significant measurement delays occur as the 
measured temperature crosses the ambient tem- 
perature. These delays are caused by the liquid 
distilling into or out of the gauge and capillary. 
Figure 14.11(b). 

If there is a significant level difference between 
the bulb and the gauge, an error will be produced 
when liquid distills into the capillary due to the 
pressure head from the column of liquid. 

When rapid temperature changes of the bulb 
occur passing through ambient temperature the 
movement of the instrument pointer may be quite 
erratic due to the formation of bubbles in the 
capillary. 

In order to overcome the defects brought 
about by distillation of the liquid into, and 
out of, the capillary and Bourdon tubes, these 
tubes may be completely filled with a non- 
vaporizing liquid which serves to transmit the 
pressure of the saturated vapor from the bulb 
to the measuring system. To prevent the non- 
vaporizing liquid from draining out of the 
capillary tube, it is extended well down into 
the bulb, as shown in Figure 14.11(c), and the 
bulb contains a small quantity of the non- 
vaporizing fluid. The non-vaporizing fluid will 
still tend to leave the capillary tube unless the 
bulb is kept upright. 

Vapor pressure thermometers are very widely 
used because they are less expensive then liquid- 
and gas-filled instruments. They also have an 
advantage in that the bulb can be smaller than 
for the other types. 



The range of an instrument using a particular 
liquid is limited by the fact that the maximum 
temperature for which it can be used must be well 
below the critical temperature for that liquid. The 
range is further limited by the lion-linear nature 
of the scale. 

In Table 14.11 the three types of fluid- 
filled thermometers are compared. 

14.3.5 Solid expansion 

Thermal expansion of solids, usually metals, forms 
the basis of a wide range of inexpensive indicating 
and control devices. These devices are not particu- 
larly accurate; typically errors of as much as ±5° 
or more may be expected, but due to their low cost 
they find wide application, especially in consumer 
equipment. As indicated earlier in this section this 
technique is also used to provide temperature 
compensation in many instruments. 

The temperature-sensitive elements using solid 
expansion fall into two groups: rod sensing 
probes and bimetal strips. 

There are so many applications that only one 
or two examples will be given to illustrate the 
techniques. 

1 4. 3. 5. 1 Rod sensing probes 

The widest application of this technique is for 
immersion thermostats for use in hot water tem- 
perature control. Figure 14.12 shows diagramma- 
tically the operation of an immersion thermostat. 
The microswitch is operated by the thermal expan- 
sion of the brass tube. The reference length is 
provided by a rod of low thermal expansion such 
as Invar. These thermostats, thought not particu- 
larly accurate and having a switching differential 
of several degrees Celsius, provide a very rugged 
and reliable control system for a non-critical 
application such as domestic hot water control. 

Figure 14.13 shows another rod application. In 
this case to achieve greater sensitivity the expand- 
ing component is coiled. 

14.3.5.2 Bimetal strip thermometer 

Bimetal strips are fabricated from two strips of 
different metals with different coefficients of ther- 
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action 

switch 



Figure 14.12 Rod thermostat. 
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mal expansion bonded together to form, in the 
simplest case, a cantilever. Typical metals are 
brass and Invar. Figure 14.14 illustrates this prin- 
ciple. As the temperature rises the brass side of 
the strip expands more than the Invar side, result- 
ing in the strip curling, in this case upwards. 

In this “straight” form a bimetal strip can form 
part of a micro-switch mechanism thus forming a 
temperature-sensitive switch or thermostat. 

To construct a thermometer the bimetal ele- 
ment is coiled into spiral or helix. Figure 14.15 
shows a typical coiled thermometer element. 

A long bimetal strip, consisting of an Invar 
strip welded to a higher expansion nickel-molyb- 
denum alloy wound around without a break into 
several compensated helices, arranged coaxially 
one within the other, forms the temperature-sen- 
sitive element of an instrument which may be 
designed to measure temperature. This method 
of winding the strip enables a length, sufficient 
to produce an appreciable movement of the free 
end, to be concentrated within a small space. It 



also makes it possible to keep the thermal cap- 
acity of the element and its stem at a low value, so 
the instrument will respond rapidly to small tem- 
perature changes. 

The helices in the winding are so 
compensated that any tendency towards lateral 
displacement of the spindle in one helix is 
counteracted by an opposite tendency on the 
path of one or more of the other helices. 
Thus, the spindle of the instrument is fully 
floating, retaining its position at the center of 
the scale without the help of bearings. The 
instrument is, therefore, not injured by mechan- 
ical shocks which would damage jeweled 
bearings. 

This particular design also results in the angu- 
lar rotation of the spindle being proportional to 
the change in temperature for a considerable tem- 
perature range. The instrument has a linear tem- 
perature scale, and can be made to register 
temperatures up to 300 °C to within ±1 percent 
of the scale range. 
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Figure 14.15 Helical bimetal strip, 

Due to its robust construction, this instrument 
is used on many industrial plants, and a slightly 
modified form is used in many homes and offices 
to indicate room temperature. It can be made for 
a large variety of temperature ranges and is used 
in many places where the more fragile mcrcury- 
in-glass thermometer was formerly used. 



14.4 Measurement techniques: 
electrical 

14.4.1 Resistance thermometers 

All metals are electrical conductors which at all 
but very low temperatures offer resistance to the 
passage of electric current. The electrical resistance 
exhibited by a conductor is measured in ohms. The 
proportional relationship of electrical current and 
potential difference is given by Ohm’s law: 

R = E/I (14.10) 

where R is resistance in ohms, E is potential 
difference in volts, and / is current in amperes. 
Different metals show widely different resist- 
ivities. The resistance of a conductor is propor- 
tional to its length and inversely proportional to 
its cross-scctional area, i.c.. 

R = A ( 14 . 11 ) 

A 

or 

P=Rf ( 14 . 12 ) 

where R is resistance of the conductor, p is resist- 
ivity of the material, L is length of the conductor, 
and A is cross-sectional area of the conductor. 
The units of resistivity are ohms ■ meter. 



The resistivity of a conductor is temperature- 
dependent. The temperature coefficient of resist- 
ivity is positive for metals, that is, the resistance 
increases with temperature, and for semiconductors 
the temperature coefficient is negative. As a general 
guide at normal ambient temperatures the coeffi- 
cient of resistivity of most elemental metals lies in 
the region of 0.35 percent to 0.7 percent per ° C. 

Table 14.12 shows the resistivity and tempera- 
ture coefficients for a number of common metals: 
both elements and alloys. 

The metals most used for resistance measure- 
ment are platinum, nickel, and copper. These 
metals have the advantage that they can be manu- 
factured to a high degree of purity and conse- 
quently they can be made with very high 
reproductibility of resistance characteristics. 
Copper has the disadvantage of a low resistivity 
resulting in inconveniently large sensing elements 
and has the further disadvantage of poor resist- 
ance to corrosion resulting in instability of elec- 
trical characteristics. The main area of application 
of copper for resistance thermometers is in elec- 
tronic instrumentation where it is in a controlled 
environment and where an essentially linear tem- 
perature characteristic is required. 

14.4AA Platinum resistance thermometers 

Platinum is the standard material used in the 
resistance thermometer which defines the Inter- 
national Practical Temperature Scale, not 
because it has a particularly high coefficient of 
resistivity, but because of its stability in use. In 
fact, a high coefficient is not, in general, necessary 



Table 14.12 Resistivities of different metals 



Metal 


Resistivity 
at 20 C ' 
microhms, 
meter 


Temperature 
coefficient of 
resistivity 
( C ') ' 


Aluminum 


282.4 


0.0039 


Brass (yellow) 


700 


0.002 


Constantan 


4900 


io- * 


Copper (annealed) 


172.4 


0.00393 


Gold 


244 


0.0034 


Iron (99.98%) 


1000 


0.005 


Mercury 


9578 


0.00087 


Niehrome 


10 000 


0.0004 


Nickel 


780 


0.0066 


Platinum (99.85%) 


11 060 


0.003 927 


Silver 


159 


0.0038 


Tungsten 


560 


0.0045 


1. Resistivities of metals 


dependent on the 


purity or exact 


eomposition of alloys. Some of the above 


figures represent 



average values. 

2, Temperature coefficients of resistivity vary slightly with 
temperature, t he above values are for 20 C. 
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for a resistance thermometer material as resist- 
ance values can be determined with a high degree 
of accuracy using suitable equipment and taking 
adequate precautions. 

Platinum, having the highest possible coefficient 
of resistivity, is considered the best material for the 
construction of thermometers. A high value of this 
coefficient is an indication that the platinum is of 
high purity. The presence of impurities in resist- 
ance thermometer material is undesirable, as diffu- 
sion, segregation, and evaporation may occur in 
service, resulting in a lack of stability of the thermo- 
meter. The temperature coefficient of resistivity 
is also sensitive to internal strains so that it is 
essential that the platinum should be annealed at 
a temperature higher than the maximum tempera- 
ture of service. The combination of purity and 
adequate annealing is shown by a high value of 
the ratio of the resistances at the steam and ice 
points. To comply with the requirements of the 
International Practical Temperature Scale of 
1968 this ratio must exceed 1.39250. 

It is essential that the platinum element is 
mounted in such a way that it is not subject to 
stress in service. 

Platinum is used for resistance thermometry in 
industry for temperatures up to 800 °C. It does not 
oxidize, but must be protected from contamin- 
ation. The commonest cause of contamination of 
platinum resistance thermometers is contact with 
silica, or silica-bearing refractories, in a reducing 
atmosphere. In the presence of a reducing atmos- 
phere, silica is reduced to silicon, which alloys with 
platinum, making it brittle. Platinum resistance 
thermometers may be used for temperatures down 
to about 20 K. 

For measuring temperatures between 1 K and 
40 K doped germanium sensors are usually used, 
while carbon resistors are used between 0. 1 K and 
20 K. About 20 K platinum has a greater tem- 
perature coefficient of resistivity and has a greater 
stability. Between 0.35 K and 40 K a resistance 
thermometer material (0.5 atomic % iron-rhodium) 
is also used. 



Temperature! resistance relationship of resistance 
thermometers BS 1904: 1984 and its internation- 
ally harmonized equivalent standard IEC 751: 
1983 specify the resistance versus temperature 
characteristics of industrial platinum resistance 
thermometers. The standard provides tables of 
resistance against temperature for 100H resist- 
ance thermometers over the temperature range 
-200 °C to 850 °C. Two grades of thermometer 
are specified. The equations are provided from 
which the tables are derived. 

Between — 200 °C and 0°C the resistance of the 
thermometer, R f , is given by: 



R i 


— R 0 [ 1 + At + 


Bt 2 + C{i - 


100) ■ 


< 3 ] 










(14.13) 


and for the range 0°C 


to 850 °C: 






Ri 


— R 0 ( 1 + At + 


Bt 1 ) 




(14.14) 


where 


A = 3.908 02 x 


io- 3o c-‘, 


B = 


-5.802x 



10- 7 °C“ 2 , and C = -4.273 50 x 10“ 12 °C" 4 . 

The temperature coefficient is given by: 

a = f = 0 003 850°C _I 
100 x R Q 

As indicated by equations (14.14) and (14.15), the 
value of a is not constant over the temperature 
range. Figure 14.16 shows the tolerances, in ohms 
and degrees Celsius, over the specified tempera- 
ture range. (Figure 14.16 is based on Figure 2 of 
BS 104: 1984 and is reproduced with the permis- 
sion of the BSI. Complete copies of the standard 
may be obtained by post from BSI Sales, Linford 
Wood, Milton Keynes, MK14 6LE, UK.) For 
industrial applications class B thermometer sensors 
are normally used. Class A sensors are available for 
greater precision, but they are specified over a 
more restricted temperature range. Although the 
standard specifies the temperature range down to 
— 200 °C (73 K), class A sensors may be used for 
temperatures down to 15K, Resistance therm- 
ometers are calibrated to IPTS-6S which is 
normally done by comparison with a standardized 
resistance thermometer. For industrial use, most 
thermometers are made to be 100 Q at 0 3 C, 
but 10n thermometers are manufactured where 
particularly robust sensors are required. A wide 
range of sensor designs is available, the form used 
depending upon the duty and the speed of 
response required. Some typical forms of con- 
struction are illustrated in Figure 14.17. Figure 
14.17(a) shows a high-temperature form in which 
the spiral platinum coil is bonded at one edge of 
each turn with high-temperature glass inside 
cylindrical holes in a ceramic rod. In the high 
accuracy type, used mainly for laboratory work, 
the coil is not secured at each turn but is left free 
to ensure a completely strain-free mounting, 
Figure 14.17(b). Where a robust form, suitable 
for use in aircraft and missiles or any severe 
vibration condition is required, the ceramic is in 
solid rod form and the bifilar wound platinum 
coil is sealed to the rod by a glass coating as 
shown in Figurel4.17(c). Where the sensor is 
intended for use for measuring surface tempera- 
tures, the form shown in Figure 14.17(d) is used. 
In all forms, the ceramic formers are virtually 
silica-free and the resistance element is sealed in 
with high temperature glass to form an imper- 
vious sheath which is unaffected by most gases 
and hydrocarbons. The external leads, which are 
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Figure 14.1 6 BS1904: 1984 specification for tolerances for 100 ft platinum resistance thermometers. Reproduced by 

permission of BSI; see text. 



silver or platinum of a diameter much larger than 
the wire of the resistance element, are welded to 
the fine platinum wire wholly inside the glass seal. 

The inductance and capacitance of elements are 
made as low as possible in order to allow their use 
with a.c. measuring instruments. Typically the 
elements shown will have self-inductance of 2 //FI 
per 100 and the element self-capacitance will not 
exceed 5 pF. The current passed through a resist- 
ance thermometer to measure the resistance must 
be limited to minimize errors by self-heating of the 
resistance element. Typical maximum acceptable 
current is 10 mA Tor a 100H thermometer. 

The rate of response of a resistance thermometer 
is a function of its construction and encapsulation. 
A heavy industrial type may have a response of one 
or two minutes when plunged into water while a 
naked type, like that shown in Figure 14.17(e), will 
be only a few milliseconds under the same condi- 
tions. Figure 14.17(f) shows the cross-section of a 
resistance thermometer encapsulated in a metal 
tube. Figure 14.18 shows a range of typical indus- 
trial resistance thermometers. 

A more recent development of resistance therm- 
ometers has been the replacement of the wire- 



wound element of the conventional resistance 
thermometer by a metallized film track laid down 
on a glass or ceramic substrate. These thermometer 
elements are made by similar techniques to those 
used for making hybrid integrated electronic 
circuits. After the laying down of the metallized 
film the film is trimmed by a laser to achieve the 
required parameters. These metal film devices can 
be very robust and can be manufactured to a high 
degree of accuracy. 

14.4.1.2 Nickel resistance thermometers 

Nickel forms an inexpensive alternative to plati- 
num for resistance thermometers. The usable 
range is restricted to -200 °C to +350 °C. But 
the temperature coefficient of resistivity of nickel 
is 50 percent higher than that of platinum which 
is an advantage in some instruments. Nickel resist- 
ance thermometers find wide use in water-heating 
and air-conditioning systems. 

As mentioned above, the current through a 
resistance thermometer sensor must be kept low 
enough to limit self-heating. However, in some 
applications, such as flowmeters, anemometers, 
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Figure 14.17 Construction of resistance thermometers. Courtesy Fisher-Rosemount Inc, 



and psych rometers, the self-healing effect is used, 
the final temperature of the sensor being a func- 
tion of the flow rate of the process fluid or air. See 
also Chapter 1 . 

14.4.1.3 Resistance thermometer connections 

When resistance thermometers are located at 
some distance from the measuring instrument 
the electrical resistance of the connecting cables 
will introduce errors of reading. This reading 
error will, of course, vary as the temperature of 
the cables changes. However, this error can be 
compensated by the use of extra conductors. 
Since normally, the change of resistance of a 
resistance thermometer is measured in a Wheat- 
stone bridge circuit or a modified Wheatstone 
bridge, the compensating conductors can be con- 
nected in the opposite side of the bridge. In this 



way bridge unbalance is only a function of the 
change of resistance of the thermometer element. 
Figure 14.19(a) shows three-wire compensation. 
The resistance of wire 1 is added to that of the 
resistance thermometer but is balanced by wire 2 
in the reference side of the bridge. Wire 3 supplies 
the power to the bridge. In Figure 14.19(b) four- 
ware compensation is shown. The resistance of 
wires 1 and 2, which connect to the resistance 
thermometer, are compensated by the resistance 
of wires 3 and 4, which are connected together at 
the resistance thermometer and are again in the 
opposite arm of the bridge. A Kelvin double 
bridge is illustrated in Figure 14.19(c). Resistors 
R1 and R3 set up a constant current through the 
resistance thermometer. Resistors R2 and R4 set 
up a constant current in the reference resistor R5 
such that the voltage Kr is equal to the voltage V t 
across the resistance thermometer when it is at 
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Figure 14.18 Typical industrial resistance thermometers. Courtesy ABB Instrument Group. 



O'C. At any other temperature V x ~ l x R { and the 
meter will indicate the difference between V x and 
\\ which will be proportional to the tempera- 
ture. The indicator must have a very high resist- 
ance so that the current in conductors 1 and 2 is 
essentially zero. Sec Part 3. 

14.4.2 Thermistors 

14.4.2 . / Negative temperature eoejfieient 
thermistors 

An alternative to platinum or nickel for resistance 
thermometer sensing elements is a semiconductor 
composed of mixed metal oxides. The compos- 
ition of these materials depends on the particular 
properties required. Combinations of two or 
more of the following oxides arc used: cobalt, 
copper, iron, magnesium, manganese, nickel, 
tin, titanium, vanadium, and zinc. Devices made 
of these materials arc called thermistors. They 



consist of a piece of the semiconductor to which 
two connecting wires are attached at opposite 
sides or ends. Thermistors have a negative tem- 
perature coefficient; that is, as the temperature 
rises the electrical resistance of the device falls. 
This variation of resistance with temperature is 
much higher than in the case of metals. Typical 
resistance values arc 1 0 kl > at 0°C and 200 il 
at 100 °C. This very high sensitivity allows 
measurement or control to a very high resolution 
of temperature differences. The accuracy is not as 
good as for a metallic resistance thermometer 
owing to the difficulty in controlling the 
composition of the thermistor material during 
manufacture. The resolution differs across the 
usable span of the devices due to their non-line- 
arity. With the right choice of device char- 
acteristics it is nevertheless possible to control 
a temperature to within very close limits: 0.001 
degree Celsius temperature change is detectable. 



Measurement techniques: electrical 261 




<b) 




Figure 14.19 Connections for compensation of resistance thermometer leads. 



The total range that can be measured with 
thermistors is from -100°C to +300 °C. How- 
ever. the span cannot be covered by one thermis- 
tor type; four or five types are needed. 

The physical construction of thermistors covers 
a wide range. The smallest are encapsulated in 
glass or epoxy beads of 1-2.5 mm diameter; bigger 
ones come as discs 5-25 mm diameter or rods 
1-6 mm diameter and up to 50 mm length. The 
bigger devices are able to pass quite high currents 
and so operate control equipment directly with- 
out need of amplifiers. Thermistors are also avail- 



able in metal encapsulations like those used for 
platinum resistance thermometers. 

The big disadvantage of thermistors is that 
their characteristics are non-linear. The tempera- 
ture coefficient of resistivity a at any temperature 
within the range of a sensor is given by: 

a = —B/T 2 (14.15) 

where B is the characteristic temperature constant 
for that thermistor and T is temperature in Kel- 
vin. The units of a are ohms ■ K -1 . 
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Most thermistors have a specified resistance at 
20 °C or 25 °C. To determine the resistance at any 
other temperature equation (14.16) is used: 

R 2 = R\ exp ^ (14.16) 

where Ri is resistance of thermistor at tempera- 
ture /i(°C) and R 2 is resistance of thermistor at 
temperature / 2 (°C). 

Thermistors are available described as curve- 
matched. These devices are manufactured to 
fine tolerances and are interchangeable with an 
error of less than ±0.2 percent. However, they 
are expensive and are only available in a limited 
range of formats. 

In general most thermistors are manufactured 
with tolerances of 10 to 20 percent. Instrumenta- 
tion for use with these devices must have provi- 
sion for trimming out the error. Thermistors do 
not have the stability of platinum resistance therm- 
ometers. Their characteristics tend to drift with 
time. Drifts of up to 0.1 °C or more can be 
expected from some types over a period of some 
months. 

14.4.2.2 Positive temperature coefficient 
thermistors 

Positive temperature coefficient (PTC) thermis- 
tors are manufactured from compounds of bar- 
ium, lead, and strontium titanates. PTC 
thermistors are primarily designed for the protec- 
tion of wound equipment such as transformers 
and motors. The characteristics of these devices 
have the general shape shown in Figure 14.20. 
The resistance of PTC thermistors is low and 
relatively constant with temperature at low tem- 
perature. At temperature 7 r the increase of resist- 
ance with temperature becomes very rapid. 7 r is 
the reference or switching temperature. 

In use, PTC thermistors are embedded in the 
windings of the equipment to be protected. They 
are connected in series with the coil of the equip- 
ment contractor or protection relay. If the tem- 
perature of the windings exceeds temperature Tr 
the current becomes so small that power is dis- 
connected from the equipment. 

14.4.3 Semiconductor temperature measurement 

14.4.3.1 Silicon junction diode 

Figure 14.21 shows the forward bias characteristic 
of a silicon diode. At voltages below Vf, the for- 
ward conduction voltage, virtually no current 
flows. Above Vf the diode passes current. The 
voltage Vp is the energy required by current car- 
riers, either electrons or holes, to cross the junction 
energy band gap. The value of V F varies between 
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Figure 14.20 Resistance temperature characteristic for 
PTC thermistor. 
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Figure 14.21 Forward bias characteristic of silicon 
diode. 



diode types, but is typically 500-700 mV at 20 °C. 
The voltage Vf has a temperature coefficient which 
is essentially the same for all silicon devices 
of —2 mV per degree Celsius. The forward voltage 
against temperature characteristic is linear over 
the temperature range of 50 °C to ±150°C. This 
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Figure 14. 22 Temperature characteristic of silicon diode. 



It can be seen that V t is directly proportional to 
temperature in Kelvins. The voltage is converted 
to a temperature-dependent current / t by low 
temperature coefficient thin film resistors R5 and 
R6. These resistors are laser-trimmed to give the 
required tolerance at 25 °C. Transistors Q s and 
Qn provide the temperature-dependent voltage 
V t . The remaining transistors provide the amplifi- 
cation to give the output current of one micro- 
ampere per Kelvin. The transistor Q l0 supplies 
the bias and substrate leakage currents for the 
circuit. The device is packaged in a transistor can 
or ceramic capsule or it can be supplied as the 
naked chip for encapsulation into other equipment. 

14.5 Measurement techniques: 
thermocouples 



voltage change with temperature is substantial and 
as the characteristic is linear it makes a very useful 
measurement or control signal. There are two 
principal disadvantages to silicon diodes as control 
elements. The negative coefficient (Figure 14.22) is 
not fail-safe. If the control loop is controlling a 
heater, breakage of the diode wires would be read 
by the controller as low temperature and full 
power would be applied to the heaters. The second 
disadvantage is the rather limited temperature 
range. Also if a silicon diode is heated above about 
200 G C it is completely destroyed, effectively 
becoming a short circuit. 



14. 4. 3. 2 Temperature-sensing in tegrated circuits 

The temperature characteristic of a silicon junc- 
tion can be improved if the measuring diode is 
incorporated in an integrated circuit containing 
an amplifier. Devices are available either to pro- 
vide an output current proportional to tempera- 
ture or an output voltage proportional to 
temperature. Figure 14.23(a) shows the basis of 
such a device. Figure 14.23(b) shows the circuit of 
the Analog Devices temperature sensor type AD 
590. The operating range of this device is -55 °C 
to + I50°C. The temperature is sensed by the 
emitter-base junctions of two transistors. If two 
identical transistors are operated at a constant 
ratio r of collector current densities then the dif- 
ference in V x in their base emitter voltages is given 
by equation (14.17). 

K t =— In r (14.17) 

<7 

where K is Boltzmann’s constant (1.380 66 x 
10“ 23 7 ■ K~ l ), q is the electron charge (1.602 19 x 
10“ 19 coulomb) and T is temperature in Kelvins. 



14.5.1 Thermoelectric effects 

If an electrical circuit consists of entirely metallic 
conductors and all parts of the circuit are at the 
same temperature, there will be no electromotive 
force in the circuit and therefore no current flows. 
However, if the circuit consists of more than one 
metal and if junctions between two metals are at 
different temperatures, then there will be an e.m.f. 
in the circuit and a current will flow. Figure 14.24 
illustrates this effect. The e.m.f. generated is 
called a thermoelectric e.m.f. and the heated junc- 
tion is a thermocouple. 

14.5.1.1 Seebeck effect 

In 1821 Seebeck discovered that if a closed circuit 
is formed of two metals, and the two junctions of 
the metals are at different temperatures, an elec- 
tric current will flow round the circuit. Suppose a 
circuit is formed by twisting or soldering together 
at their ends, as shown in Figure 14.25, wires of 
two different metals such as iron and copper. If 
one junction remains at room temperature, while 
the other is heated to a higher temperature, a 
current is produced, which flows from copper to 
iron at the hot junction, and from iron to copper 
at the cold one. 

Seebeck arranged a series of 35 metals in order of 
their thermoelectric properties. In a circuit made up 
of any two of the metals, the current flows across 
the hot junction from the earlier to the later metal 
of the series. A portion of his list is as follows: Bi- 
N i-Co-Pd-Pt-U-Cu-Mn-TKHg-Pb-Sn-Cr-M o- 
Rh-Ir-Au- Zn-W-Cd-F e-As- S b-Te . 

14.5.1.2 Peltier effect 

In 1834 Peltier discovered that when a current 
flows across the junction of two metals heat is 
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Figure14 24 Basic thermocouple circuit. 




Figure14.25 Simple thermocouple. 



absorbed at the junction when the current flows 
in one direction and liberated if the current is 
reversed. Meat is absorbed when a current flows 
across an iron-copper junction from copper to 
iron, and liberated when the current flows from 
iron to copper. This heating effect should not be 
confused with the Joule heating effect, which 



being proportional to I 2 R , depends only upon 
the size of the current and the resistance of the 
conductor and does not change to a cooling effect 
when the current is reversed. The amount of heat 
liberated, or absorbed, is proportional to the 
quantity of electricity which crosses the junction, 
and the amount liberated, or absorbed, when unit 
current passes for a unit time is called the Peltier 
coefficient. 

As heat is liberated when a current does work 
in overcoming the e.m.f. at a junction, and is 
absorbed when the e.m.f. itself does work, the 
existence of the Peltier effect would lead one to 
believe that the junction of the metals is the seat 
of the e.m.f. produced in the Seebeck effect. It 
would appear that an e.m.f. exists across the 
junction of dissimilar metals, its direction being 
from copper to iron in the couple considered. The 
e.m.f. is a function of the conduction electron 
energies of the materials making up the junction. 
In the case of metals the energy difference is small 
and therefore the e.m.f. is small. In the case of 
semiconductors the electron energy difference 
may be much greater, resulting in a higher e.m.f. 
at the junction. The size of the e.m.f. depends not 
only on the materials making up the junction but 
also upon the temperature of the junction. When 
both junctions are at the same temperature, the 
e.m.f. at one junction is equal and opposite to 
that at the second junction, so that the resultant 
e.m.f. in the circuit is zero, If, however, one junc- 
tion is heated, the e.m.f. across the hot junction is 
greater than that across the cold junction, and 
there will be a resultant e.m.f. in the circuit which 
is responsible for the current: 

e.m.f. in the circuit = Pj — Pi 

where Pi is the Peltier e.m.f. at temperature T\, 
and P 2 is the Peltier e.m.f. at temperature 7? 
where T 2 > T\. Peltier cooling is used in instru- 
mentation where a small component is required 
to be cooled under precise control. Figure 14.26 
shows diagrammatically the construction of such 
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Figure14.26 Peltier cooler. 
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a cooler. The conductors and junctions have a big 
cross-section to minimize IR heating. The warmer 
face is clamped to a suitable heat sink while 
the cold face has the component to be cooled 
mounted in contact with it. Typical size lor such 
a unit is of the order of 5-25 mm. The conductors 
in Peltier coolers may be either metals or semi- 
conductors; in the latter case they are called Fri- 
gistors. 

14.5.1.3 Thomson effect 

Professor William Thomson (later Lord Kelvin) 
pointed out that if the reversible Peltier effect was 
the only source of e.m.f., it would follow that if 
one junction was maintained at a temperature 7\, 
and the temperature of the other raised to 7%, the 
available e.m.f. should be proportional to 
(T? — T\). This is not true. If the copper-iron 
thermocouple, already described, is used, it will 
be found that on heating one junction while the 
other is maintained at room temperature, the 
e.m.f. in the circuit increases at first, then 
diminishes, and passing through zero, actually 
becomes reversed. Thomson, therefore, con- 
cluded that in addition to the Peltier effects at 
the junctions there were reversible thermal effects 
produced when a current flows along an 
unequally heated conductor. In 1856, by a labori- 
ous series of experiments, he found that when a 
current of electricity flows along a copper wire 
whose temperature varies from point to point, 
heat is liberated at any point P when the current 
at P flows in the direction of the flow of heat at P, 
that is, when the current is flowing from a hot 
place to a cold place, while heat is absorbed at P 
when the current flows in the opposite direction. 
In iron, on the other hand, the heat is absorbed at 
P when the current flows in the direction of the 
flow of heat at P, while heat is liberated when the 
current flows in the opposite direction from the 
flow of heat. 

14.5.1.4 Thermoelectric diagram 

It will be seen that the Seebeck effect is a combi- 
nation of the Peltier and Thomson effects and will 
vary according to the difference of temperature 
between the two junctions, and with the metals 
chosen for the couple. The e.m.f. produced by 
any couple with the junctions at any two tem- 
peratures may be obtained from a thermoelectric 
diagram suggested by Professor Tait in 1871. On 
this diagram the thermoelectric line for any metal 
is a line such that the ordinate represents the 
thermoelectric power (defined as the rate of 
change of e.m.f. acting round a couple with the 
change of temperature of one junction) of that 
metal with a standard metal at a temperature 
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Figure 14.27 Thermoelectric diagram of two metals. 

represented by the abscissa. Lead is chosen as 
the standard metal as it does not show any mea- 
surable Thomson effect. The ordinate is taken as 
positive when, for a small difference of tempera- 
ture, the current flows from lead to the metal at 
the hot junction. If lines a and b (Figure 14.27) 
represent the thermoelectric lines for two metals 
A and B then the e.m.f. round the circuit formed 
by the two metals, when the temperature of the 
cold junction is t\ and that of the hot junction is 
t 2 , will be the difference in the areas of triangle 
A\B\D and A 2 B 2 D. Now the area of the triangle 
is 



AiBiD = 
and area 


{(AiB { x ED) 


(14.18) 


a 2 b 2 d = 


\(A 2 B 2 x FD) 


(14.19) 



The e.m.f. = {(Ai B ] x ED) ~[{A 2 B 2 x FD) 

(14.20) 

Since triangles A\B\D and A 2 B 2 D are similar 
triangles the sides A\B\ and A 2 B 2 are propor- 
tional to ED and FD respectively. 

Therefore: e.m.f. oc ED 2 - FD 2 
But: ED — t„ — 1 1 and FD = t n — t 2 

So: e.m.f. oc (/„ - t\) 2 — (t n — t 2 ) 2 

oc (/] - f 2 )((*i + t 2 )l(2) - t„) 

Or e.m.f. = K(t { - t 2 )(^ h ^ — - f„) (14.21) 

where K is a constant which together with l n must 
be obtained experimentally for any pair of metals. 
The temperature i n is called the neutral tempera- 
ture. Equation (14.21) shows that the e.m.f. in 
any couple is proportional to the difference of 
temperature of the junctions and also to the dif- 
ference between the neutral temperature and the 
average temperature of the junctions. The e.m.f. 
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is zero either if the two junctions are at the same 
temperature or if the average of the temperature 
of the two junctions is equal to the neutral tem- 
perature. Figure 14.28 shows the graph of the 
e.m.f. of a zinc-iron thermocouple with tempera- 
ture. 

14.5.1.5 Thermoelectric inversion 

This reversal of the thermoelectric e.m.f. is “ther- 
moelectric inversion.” 

Figure 14,29 shows the thermoelectric lines for 
several common materials. It will be seen that the 
lines for iron and copper cross at a temperature of 
275 3 C. If the temperature of the cold junction of 
iron and copper is below 270 °C and the tempera- 
ture of the other junction is raised, the thermo- 
electric e.m.f. of the circuit (represented by a 
trapezium) will increase until the temperature of 
the hot junction reaches 275 °C (when the e.m.f. is 




Figure 14.28 Temperature/e. m.f. curve for zinc/iron 
couple. 




Figure 14.29 Thermoelectric diagrams for several metals. 
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represented by a triangle). Further increase in the 
temperature of the hot junction will result in a 
decrease in the thermoelectric e.m.f. (the e.m.f. 
represented by the second triangle will be in the 
opposite sense). When the average temperature of 
the two junctions is 275 °C, or what comes to the 
same thing, the sum of the two temperatures is 
550 C C, the areas of the two triangles will be equal 
and there will be no thermoelectric e.m.f.: 275 °C 
is the ‘'neutral temperature” for the copper-iron 
couple. With circuits of other materials, the neu- 
tral point will occur at different temperatures. 
Further increase in the temperature of the hot 
junction will produce a thermoelectric e.m.f. in 
the opposite direction: from iron to copper at the 
hot junction, which will again increase with 
increasing temperature of the hot junction as 
was seen with zinc and iron in Figure 14.28. 

In choosing two materials to form a thermo- 
couple to measure a certain range of temperature, 
it is very important to choose two which have 
thermoelectric lines which do not cross within 
the temperature range, that is, the neutral tem- 
perature must not fall within the range of tem- 
perature to be measured. If the neutral 
temperature is within the temperature range, 
there is some ambiguity about the temperature 
indicated by a certain value of the thermoelectric 
e.m.f., for there will be two values of the tempera- 
ture of the hot junction for which the thermo- 
electric e.m.f. will be the same. For this reason 
tungsten-molybdenum thermocouples must not 
be used at temperatures below 1250 °C. 



junctions at temperatures q and t 2 the e.m.f. is 
not altered if one or both junctions are opened 
and one or more other metals are interposed 
between metals A and B, provided that all 
the junctions by which the single junction at tem- 
perature i\ may be replaced are kept at q, and all 
those by which the junction at temperature t 2 
may be replaced are kept at i 2 . 

This law has a very important bearing on the 
application of thermocouples to temperature mea- 
surement, for it means that, provided all the 
apparatus for measuring the thermoelectric 
e.m.f., connected in the circuit at the cold junc- 
tion, is kept at the same temperature, the presence 
of any number of junctions of different metals 
will not affect the total e.m.f. in the circuit. It also 
means that if another metal is introduced into the 
hot junction for calibration purposes it does not 
affect the thermoelectric e.m.f., provided it is all 
at the temperature of the hot junction. 

Law of intermediate temperatures The e.m.f. 
£i _3 of a thermocouple with junctions at tem- 
peratures /| and ly is the sum of the e.m.f.s of 
two couples of the same metals, one with junc- 
tions at temperatures t\ and t 2 (e.m.f. = E\_ 2 ), 
and the other with junctions at /? and 
1 3 (e.m.f. = E 2 _ 3 ), see Figure 14.30: 

E\~2 + El-} E \ -3 (14.22) 

This law is the basis upon which thermocouple 
measuring instruments can be manufactured. 



1 4.5. 1.6 Addition of thermoelectric e.m.f.s 

In measuring the e.m.f. in any circuit due to 
thermoelectric effects, it is usually necessary to 
insert some piece of apparatus, such as a milli- 
voltmeter, somewhere in the circuit, and since this 
generally involves the presence of junctions other 
than the two original junctions, it is important to 
formulate the laws according to which the e.m.f.s 
produced by additional junctions may be dealt 
with. These laws, discovered originally by experi- 
ment, have now been established theoretically. 

Law of intermediate metals In a thermoelectric 
circuit composed of two metals A and B with 



14.5. 1. 7 Cold junction compensation 

It is not normally practical in industrial applica- 
tions to have thermocouple cold junctions main- 
tained at 0 C C, but with the cold junctions at 
ambient temperature cold junction compensation 
is required. To achieve cold junction compensa- 
tion consider a thermocouple with its hot junction 
at /°C and its cold junction at ambient, its e.m.f. 
being The instrument must indicate an 

e.m.f. equivalent to having the cold junction at 
0°C, i.e., an e.m.f. of Eq- { . This requires that an 
e.m.f. must be added at to provide the 

required signal: 

Eo-i = E„ + E 0 -a (14.23) 
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Figure 14.30 Law of intermediate metals. 
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Figure 14.31 Bridge circuit to provide cold junction compensation. 



The voltage Eo- a is called the cold junction com- 
pensation voltage. 

This cold junction compensation e.m.f. can be 
provided automatically by the use of a tempera- 
ture-sensitive element such as a resistance therm- 
ometer, thermistor, or semiconductor sensor in 
the thermocouple circuit. Figure 14.31 shows 
such a circuit. In this circuit Ri,R 2 and R 3 are 
temperature-stable resistors and R t is a resistance 
thermometer. The bridge is balanced when all 
components are at 0 °C and the voltage appearing 
between points A and B is zero. As the tempera- 
ture changes from 0°C an e.m.f., which is the 
unbalance voltage of the bridge, exists across 
AB. This voltage is scaled by setting R 4 such that 
the voltage AB is equal to £b- ( r in equation 
(14.23). 

Mechanical cold junction compensation An alter- 
native cold junction compensation technique is 
used when a simple non-electronic thermometer 
is required. In this technique the thermocouple is 
connected directly to the terminals of a moving- 
coil galvanometer. A bimetal strip is connected 
mechanically to the mechanical zero adjustment 
of the instrument in such a way that the instru- 
ment zero is offset to indicate the ambient tem- 
perature. The e.m.f. E a - t is then sufficient to 
move the pointer upscale to indicate the true 
temperature of the thermocouple. 

14.5.1,8 Thermocouple circuit considerations 

Galvanometer instruments A thermocouple cir- 
cuit is like any other electrical circuit. There are 
one or more sources of e.m.f., which can be bat- 
teries, a generator, or in this case the hot and cold 
junctions. There is a load, the indicator, and there 
are electrical conductors, which have resistance, 
to connect the circuit together. The current in this 
circuit is, as always, governed by Ohm's law: 

/ = E/R (14.24) 



where 1 is the current, E is the e.m.f., and R is the 
total circuit resistance. 

In a practical thermocouple thermometer the 
resistance consists of the sum of the resistances 
of the thermocouple, the compensating cable (see 
Section 14.5.3.9), and the indicating instrument. 
Galvanometer-type thermocouple indicators with 
mechanical cold junction compensation, as 
described in the previous section, are designed 
either to be used with an external circuit of stated 
resistance (this resistance value is usually marked 
on the dial) or they have an internal adjustable 
resistor. In the latter case the resistance of the 
external circuit must not exceed a stated maxi- 
mum value, and the adjustable resistor is adjusted 
to give the specified total circuit value. Where no 
internal resistance adjustment is provided the 
instrument must be used together with an exter- 
nal ballast resistor; see Figure 14.32(a). This resis- 
tor must be mounted as near as possible to the 
indicating instrument to ensure its being at the 
same temperature as the cold junction compen- 
sating mechanism. The usual practice when 
installing one of these instruments is to wind the 
ballast resistor with constantan wire on a small 
bobbin. The length of constantan wire is chosen 
to make up the required total resistance. On some 
instruments the bobbin is made integral with one 
of the indicator terminals. Figure 14.32(b) shows 
the arrangement with the ballast resistor integral 
with the indicating instrument. 

Potentiometric instruments One way in which to 
circumvent the critical external resistor is to use a 
potentiometric indicating device. In a potentio- 
metric device the thermocouple e.m.f. is opposed 
by an equal and opposite potential from the 
potentiometer: there is then no current in the 
circuit and therefore the circuit resistance value 
is irrelevant. 

Potentiometric thermocouple indicators used 
to be quite common but are now not met so often. 
However, if the thermocouple indicator is, as it 
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Figure 14.32 Use of ballast resistor: (a) external to instrument, (b) adjustable ballast mounted inside instrument. 
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Figure 14.33 Cold junction compensation: (a) in conjunction with potent iometric indicating instrument, (b) alternative 
arrangement for cold junction compensation. 



frequently is, a strip chart recorder, it is almost 
certain to be a potentiometric instrument. Figure 
14.33(a) shows the potentiometric arrangement 
diagrammatically. 

Electronic instruments In modern electronic 
instruments for thermocouple indication, whether 
they be analog or digital devices, the input circuit 



'‘seen” by the thermocouple is a high impedance 
amplifier. Again, there is negligible current in the 
thermocouple circuit and as the resistance of the 
thermocouple circuit is of the order of 100 ohms 
while the amplifier input is likely to be a megohm 
or more, the effect of the external circuit resistance 
is negligible. Electronic instruments allow their 
designer much more versatility for cold junction 
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compensation. Instead of the bridge circuit of 
Figure 14.31 it is possible to arrange the cold 
junction correction after the input amplifier. This 
has the advantage that the voltage levels being 
worked with may be of the order of several volts 
amplitude instead of a few millivolts, making it 
easier to get a higher degree of accuracy for com- 
pensation. Figure 14.33(b) shows a block diagram 
of such an arrangement. Thermocouple input cir- 
cuits are available as encapsulated electronic 
modules. These modules contain input amplifier 
and cold junction compensation. Since the cold 
junction consists of the input connections of the 
module, the connections and the cold junction 
sensor can be accurately maintained at the same 
temperature by encapsulation, giving very accu- 
rate compensation. These modules can be very 
versatile. Many are available for use with any of 
the normal thermocouples. The cold junction 
compensation is set to the thermocouple in use by 
connecting a specified value resistor across two 
terminals of the module. Where the thermocouple 
instrument is based on a microcomputer the cold 
junction compensation can be done by software, 
the microcomputer being programd to add the 
compensation value to the thermocouple output. 
In all electronic equipment for thermocouple signal 
processing the location of the sensor for cold 
junction temperature sensing is critical. It must be 
very close to the cold junction terminals and pre- 
ferably in physical contact with them. 

14.5.2 Thermocouple materials 

Broadly, thermocouple materials divide into two 
arbitrary groups based upon cost of the mater- 
ials, namely, base metal thermocouples and pre- 
cious metal thermocouples. 

14.52.1 Base metal thermocouples 

The most commonly used industrial thermo- 
couples are identified for convenience by type 
letters. The main types, together with the relevant 
British Standard specification and permitted 
tolerance on accuracy, are shown in Table 
14.13. Also shown are their output e.m.f.s with 
the cold junction at 0°C. These figures are given 
to indicate the relative sensitivities of the var- 
ious couples. Full tables of voltages against hot 
junction temperatures are published in BS 4937. 
The standard also supplies the equations gov- 
erning the thermocouple e.m.f.s for convenience 
for computer programming purposes. These 
equations are essentially square law; however, 
provided a thermocouple is used at tempera- 
tures remote from the neutral temperature its 
characteristic is very nearly linear. Figure 14.34 
shows a plot of the characteristic for a type K 



thermocouple. It can be seen that for tempera- 
tures in the range -50 °C to 400 °C the character- 
istic is approximately linear. The commonly used 
base metal thermocouples are types E, J. K, and 
T. Of these J and K are probably the most usual 
ones. They have a high e.m.f. output, and type K 
is reasonably resistant to corrosion. Type T has a 
slight advantage, where the temperature measure- 
ment points are very remote from the instrumen- 
tation, that as one conductor is copper the overall 
resistance of the circuit can be lower than for 
other types. Type N is a newer thermocouple that 
can be used as an alternative to type K. Table 
14.14 shows some commercially available ther- 
mocouples which are not currently covered by 
British Standards. 

14.5.2.2 Precious metal thermocouples 

Thermocouples types B, R, and S clearly carry a 
considerable cost penalty and normally are only 
used when essential for their temperature range or 
their relatively high resistance to chemical attack. 
Their temperature top limit is 1500 °C for continu- 
ous use or 1650°C for intermittent, spot reading, 
applications. This compares with 1 100 C C continu- 
ous and 1300°C intermittent for type K. 

Errors in type R and S thermocouple readouts 
result from strain, contamination, and rhodium drift. 

The effect of strain is to reduce the e.m.f. 
resulting in low' readings. The effect of strain 
may be removed by annealing the thermocouple. 
Installations should be designed to minimize 
strain on the thermocouple wares. 

Contamination is by far the most common 
cause of thermocouple error and often results in 
ultimate mechanical failure of the wires. Elements 
such as Si, P, Pb, Zn, and Sn combine with plat- 
inum to form low melting point eutectics and 
cause rapid embrittlement and mechanical failure 
of the thermocouple wires. Elements such as Ni, 
Fe, Co, Cr, and Mn affect the e.m.f. output of the 
thermocouple to a greater or lesser degree, but 
contamination by these elements does not result 
in wire breakage and can only be detected by 
regular checking of the accuracy of the thermo- 
couple. Contamination can be avoided by careful 
handling of the thermocouple materials before 
use and by the use of efficient refractory sheath- 
ing. Care should be taken to prevent dirt, grease, 
oil, or soft solder coming into contact with the 
thermocouple wires before use. If the atmosphere 
surrounding the thermocouple sheath contains 
any metal vapor, the sheath must be impervious 
to such vapors. 

Rhodium drift occurs if a rhodium-platinum 
limb is maintained in air for long periods close to 
its upper temperature limit. Rhodium oxide will 
form and volatilize, and some of this oxide can 
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Table 14.13 Thermocouples to British Standards 



Type 


Conductors 

(positive conductor first) 


Manufactured to 
BS 4937 Part No. 


Temperature tolerance 
class 2 thermocouple 
BS 4937: Part 20: 1991 


Output for indicated 
temperature ( cold 
junction at 0°C) 


Service temperature 
{max. intermittent 
servicer ) 


B 


Platinum: 30% 
Rhoduim/platinum: 6% 
Rhodium 


Part 7: 1974 (1981) 


600-1700°C + 3°C 


1.241 mV at 500°C 


0-I500°C (1700 C C). 
Better life expectancy at 
high temperature than 
types R & S. 


E 


Nickel: chromium/ 
constantan (chromel/ 
constantan) (chromel/ 
advance) 


Part 6: 1974 (1981) 


-40 +333 °C ± 3 "C 
333-900 c C ± 0.75% 


6.3 17 mV at 100 °C 


-200 to +850 °C 
(1 100°C). Resistant to 
oxidizing atmospheres. 


J 


Iron/constantan 


Part 3: 1973 (1981) 


-40 to +333 °C ± 2.5°C 
300 - 750° C ± 0.75% 


5.268 mV at 100 C C 


-280 to +850X 
(1 I00°C). Low cost; 
suitable for general use. 


K 


Nickel: chromium/ 
nickel: aluminum 
(chromel/alumel) (C/A) 
(T1/T2) 


Part 4: 1973 (1981) 


-40 to +333 °C ± 2.5 °C 
333-1200 °C± 0.75% 


4.095 mV at 100 C 


-200 to +1100"C 
(1300 C C). Good 
general purpose. Best in 
oxidizing atmosphere. 


N 


Nickel: chromium: 
silicon/nickel: silicon: 
magnesium (nicrosil/ 
nisil) 


Part 8: 1986 


-40 to +333"C±2.5°C 
333- 1200 rj (||: 0.75% 


2.774 mV at 100°C 


0-1 100 °C (-270"C to 
+ 1300°C). Alternative 
to type K. 


R 


Platinum: 13% 
rhodium/platinum 


Part 2: 1973 (1981) 


0-600 °C± 1.5°C 
600-1 600°C ±0.25% 


4.471 mV at 500°C 


0-I500°C (1650 °C). 
High temperature. 
Corrosion resistant. 


S 


Platinum: 10% 
rhodium/platinum 


Part 1: 1973 (1981) 


0-600 3 C± 1.5°C 
600-1 600 °C ± 0.25% 


4.234 mV at 500 °C 


Type R is more stable 
than type S. 


T 


Coppcr/constantan 

(copper/advance) 

(Cu/Con) 


Part 5: 1974 (1981) 


-40 to +375 3 C ± 1 °C 


4.277 mV at I00°C 


-250 to 400 J C 
(500 C C). High 
resistance to corrosion 
by water. 



settle on, and react with, the platinum limb, causing 
a fall in e.m.f. output. This is a comparatively slow 
process and is therefore only of significance in 
installations where the maximum stability and 
repeatability are required. Type B thermocouples 
are less susceptible to rhodium drift than types R 
or S, but type B has a lower e.m.f. than R and S 
and is subject to higher errors. 

Noble metal thermocouples may also be used 
for measuring cryogenic temperatures. Iron- 
gold/nickel-chromium or iron-gold/silver (nor 
mal silver with 0.37 atomic percent gold) may 
be used for temperatures from 1 K to above 
300 K. 

Noble metal thermocouples are often used in 
the “metal-clad” form with magnesia or alumina 
powder as the insulant. This form of construction 
is described in Section 14.5.3.2. 

The following sheath materials are used: nickel, 
stainless steel, inconel in 1.6 and 3.2 mm sizes, 
and 5 percent rhodium-plated and 10 percent 
rhodium-platinum both in 1.0 mm sizes. For 
high-temperature work other special thermo- 
couples have been developed, tungsten 5 percent 
rhenium/tungsten 20 percent rhenium for use in 
hydrogen, vacuum, and inert gas atmospheres 
up to 2320 °C, and tungsten/molybdenum and 
tungsten/iridium for temperatures up to 2100 °C. 

There is quite a wide range of precious metal 
thermocouples available. Types B, R, and S are 



specified in BS 4937. These three are based only 
on platinum and rhodium. Gold, iridium, other 
“platinum metals,” and silver are also not uncom- 
monly used. Figure 14.35 shows the characteris- 
tics of some of the options available. 

14.5.3 Thermocouple construction 

Thermocouples, like resistance thermometers and 
other temperature sensors, are available in a wide 
range of mechanical constructions. 

14.5.3.1 Plain wire thermocouples 

For use in protected environments, such as for 
laboratory use or inside otherwise enclosed 
equipment, plain wire thermocouples can be used. 
They are also used in plants where the fastest 
possible response is required. However, they suffer 
from the obvious disadvantage that they are 
both fragile and liable to chemical attack. The 
wires are available insulated with PVC or glass 
fiber sleeving, or for use with higher temperatures, 
the wires can be insulated with refractory ceramic 
beads or sleeves. 

1 4. 5. 3. 2 Sheathed thermocouples 

Thermocouples for use in plant situations, where 
robust construction is required or where they 
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Table 14.14 Thermocouples commercially available but not covered by British Standards (composition and accuracy to be 
agreed with manufactuer). 



Type. 


Conductors 

(positive conductor first) 


Output for indicated 
temperature ( cold junct ion at 0°C) 


Service temperature 
(max. intermittent service) 


W 


Tungsten/tungsten: 26% 
rhenium 


34.1 mV at 2000 °C 


20-2300 C C (2600 °C) 


w 5 


Tungsten: 3% Rhenium/ 
tungsten: 26% rhenium 


32.404 mV at 2000 "C 




w 3 


Tungsten: 3% rhenium/ 
tungsten: 25% rhenium 
T ungs ten/molybdenum 
Rhodium: iridium/rhodium 
Iron/gold: nickel/chromium 
Iron: go 1 d/silver 


35.707 mV at 2000 3 C 
Typically 6.4 mV at 1200 C C 


(W 3 suitable for hydrogen 
atmosphere) 

1 to > 300 K 
1 to > 300 K 



need to be interchangeable with other types of 
temperature measurement equipment, are avail- 
able sheathed in steel or stainless steel designed 
for direct insertion into process vessels or for use 
in a thermometer pocket. Figures 14.36(a) and (b) 
show typical insertion probes. Where thermo- 
couples are to be immersed in very corrosive 
process fluids or into very high temperature 
locations they are available constructed in 
ceramic sheaths as in Figure 14.36(c). Sheathed 
thermocouples, especially the ceramic ones, suffer 
from a slow response lime, typically a minute 
or more. However, the locations where they 
are essential for their mechanical properties 
are usually in heavy plants where temperatures 
do not normally move fast in any case. 



14.5.3.3 Mineral-insula fed thermocouples 

Probably the most versatile format for thermo- 
couples is the mineral-insulated (MI) construc- 
tion. In this form the thermocouples are made 
from mineral-insulated cable similar in concept 
to the MI cable used for electrical wiring applica- 
tions. It differs, however, in that the conductors 
are of thermocouple wire and the sheath is 
usually stainless steel. The insulation, however, 
is similar, being in the form of finely powdered 
and densely compacted ceramic, usually alumi- 
num oxide or magnesium oxide. Figure 14.36 
shows MI thermocouples at (d), (e), and (f). 

They are available in diameters from 1 milli- 
meter up to 6 millimeters and can be supplied in 




EMF Millivolts 
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Figure 14.35 Summary of thermoelectric properties of precious metal thermocouples. Broken lines indicate areas for 
intermittent service. 




Figure 14.36 Examples of industrial thermocouple 
probes. Courtesy ABB. 



any length required. The junction can be either 
insulated (a) or welded (b) to the tip of the sheath 
as shown in Figure 14.37. The latter arrangement 
has the advantage of very quick response. For 



some applications the junction being connected to 
the plant earth via the sheath tip can be unaccept- 
able, so in such cases insulated thermocouples 
must be used. The principal advantages are their 
quick response and mechanical flexibility, being 
able to be bent into almost any shape. Care must 
be taken if re-using MI thermocouples, for though 
they can be straightened or rebent to a new shape 
this cannot be done too often. Hither the wires 
break, or the insulation gets displaced and the 
thermocouple becomes short-circuited. As shown in 
Figures 14.36 and 14.38, MI thermocouples can be 
supplied fitted with a variety of terminations. A 
further useful advantage of MI thermocouples is 
that the cable can be bought in rolls together with 
suitable terminations, and the thermocouples can 
be made up to the required specifications on site. 
Also, in situations where robust cabling is 
required, MI thermocouple cable can be used in 
lieu of compensating cable (see Section 14.5.3.9). 

(a) 




Figure 14.37 Mineral insulated thermocouples: 
(a) insulated junction, (b) junction welded to sheath. 
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7.75 mm 9.5 mm Nominal length A 




stranded tails 7/0.2 mm 



and enough time is allowed for the tips of the 
prongs to reach the temperature of the billet, then 
both junctions will be at the same temperature and 
the error thermal e.m.f.s cancel. This makes a 
simple, quick, and very inexpensive way of mea- 
suring hot metal temperatures. The points of the 
prongs are screwed to the main assembly and are 
expendable. As soon as they lose their sharpness or 
begin to get corroded they can be changed. 



PTFE colored 
sleeving 



12.7 mm . — 11.7 mm dia. 




Glass fiber disc 



Nominal length A 



a 

n1 3 mmj 

n 

80 mm 



50 mm 



Id 






~ 6 5Z 
-Nominal length A 



3 



Figure 14 38 Ml thermocouple terminations. Courtesy 
ABB. 



14.5.3.6 Liquid metal thermocouples 

When measuring the temperature of liquid metals 
such as steel it is desirable to use an expendable 
probe. The cost of a fully protected probe would 
be very high and the response lime slow. For 
checking the temperature of liquid steel a dipstick 
probe can be used. The probe itself is robust and 
constructed with a socket of thermocouple mater- 
ial in the end. A disposable platinum-rhodium/ 
platinum thermocouple itself lasts in the molten 
metal for a few seconds, long enough to take a 
temperature measurement. Figure 14.39 shows 
this arrangement. 

1 4. 5. 3. 7 Thermopiles 

Where a very small temperature rise is to be 
measured many thermocouples may be connected 



14.5.3.4 Surjdce contact thermocouples 

Thermocouples for the measurement of the sur- 
face temperature of objects such as pipes or other 
components or plant items are available. On pipes 
a surface measurement makes a simple but not 
very accurate non-invasive temperature measure- 
ment. For higher temperatures or more rugged 
applications thermocouples are available embed- 
ded in a metal plate designed to be clamped or 
welded to the component to be measured. For 
lower temperature applications, below about 
200 °C, or for use in protected environments, 
self-adhesive contact surface thermocouples are 
supplied. In these probes the thermocouple is 
embedded in a small plastic pad coated on one 
face with a suitable contact adhesive. 

14.5.3.5 Hot metal thermocouples 

Where it is necessary to make spot measurements 
of the temperature of hot metal billets, very simple 
test prods are available which consist of a two- 
pronged “fork.” The two prongs are made of the 
two thermocouple metals with sharpened points. 
When both prongs are in contact with the hot 
metal, two junctions are formed, metal A to the 
billet and the billet to metal B. If the billet is large 
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in series. All the hot junctions are on the object 
whose temperature is to be measured, and all the 
cold junctions are kept at a constant and known 
temperature. Where a quick temperature res- 
ponse is required these thermocouples can be of 
very thin wire of about 25 jum diameter. A speed 
of response of the order of 10 milliseconds can be 
achieved. Typical applications of thermopiles are 
to be found in infrared radiation measurement. 
This subject is dealt with in Section 14.6. 

14.5.3.8 Portable thermocouple instruments 

With the development over the last decade of 
microelectronic equipment, portable electrical 
thermometers have become very popular. They 
are available with either analog or digital read- 
outs. The analog instruments are about the size of 
an analog multi-meter; the digital instruments are 
about the size of a pocket calculator. While most 
of these instruments use type K thermocouples 
they are available for use with other thermo- 
couple materials. There are also portable therm- 
ometers available using resistance thermometer or 
thermistor sensors. However, the thermocouple 
instruments are on the whole the most popular. 
The more sophisticated instruments have the 
option to use more than one type of thermocouple: 
a switch on the instrument sets it for the type in 
use. They are also available with a switched 
option to read out in Celsius or Fahrenheit. A 
range of hand-held probes are supplied for use 
with these instruments. Figure 14.40 shows some 
of the options available. The spring-loaded thermo- 
couples are for surface contact measurements; 
hypodermic probes are supplied for such applica- 
tions as temperature measurements in food, such 
as meat, where it may be an advantage to know 
the internal temperature of the material. 

General purpose thermocouple 



14.5.3.9 Thermocouple compensating cable 

Ideally a thermocouple connects back to the read- 
ing instrument with cables made of the same 
metals as the thermocouple. This does, however, 
have two disadvantages in industrial conditions. 
First, many thermocouple metals have high elec- 
trical resistance. This means that on long runs, 
which on a big plant may be up to 100 meters or 
more, heavy gauge conductors must be used. This 
is not only expensive but also makes the cables 
difficult to handle. 

Second, in the case of precious metal thermo- 
couples, types B, R, and S for instance, the cost 
would be very high indeed. To overcome these 
problems compensating cables are used; see 
Figure 14.41. These cables are made of base metal 
and are of lower resistivity than the thermocouple 
material. The alloys used have thermoelectric 
properties that essentially match the thermo- 
couples themselves over a limited ambient tem- 
perature range. 

Examples of compensating cables are: 



Type 


Composition 


Thermo - 


Temperature 






couples 

compensated 


limitations 


u 


Copper/Copper- 








nickel 


R and S 


0-50 °C 


Vx 


Copper/Constantan 


K 


0-80 °C 



Other base metal thermocouples, such as 
types J and T, comprise relatively inexpensive 
and low resistance metals. They are therefore 
normally installed using cables consisting 
of the same metals as the thermocouples 
themselves. 




Spring loaded thermocouple 

for surface temperature measurement 




Hypodermic thermocouple 

for internal temperature measurement of soft plastic, etc. 




Figure 14.40 Hand-held thermocouple probes. 
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Readout 

instrument 

types 

C.J. compensation 



Figure 14.41 Thermocouple compensating cable. 

14.5.3. 10 Accuracy consideration 

The very extensive use of thermocouples stems 
from their great versatility combined with their 
low cost. However, as seen in Table 14.13, thermo- 
couples have a fairly wide permitted tolerance. 
This is due to the fact that most metals used for 
thermocouples are alloys and it is not possible to 
manufacture alloys to the same reproducibility as 
pure metals. It must be said that, in general, manu- 
facturers do manufacture their thermocouples to 
better tolerance than BS 4937 demands. But, 
where the highest accuracy is required, it is essen- 
tial to calibrate thermocouples on installation and 
to recalibrate them at regular intervals to monitor 
any deterioration due to corrosion or diffusion of 
foreign elements into the hot junction. 

Where high accuracy is required it is necessary 
to calibrate first the thermocouple readout instru- 
ment and then the thermocouple itself in conjunc- 
tion with the instrument. 

The calibration of instruments can be done 
with a precision millivolt source which injects a 
signal equivalent to the temperature difference 
between the ambient or cold junction tempera- 
ture and a temperature in the region in which the 
thermocouple is to be used. 

To calibrate or check thermocouples the hot 
junction must be kept at an accurately known tem- 
perature. This can be done by inserting it into a 
heated isothermal block. An isothermal block is a 
block of metal, large compared with the thermo- 
couple being measured and made of copper or 
aluminum. The block has provision for heating it 
and in some cases cooling. It is well insulated from 
the environment and is provided with suitable holes 
for inserting various sizes of thermocouple. Where 
not so high precision is required the thermocouple 
can be immersed in a heated fluidized sand bath. 
This consists of an open vessel fitted with a porous 
bottom (usually made of sintered metal). Heated 
air is forced up through the bottom. The vessel is 
filled with carefully graded sand. With the air com- 
ing up through it the sand behaves like a liquid. It 
takes up the temperature of the air. The sand is a 
good heat transfer medium. The apparatus makes a 
most convenient way of calibrating temperature 
probes. Where maximum accuracy is essential the 
thermocouple should be calibrated against one of 
the IPTS-68 secondary reference points. Table 14.5 
shows some of the points. 



Cu 




Cu:Ni 



In carrying out these calibrations the whole 
installation needs to be calibrated: thermocouple 
readout instrument together with compensating 
cable. In cases where very high accuracy is 
required, compensating cable should not be used; 
the conductors should be thermocouple metal for 
the full length of the installation. 

There is on the market some very versatile 
equipment for thermocouple calibration. Typic- 
ally, the facilities provided include thermocouple 
simulation for types E, J, K, R. S, and T. thermo- 
couple output measurement with cold junction 
compensation and resistance thermometer simu- 
lation. Tests can be static or dynamic using ramp 
functions. 

As wdth any other type of temperature mea- 
surement the location of the thermocouple junc- 
tions is critical. This is just as important for the 
cold junction as for the hot junction. It must be 
remembered that there may well be a temperature 
gradient over quite short distances in an instru- 
ment and unless the cold junction temperature 
sensor is in close thermal contact with the cold 
junction itself a reading error of several degrees 
Celsius may result. This problem is at its worst 
with mains electricity pow'ered measuring instru- 
ments where there is a certain amount of heal 
liberated by the powder unit. 

The point to remember is that it is not usually 
adequate to measure the air temperature in the 
vicinity of the cold junctions. The sensor should 
be in good thermal contact wuth them. 

An obvious point, but one which surprisingly 
often causes trouble, is the mismatch between the 
thermocouple and the measuring instrument. The 
obvious mismatch is using the wrong type of 
thermocouple or compensating cable. 

In the case of galvanometric instruments 
inaccuracies occur if sufficient care has not been 
taken in the winding of the make-up resistor or if 
the thermocouple has been changed and the new 
external circuit resistance not checked. Careless 
location or make-up of the ballast resistor so that 
one of the cold junction terminals is too remote 
from the cold junction compensating element 
causes variable errors of several degrees as the 
ambient temperature changes. Where the ballast 
resistor required is of a low value, 10 ohms or so, 
the best arrangement may well be to use a coil of 
compensating cable of the right resistance. 







NW 

Compensating 

cable 
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14.6 Measurement techniques: 
radiation thermometers 

14.6.1 Introduction 

As was mentioned in Section 14.1, thermal energy 
may be transferred from one body to another by 
radiation as well as by conduction. The amount 
of thermal energy or heat leaving a body by 
radiation and the wavelength of that radiation 
are functions of the temperature of the body. 

This dependence on temperature of the char- 
acteristics of radiation is used as the basis of 
temperature measurement by radiation therm- 
ometers. Radiation thermometers are also known 
as “radiation pyrometers.” 

14 . 6AJ Blackbody radiation 

An ideal blackbody is one that at all temperatures 
will absorb all radiation falling on it without 
reflecting any whatever in the direction of inci- 
dence. The absorptive power of the surface, being 
the proportion of incident radiation absorbed, 
will be unity. Most surfaces do not absorb all 
incident radiation but reflect a portion of it. That 
is, they have an absorptive power of less than 
unity. 

A blackbody is also a perfect radiator. It will 
radiate more radiation than a body with an 
absorptive power of less than unity. The emissive 
power is called the “emissivity” of a surface. The 
emissivity is the ratio of the radiation emitted at a 
given temperature compared to the radiation 
from a perfect blackbody at the same tempera- 
ture. 

The total emissivity of a body is the emissive 
power over the whole band of thermal radiation 
wavelengths and is represented by e,. When only 
a small band of wavelengths is considered the 
term “spectral emissivity” is used, and a subscript 
is added defining the wavelength band, e.g., ci. 5 
indicates the emissivity at 1.5 /un wavelength. 

The emissivity of surfaces is not usually the 
same over all wavelengths of the spectrum. In 
general the emissivity of metals is greater at 
shorter wavelengths and the emissivity of oxides 
and refractory materials is greater at longer wave- 
lengths. Some materials may have a very low 
emissivity at a particular wavelength band and 
higher emissivilies at shorter and longer wave- 
length. For instance, glass has an emissivity of 
almost zero at 0.65 //m. 

Realization of a blackbody radiator A blackbody 
radiator is achieved in practice by an enclosure, 
A in Figure 14.42, having a relatively small 
orifice B from which blackbody radiation is 
emitted. The inside walls of the enclosure must 



(a) 




Figure 14.42 (a) Blackbody radiator, (b) absorption of 

ray of radiation by blackbody radiator. 



be at a uniform temperature. To show that the 
orifice B behaves as a blackbody, consider the ray 
of radiation C entering the chamber through B. 
The ray will suffer many reflections on the inside 
walls of the enclosure before it emerges at B. 
Provided the walls of the chamber are not per- 
fectly reflecting the total energy of the radiation 
will have been absorbed by the many reflections 
before the ray can emerge. The orifice is then 
totally absorbing all radiation that enters it. It is 
a blackbody. 

To show that the orifice must also radiate as a 
blackbody first consider a body in a radiant flux 
at any single wavelength. If that body did not 
radiate energy at that wavelength as fast as it 
absorbed it, it would rapidly get warmer than its 
environment. In practice a body will be at ther- 
mal equilibrium with its surroundings so it must 
be radiating energy as it receives it. 

Therefore the emissivity s' of a body must 
equal its absorbance q. The orifice B which is a 
blackbody absorber must also be a blackbody 
radiator. 
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in practice a sighting hole in a furnace will 
radiate as a black body if the furnace and its 
contents are in thermal equilibrium and provided 
it does not contain a gas or flame which absorbs 
or radiates preferentially in any wavelength band. 
However, the radiation from the sighting hole 
will only be blackbody radiation provided every- 
thing in the furnace is at the same temperature. 
When all objects in the furnace are at the same 
temperature all lines of demarcation between 
them will disappear. If a cold object is introduced 
to the furnace it will be absorbing more energy 
than it is radiating; the rest of the furnace will be 
losing more radiation than it receives. Under 
these conditions the radiation will no longer be 
blackbody radiation but will be dependent upon 
the emissivity of the furnace walls. 

Pvevosds theory of exchanges Two bodies A and 
B in a perfectly heat-insulated space will both be 
radiating and both be absorbing radiation. If A is 
hotter than B it will radiate more energy than B. 
Therefore B wilt receive more energy than it radi- 
ates and consequently its temperature will rise. By 
contrast body A will lose more energy by radi- 
ation than it receives so its temperature will fall. 
This process wall continue until both bodies reach 
the same temperature. At that stage the heat 
exchanged from A to B wall be equal to that 
exchanged from B to A. 

A thermometer placed in a vessel to measure 
gas temperature in that vessel will, if the vessel 
walls are cooler than the gas, indicate a tem- 
perature lower than the gas temperature because 
it wall radiate more heat to the vessel w'alls than 
it receives from them. 

Blackbody radiation: Stefan-Boltzmann law 

The total power of radiant flux of all wavelengths 
R emitted into the frontal hemisphere by a unit 
area of a perfectly black body is proportional to 
the fourth power of the temperature Kelvin: 

R = aT 4 (14.25) 

where a is the Stefan-Boltzmann constant, having 
an accepted value of 5.670 32 x 1(U 8 W ■ m“ 2 K ~ 4 , 
and T is the temperature Kelvin. 

This law is very important, as most total 
radiation thermometers are based upon it. If a 
receiving element at a temperature 7j is 
arranged so that radiation from a source at a 
temperature 73 falls upon it, then it will receive 
heat at the rate of aTf and emit it at a rate of 
aT^. It will, therefore, gain heat at the rate of 
a(72 ~ Tjf). If the temperature of the receiver is 
small in comparison with that of the source, 
then Tf may be neglected in comparison with 
T 4 , and the radiant energy gained will be pro- 



portional to the fourth powder of the tempera- 
ture Kelvin of the radiator. 



14.6.1.2 The distribution of energy in the 
spectrum: Wien's laws 

When a body is heated it appears to change color. 
This is because the total energy and distribution 
of radiant energy between the different wave- 
lengths is changing as the temperature rises. 
When the temperature is about 500 °C the body 
is just visibly red. As the temperature rises, the 
body becomes dull red at 700 °C, cherry red at 
900 °C, orange at 1 100 °C, and finally white hot 
at temperatures above 1400 °C. The body appears 
white hot because it radiates all colors in the 
visible spectrum. 

It is found that the wavelength of the radiation 
of the maximum intensity gets shorter as the 
temperature rises. This is expressed in Wien’s 
displacement law: 

X m T — constant 

(14.26) 

= 2898// m-K 

where A m is the wavelength corresponding to the 
radiation of maximum intensity, and T is the 
temperature Kelvin. The actual value of the spec- 
tral radiance at the wavelength A m is given by 
Wien’s second law: 



L\ m — constant x T* (14.27) 

where L\ m is the maximum value of the spectral 
radiance at any wavelength, i.e., the value of the 
radiance at A m , and T is the temperature Kelvin. 
The constant does not have the same value as the 
constant in equation (14.26). It is important to 
realize that it is only the maximum radiance at 
one particular wavelength which is proportional 
to T 5 ; the total radiance for all wavelengths is 
given by the Stefan-Boltzmann law, i.e., it is pro- 
portional to T 4 . 

Wien deduced that the spectral concentration 
of radiance, that is, the radiation emitted per unit 
solid angle per unit area of a small aperture in a 
uniform temperature enclosure in a direction nor- 
mal to the area in the range of wavelengths 
between A and A + SX is LA • 6X where 



L x 



tj 

A 5 ■ e c ^ XT 



(14.28) 



where Tis the temperature Kelvin, and C\ and Cz 
are constants. This formula is more convenient to 
use and applies with less than 1 percent deviation 
from the more refined Planck’s radiation law 
used to define IPTS-68 provided XT < 3 x 
10 ? m ■ K. 
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Figure 14.43 Spectral energy distribution with 
temperature. 



In 1900 Planck obtained from theoretical con- 
siderations, based on his quantum theory, the 
expression 



where the symbols have the same meaning, and 
C 2 = 0.014 388 m-K. 

These laws also enable the correction to be 
calculated for the presence of an absorbing 
medium such as glass in the optical pyrometer, 
and also the correction required for changes in 
the spectral emissive power of the radiating surface. 

The variation of spectral radiance with wave- 
length and temperature of a black body source is 
given by Figure 14.43. 



14.6.2 Radiation thermometer types 

Since the energy radiated by an object is a func- 
tion of its absolute temperature this is a suitable 



property for the non-contact and non-intrusive 
measurement of temperature. Instruments for 
temperature measurement by radiation arc called 
radiation thermometers. The terms pyrometer or 
radiation pyrometer were formerly used. 

There are four principal techniques for the 
measurement of temperature by the radiation 
from a hot body: total radiation, pyroelectric, 
photo-electric, and optical. 

Instruments using the first three of these tech- 
niques are normally constructed in the same gen- 
eral physical form. Figure 14.44 shows the 
general format of one of these instruments. It 
consists of a cylindrical metal body made of alu- 
minum alloy, brass, or plastic. One end of the 
body carries a lens, which, depending on the 
wavelength range required, consists of germa- 
nium, zinc sulfide, quartz, glass, or sapphire. The 
opposite end carries the electrical terminations 
for connecting the sensing head to its signal con- 
ditioning module. A typical size of such a sensing 
head is 250 mm long by 60 mm diameter. A dia- 
grammatic sketch of the construction of the 
instrument is shown in Figure 14.45. Infrared 
energy from a target area on the object whose 
temperature is to be measured is focused by the 
lens onto the surface of the detector. This energy 
is converted to an electrical signal which may be 
amplified by a head amplifier on the circuit 
board. Power is supplied to the instrument and 
the output transmitted down a cable which is 
connected to terminals in the termination box. 
In instruments working in the near-infrared 
region where the lens is transparent to visible 
light a telescope can be provided, built into the 
instrument, so that it can be focused and aligned 
by looking through the lens. 

A primary advantage of radiation therm- 
ometers, especially when used to measure high 




Figure 14.44 General-purpose radiation thermometer. 
Courtesy Land Infrared Ltd. 




Measurement techniques: radiation thermometers 281 




Figure 14.45 Diagram of radiation thermometer. 




End cap. 

Protons the thermomotor electrical 
connections from din, heal, moisture, 
and mechanical damage 



Air cooled jacket and purge. 
Provides adequate cooling for most 
applications, full mechanical 
protection, and keeps the lens clean 




Figure 14.46 Air-cooled housing for radiation 
thermometer. Courtesy Land Infrared Ltd, 



temperatures, is that the instrument measuring 
head can be mounted remote from the hot zone 
in an area cool enough not to exceed the working 
temperature of the semiconductor electronics, 
typically about 50-75 °C. However, where the 
instrument has to be near the hot region, such 
as attached to the wall of a furnace, or where it 
needs to be of rugged construction, it can be 
housed in an air- or water-cooled housing. Such 
a housing is shown in Figure 14.46. 

The function of the lens as indicated above is to 
concentrate the radiation from the source onto the 
surface of the sensor. This also has the great 
advantage that the instrument reading is substan- 
tially independent of the distance from the source, 
provided the source is large enough for its image to 
fully fill the area of the sensor. The lens material 
depends on the wavelength to be passed. This will 
normally be a function of the temperature range 
for which the instrument is specified. For lower 
temperatures the lens material will be chosen to 
give a wide wavelength bandpass. For higher tem- 
peratures a narrower bandpass may be acceptable. 



Table 14.15 Wavelengths transmitted by lens materials 



Lens materia l 


Bandpass (jam) 


Pyrex 


0.3-2. 7 


Fused silica 


0.3-3. 8 


Calcium fluoride 


0.1-10 


Arsenic trisulphide 


0.7-12 


Germanium 


2-12 


Zinc selenide 


0.5-15 



Of course the higher the temperature to be mea- 
sured the shorter the wavelength that needs to be 
passed by the lens. Table 14.15 shows the wave- 
length bandpass of some lens materials. 

To achieve a wider wavelength range the focus- 
ing can be achieved with a concave mirror. Figure 
14.47 shows diagrammatically the general 
arrangement of a reflection instrument. 

A special application of mirror focusing for 
radiation thermometry is in the temperature mea- 
surement of stars and other astronomic bodies. 
The thermopile, or more usually a semiconductor 
detector, is cooled with liquid nitrogen or helium 
to increase its sensitivity to very small amounts of 
radiation. It is located at the focus of a reflecting 
astronomical telescope. The telescope is directed 
to the body whose temperature is to be measured 
so that its image is focused on the detector. The 
whole assembly forms a very sensitive radiation 
thermometer with the ability to detect tempera- 
tures down to a few tens of Kelvins. 



j /-t nhrsinm c M ir'rrtr' 




Receiving element 



Sighting 

hole 



Figure 14.47 Mirror-focused radiation thermometer. 
Courtesy Land Infrared Ltd. 
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14.6.2.1 Total radiation thermometer 

In this type of instrument, the radiation emitted by 
the body whose temperature is required is focused 
on a suitable thermal-type receiving element. This 
receiving element may have a variety of forms. It 
may be a resistance element, which is usually in the 
form of a very thin strip of blackened platinum, or a 
thermocouple or thermopile. The change in tem- 
perature of the receiving element is then measured 
as has already been described. 

In a typical radiation thermopile a number of 
thermocouples made of very fine strips are con- 
nected in series and arranged side by side, or 
radially as in the spokes of a wheel, so that all 
the hot junctions, which are blackened to increase 
the energy-absorbing ability, fall within a very 
small target area. The thermoelectric characteris- 
tics of the thermopiles are very stable because the 
hot junctions are rarely above a few hundred 
degrees Celsius, and the thermocouples are not 
exposed to the contaminating atmosphere of the 
furnace. Stability and the fact that it produces a 
measurable e.m.f. are the main advantages of the 
thermopile as a detector. In addition, thermopiles 
have the same response to incoming radiant 
energy regardless of wavelength within the range 
0.3- 20 //m. The main disadvantage of the 
thermopile is its comparatively slow speed of 
response which depends upon the mass of the 
thermocouple elements, and the rate at which 
heat is transferred from the hot to the cold junc- 
tions. Increase in this rate of response can only be 
attained by sacrificing temperature difference 
with a resultant loss of output. A typical indus- 
trial thermopile of the form shown in Figure 
14.48 responds to 98 percent of a step change in 
incoming radiation in 2 seconds. Special thermo- 
piles which respond within half a second are 
obtainable but they have a reduced e.m.f. output. 

In order to compensate for the change in the 
thermopile output resulting from changes in the 
cold junction temperature an ambient tempera- 
ture sensor is mounted by the cold junctions. 
Alternative thermal detectors to thermopiles are 
also used. Thermistors and pyroelectric detectors 
are currently in use. The advantage of thermistors 
is that they can be very small and so have a quick 
speed of response. Their main disadvantage is 
their non-linearity, though this is not so great a 
disadvantage as with a direct measurement of 
temperature because provision has to be made 
to linearize the radiated energy signal anyway. 

Correction for emissivity When the temperature 
of a hot object in the open is being measured, due 
regard must be given to the correction required for 
the difference between the emissivity of the surface 
of the object and that of a perfect blackbody. 



Figure 14,48 Thermopile for use in total radiation 
pyrometer. 



The total radiant flux emitted by the source will 
be given by 

R = ecrAT 4 (14.30) 



where e is the total emissivity of the body, A is the 
area from which radiation is received, a is the 
Stefan-Boltzmann constant, and T the actual 
temperature of the body. 

This flux will be equal to that emitted by a 
perfect blackbody at a temperature T a , the 
apparent temperature of the body: 

R — aAT^ (14.31) 



Equating the value of R in equations (14.30) and 
(14.31): 



eaAT 4 = aATl 





(14.32) 



The actual correction to be applied to the appar- 
ent temperature is given in Figure 14.49. Table 
14.16 shows the emissivity of some metals at 
different temperatures. 

The radiation from a hot object can be made to 
approximate much more closely to black body 
radiation by placing a concave reflector on the 
surface. If the reflectivity of the reflecting surface 
is r. then it can be shown that the intensity of the 
radiation which would pass out through a small 
hole in the reflector is given by 
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Figure 14.49 Emissivity corrections to the readings of a 
total radiation thermometer. 



* = < 14 ' 33 > 

where R is the radiation intensity through the 
hole, e is the emissivity of the surface, a is the 
Stefan-Boltzmann constant, and T the tempera- 
ture in Kelvin. With a gold-plated hemisphere, 
the effective emissivity of a surface of emissivity 
0.6 is increased by this method to a value of 0.97. 

Surface radiation thermometer A surface radi- 
ation thermometer manufactured by Land Infra- 
red Ltd. uses the above principle: see Figure 14.50. 
This instrument uses a thermopile sited on a small 
hole in a gold-plated hemisphere mounted on the 
end of a telescopic arm. 

Gold is chosen for the reflecting surface 
because it is the best reflector of infrared radi- 
ation known, and is not easily tarnished. The hole 
in the reflector is closed by a fluorite window 
which admits a wide range of radiation to the 
thermopile but excludes dirt and draughts. This 
pyrometer will give accurate surface temperature 
readings for most surfaces, other than bright or 
lightly oxidized metals, without any significant 
error due to surface emissivity changes. The stand- 
ard instrument covers a temperature range of 
from 100 to 1300°C on three scales. A special 
low-temperature version is available for the range 
0 to 200 °C. The indicator gives a reading in 5 to 6 
seconds, and the pyrometer should not be left on 
the hot surface for more than this length of time. 



particularly at high temperatures. The thermistor 
bridge provides compensation for changes in the 
sensitivity of the thermopile at high temperatures, 
but if the head is too hot to touch it is in danger 
of damage to soldered joints, insulation, etc. 

The instrument may be used to measure the 
mean emissivity of a surface for all wavelengths 
up to about 10 ^m. This value can be used for the 
correction of total radiation thermometer read- 
ings. A black hemispherical insert is provided 
with the instrument which can be clipped into 
the hemispherical reflector to cover the gold. If 
two measurements are made, one with the gold 
covered and the other with the gold exposed, the 
emissivity can readily be deduced from the two 
measurements. A graph provided with the instru- 
ment enables the emissivity to be derived easily 
from the two readings, while a second graph gives 
an indication of the error involved in the tem- 
perature measurement of the hot body. 



Calibration of total radiation thermometers A 
total radiation thermometer may be calibrated by 
sighting it through a hole into a black body enclos- 
ure of known temperature. A special spherical 
furnace was developed by the British Iron and 
Steel Research Association for this purpose. The 
furnace consisted of a sphere 0.3 ni in diameter 
consisting of a diffusely reflecting material. For 
temperatures up to 1300 °C stainless steel, 80Ni 
20Cr alloy, or nickel may be used. For temperatures 
up to 1600°C silicon carbide is necessary, and for 
temperatures up to 3000 °C graphite may be used 
provided it is filled with argon to prevent oxidation. 
The spherical core is uniformly wound with a suit- 
able electrical heating element, completely enclosed 
in a box containing thermal insulation. For calibra- 
tion of radiation thermometers up to 1 1 50 °C a hole 
of 65 mm diameter is required in the cavity, but 
above this temperature a 45 mm hole is sufficient. 

Where the larger hole is used a correction for 
the emissivity of the cavity may be required for 
very accurate work. Two sheathed thermocouples 
are usually placed in the furnace, one near the 
back and the other just above the sighting hole. 
Comparison of the two measured temperatures 
indicates when the cavity is at a uniform tempera- 
ture. 

Calibration may be carried out by comparing 
the thermometer and thermocouple temperature, 
or the test thermometer may be compared with a 
standard radiation thermometer when both are 
sighted on to the radiating source, which may or 
may not be a true black body. 

Cylindrical furnaces may also be used with a 
thermocouple fitted in the sealed end of the cylin- 
der, which is cut on the inside to form a series of 45° 
pyramids. 
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Table 14.1 6 Total emissivity of miscellaneous materials 
Total emissivity of unoxidized metals 



Material 


25 °C 


100 °C 


500 °C 


1000°C 


I500°C 


2000 C C 


Aluminum 


0.022 


0.028 


0.060 


- 


- 


_ 


Bismuth 


0.048 


0.061 


- 


- 


- 


- 


Carbon 


0.081 


0.081 


0.079 


- 


- 


- 


Chromium 


- 


0.08 


- 


- 


- 


- 


Cobalt 


- 


- 


0.13 


0.23 


— 


— 


Columbium 


- 


- 


- 


- 


0.19 


0.24 


Copper 


- 


0.02 


- 


(Liquid 0.15) 


- 


- 


Gold 


- 


0.02 


0.03 


- 


- 


- 


Iron 


- 


0.05 


- 


- 


- 


- 


Lead 


- 


0.05 


- 


- 


- 


- 


Mercury 


0.10 


0.12 


— 


- 


- 


- 


Molybdenum 


- 


- 


- 


0.13 


0.19 


0.24 


Nickel 


0.045 


0.06 


0.12 


0.19 


- 


- 


Platinum 


0.037 


0.047 


0.096 


0.152 


0.191 


- 


Silver 


- 


0.02 


0.035 


- 


- 


- 


Tantalum 


- 


- 


- 


- 


0.21 


0.26 


Tin 


0.043 


0.05 


- 


- 


- 


- 


Tungsten 

Zinc 


0.024 

(0.05 at 300 °C) 


0.032 


0.071 


0.15 


0.23 


0.28 


Brass 


0.035 


0.035 


- 


- 


- 


- 


Cast Iron 


- 


0.21 


- 


(Liquid 0.29) 




- 


Steel 


- 


0.08 


- 


(Liquid 0.28) 




- 



Total emissivity of miscellaneous materials 


Material 


Temp. (°C) 




Material 


Temp. (°C) 




Aluminum (oxidized) 


200 


0.11 


Lead (oxidized) 


200 


0.63 




600 


0.19 


Monel (oxidized) 


200 


0.43 


Brass (oxidized) 


200 


0.61 




600 


0.43 




600 


0.59 


Nickel (oxidized) 


200 


0.37 


Calorized copper 


100 


0.26 




1200 


0.85 




500 


0.26 


Silica brick 


1000 


0.80 


Calorized copper (oxidized) 


200 


0.18 




1100 


0.85 




600 


0.19 


Steel (oxidized) 


25 


0.80 


Calorized steel (oxidized) 


200 


0.52 




200 


0.79 




600 


0.57 




600 


0.79 


Cast iron (strongly oxidized) 


40 


0.95 


Steel plate (rough) 


40 


0.94 




250 


0.95 




400 


0.97 


Cast iron (oxidized) 


200 


0.64 


Wrought iron (dull oxidized) 


25 


0.94 




600 


0.78 




350 


0.94 


Copper (oxidized) 


200 


0.60 


20Ni — 25Cr — 55Fe (oxidized) 


200 


0.90 




1000 


0.60 




500 


0.97 


Fire brick 


1000 


0.75 


60Ni — 12C.r — 28Fe (oxidized) 


270 


0.89 


Gold enamel 


100 


0.37 




560 


0.82 




100 


0.74 




100 


0.87 


Iron (oxidized) 


500 


0.84 


80Ni — 20Cr (oxidized) 


600 


0.87 




1200 


0.89 




1300 


0.89 


Iron (rusted) 


25 


0.65 









Source: “Temperature its measurement & control" in Science <£ Industry, American Institute of Physics, Rejnhold Publishing Co. (1941). 



A choice of three aperture sizes is available at 
the open end. For temperatures up to 1100°C the 
furnace is made of stainless steel, but for higher 
temperatures refractory materials are used. For 
further details see The Calibration of Therm- 
ometers (HMSO, 1971) and BS 1041: Part 5: 1989. 
Figure 14.51 shows typical black body furnaces. 



Furnace temperature by radiation thermometer 
Conditions in a furnace which might otherwise 
be considered as perfectly black body conditions 
may be upset by the presence of flame, smoke, or 
furnace gases. In these conditions, a total radi- 
ation thermometer generally indicates a tempera- 
ture between that of the furnace atmosphere and 
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Figure 14.50 (a) Surface radiation thermometer. 

Courtesy Land Infrared Ltd, (b) Cross-section diagram of 
Land surface radiation thermometer. 



the temperature which would be indicated if such 
an atmosphere were not present. A thick lumi- 
nous flame may shield the object almost comple- 
tely. Non-luminous flames radiate and absorb 
energy only in certain wavelength bands, princi- 
pally because of the presence of carbon dioxide 
and water vapor. The error due to the presence of 
these gases can be reduced by using a lens of 
Pyrex which docs not transmit some of these 
wavelengths, so that the instrument is less 
affected by variations in quantity of these gases. 
Where appreciable llarnc, smoke, and gas are pre- 
sent it is advisable to use a elosed-ended sighting 
tube, or provide a purged sighting path by means 
of a blast of clean, dry air. 

Errors in temperature measurement can also 
occur owing to absorption of radiation in the cold 
atmosphere between a furnace and the therm- 
ometer. To ensure that the error from this source 




Figure 14.51 Blackbody radiators. Courtesy Polarisers 
Technical Products. 



does not exceed 1 percent of the measured tem- 
perature, even on hot. damp days, the distance 
between thermometer lens and furnace should 
not exceed 1.5 m if a glass lens is used, 1 m if the 
lens is silica, and 0.6 m if it is of fluorite. 

14.6.2.2 Pyroelectric techniques 

Pyroelectric detectors for thermal radiation are a 
comparatively recent introduction. Pyroelectric 
materials, mainly ceramics, arc materials whose 
molecules have a permanent electric dipole due to 
the location of the electrons in the molecules. 
Normally these molecules lie in a random orien- 
tation throughout the bulk of the material so that 
there is no net electrification. Also, at ambient 
temperatures the orientations of the molecules 
are essentially fixed. If the temperature is raised 
above some level characteristic to the particular 
material, the molecules are free to rotate. This 
temperature is called the Curie temperature by 
analogy with the magnetic Curie temperature. 

If a piece of pyroelectric ceramic is placed 
between two electrodes at ambient temperature 
the molecular dipoles are fixed in a random orien- 
tation (Figure 14.52(a)). If it is then heated above 
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(0 



Figure 14.52 Pyroelectric effect. 



its Curie temperature and an electrical potential 
applied to the electrodes, thus generating an elec- 
tric field in the ceramic, the molecules will all 
align themselves parallel to the field (Figure 
14.52(b)). On cooling the ceramic back to ambi- 
ent temperature and then removing the applied 
potential the molecules remain aligned (Figure 
14.52(c)). The amount of the polarization of the 
ceramic and therefore the magnitude of the 



resulting external electric field is a constant E 
which is a function of the material. If the field 
due to the applied voltage was E and the polar- 
ization P then 

P=EE (14.34) 

If the temperature of the polarized pyroelectric 
ceramic is raised the molecular dipoles, which are 
anyway oscillating about their parallel orienta- 
tion, will oscillate through a greater angle. Figure 
14.53 shows one molecular dipole of length x and 
charge ±q. Its electric moment is qx. If, then, the 
dipole oscillates through an average angle of ±6 
the effective length will be z where 

z = x cos 0 (14.35) 

The angle 0 will increase with increasing tempera- 
ture, thus reducing the electric moment of all the 
molecular dipoles. The electric moment or polar- 
ization of the whole piece of pyroelectric ceramic 
is of course the sum of all the molecular dipoles. 
Thus as the temperature rises the polarization of 
the whole piece of material gets less. 

The Curie point is the temperature at which the 
oscillatory energy of the molecular dipoles is such 
that they can rotate freely into any position allow- 
ing them to return to their random orientation. 

As stated above, the electric moment M of the 
whole slice of ceramic is the sum of all the mole- 
cular dipole moments: 

M = P Ah (14.36) 

where P is the dipole moment per unit volume, h 
is the thickness of the slice and A is the electrode 
area; see Figure 14.54. 

If the electric charge at the two surfaces of the 
slice of pyroelectric ceramic is Q s this has a dipole 
moment of Q s ■ h , so that 

Q s = PA (14,37) 

If the temperature of the material rises the polar- 
ization is reduced and therefore Q s becomes less. 
But if the electrodes are connected by an external 
circuit to an electrometer or other high impe- 
dance detector Q s is normally neutralized by a 
charge O on the electrodes. A reduction of O s 
therefore results in an excess charge on the elec- 
trodes and therefore a voltage V is detected. 

V= Q/C (14.38) 

where C is the electrical capacitance of the device, 
for a temperature change of ST the change of 
charge 6Q is given by 

6Q = fL-A-6T (14.39) 

where Q is the pyroelectric coefficient of the 
material. Therefore the voltage change will be 
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Figure1453 Mechanism of pyroelectric effect. 



bV =■ 60/C = QAST/C (14.40) 

where C is the electrical capacitance between the 
electrodes. The pyroelectric coefficient Q is a 
function of temperature reducing with a non-lin- 
ear characteristic to zero at the Curie tempera- 
ture. 

When used as a detector in a radiation therm- 
ometer, radiation absorbed at the surface of the 
pyroelectric slice causes the temperature of the 
detector to rise to a new higher level. At the start 
the charge on the electrodes will have leaked 
away through the external electrical circuit so 
there will have been zero voltage between the 
electrodes. As the slice heats up a voltage is 
detected between the two electrodes. When the 
device reaches its new temperature, losing heat 
to its environment at the same rate as it is receiv- 
ing heat by radiation, the generation of excess 
charge on the electrodes ceases, the charge slowly 
leaks away through the electrical circuit, and the 
detected voltage returns to zero. The device 
detects the change of incident radiation. To detect 
a constant flux of radiation, i.e.. to measure a 
constant temperature, it is necessary to “chop” 
the incident radiation with a rotating or oscillat- 
ing shutter. 

The physical construction of a pyroelectric 
radiation thermometer is essentially identical to a 
total radiation instrument except for the location 
of the radiation-chopping shutter just in front of 
the detector. Figure 14.55(a) shows the location 
and Figure 14.55(b) a typical profile of the optical 
chopper in a pyroelectric radiation thermometer. 



Figure 14.55(c) shows the graph against lime of 
the chopped radiation together with the resulting 
electrical signal. 

14.6.2.3 Optical (< disappearing filamen i) 
thermometer 

Optical radiation thermometers provide a simple 
and accurate means for measuring temperatures 
in the range 600 °C to 3000 C C. Since their opera- 
tion requires the eye and judgment of an opera- 
tor, they are not suitable for recording or control 
purposes. However, they provide an effective way 
of making spot measurements and for calibration 
of total radiation thermometers. 

In construction an optical radiation therm- 
ometer is similar to a telescope. However, a tung- 
sten filament lamp is placed at the focus of the 
objective lens. Figure 14.56 shows the optical 
arrangement of an optical radiation therm- 
ometer. To use the instrument the point where 
the temperature is required to be known is viewed 
through the instrument. The current through the 
lamp filament is adjusted so that the filament 
disappears in the image. Figure 14.57 shows 
how the filament looks in the eyepiece against 
the background of the object, furnace, or what- 
ever is to have its temperature measured. At (a) 
the current through the filament is too high and it 
looks bright against the light from the furnace, at 
(c) the current is too low while at (b) the filament 
is at the same temperature as the background. 
The temperature of the filament is known from 
its electrical resistance. Temperature readout is 
achieved either by a meter measuring the current 
through the filament or by temperature calibra- 
tions on the control resistor regulating the current 
through the iamp. The filter in the eyepiece 
shown in Figure 14.56 passes light at a wave- 
length around 0.65 /zm. 

Lamps for optical thermometers are not nor- 
mally operated at temperatures much in excess 
of 1500°C. To extend the range of the instru- 
ment beyond this temperature a neutral filter of 
known transmission factor can be placed in the 
light path before the lamp. The measurement 
accuracy of an optical thermometer is typically 
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Figure 14.55 Diagram of pyroelectric radiation thermometer. 
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Figure 14.56 Optical system of disappearing filament thermometer. 



±5°C between 800 °C and 1300°C and ±10 °C 
between 1300°C and 2000 °C. 



Corrections for non-black-body conditions Like 
the total radiation thermometer, the optical therm- 
ometer is affected by the emissivity of the radi- 
ation source and by any absorption of radiation 
which may occur between the radiation source 
and the instrument. 

The spectral emissivity of bright metal surfaces 
at 0.65 /tm is greater than the total emissivity e, 
representing the average emissivity over all wave- 
lengths. The correction required for the departure 
from black body conditions is therefore less than 
in the case of total radiation thermometers. 

Due to the fact that a given change of tempera- 
ture produces a much larger change in radiant 
energy at 0.65 /*m than produced in the average 
of radiant energy overall wavelengths, the read- 



ings of an optical radiation thermometer require 
smaller corrections than for a total radiation 
instrument. 

The relationship between the apparent tem- 
perature Ta and the true temperature T is given 
by equation (14.41) which is based on Wien’s law 



J_ _ J_ = A 1 °gio e A 
T T a ~ 6245 



(14.41) 



where A is the wavelength in micrometers (usually 
0.65 /mi) and is the spectral emissivity at wave- 
length A. 



14.6.2.4 Photoelectric radiation thermometers 

The reading obtained with an optical thermometer 
shows a lower temperature error than a total radi- 
ation thermometer. This is because the emissivity 
error for a given temperature and a known emis- 
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(a) (b) (c) 

Figure 14.57 Appearance of image in optical thermometer. 



sivity is proportional to the wavelength of the 
radiation used to make the measurement. For 
instance, in the case of oxidized steel at 1(X)0 C C 
with an cmissivity of 0.8 a total radiation therm- 
ometer will have an error in exeess of 50 degrees 
while the optical thermometer reading will be 
within 20 degrees. However, the optical therm- 
ometer has two major drawbacks. First, it is only 
suitable for spot measurements and requires a 
skilled operator to use it. Second, it is not capable 
of a quick response and is totally unsuitable for 
control purposes. 

Photoelectric radiation thermometers are 
ideally suited to the short wavelength applica- 
tion. Structurally they arc essentially identical 
to a total radiation thermometer except that the 
thermal sensor is replaced by a photodiode. 

A photodiode is a semiconductor diode, which 
may be either a silicon or germanium junction 
diode constructed so that the incident radiation 
can reach the junction region of the semiconduc- 
tor. In the case of germanium the diode will be a 
plain P-N junction; in the case of silicon it may be 
either a P-N or P-I-N junction. In service the 
diodes are operated with a voltage applied in the 
reverse, i.c., non-conduction, direction. Under 
these conditions the current carriers, i.e,, electrons, 
in the semiconductor do not have sufficient 
energy to cross the energy gap of the junction. 
However, under conditions of incident radiation 
some electrons will gain enough energy to cross 
the junction. They will acquire this energy by 
collision with photons. The energy of photons is 
inversely proportional to the wavelength. The 
longest wavelength of photons that will, on 
impact, give an electron enough energy to cross 
the junction dictates the long wave end of the 
spectral response of the deviee. The short wave- 
length end of the response band is limited by the 
transparency of the semiconductor material. The 
choice of germanium or silicon photodiodes is 
dictated by the temperature and therefore the 
wavelength to be measured. Silicon has a response 
of about 1 . 1 pm to 0.4 p m. The useful bandpass of 
germanium lies between 2.5 /im and 1.0 /*m. The 



exact bandpass of photodiodes varies somewhat 
from type to type depending on the manufacturing 
process used, but the above figures are typical. 
Normally the range of wavelengths used is 
reduced to a narrower bandpass than that 
detected by the semiconductor sensor. For 
instance, for general applications above 600 C a 
narrow bandpass centered on 0.9 //m is usually 
used. Wherever possible silicon is to be preferred 
as it will tolerate higher ambient temperatures 
than germanium and in general it has the higher 
speed of response. Small P I N photodiodes can 
have a frequency response up to several hundred 
megahertz while P-N devices more usually have a 
response of several kilohertz. Like all other 
semiconductor devices the electrical output of 
photodiodes is temperature-dependent. It is there- 
fore necessary to construct these radiation 
thermometers with thermistors or resistance therm- 
ometers in close proximity to the photodiode to 
provide ambient temperature compensation. 

14.6.2.5 Choice of spectral wavelength for 
specific applications 

It might seem at first sight that apart from optical 
radiation thermometers the obvious choice 
should be to use a total radiation thermometer 
so as to capture as much as possible of the radiant 
emission from the target to achieve the maximum 
output signal. However, as already mentioned 
above, except at the lowest temperature ranges, 
there are several reasons for using narrower 
wavelength bands for measurement. 

Effect of radiant emission against wavelength 
One reason relates to the rate at which the radiant 
emission increases with temperature. An inspec- 
tion of Figure 14.58 will show that the radiant 
emission at 2 pm increases far more rapidly with 
temperature than it does at, say, 6 pm. The rate of 
change of radiant emission with temperature is 
always greater at shorter wavelengths. It is clear 
that the greater this rate of change the more 
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Figure 14.58 Black-body radiation characteristics. 



precise the temperature measurement and the 
tighter the temperature control. On the other 
hand, this cannot be carried to extremes because 
at a given short wavelength there is a lower limit 
to the temperature that can be measured. For 
example, the eye becomes useless below about 
600 °C. For these reasons alone we can under- 
stand the general rule that the spectral range of 
the appropriate infrared thermometer shifts to 
longer wavelengths as the process temperature 
decreases. 

Emittance, reflectance f and transmittance Another 
important reason for the use of different 
spectral regions relates to the specific emission 
characteristics of particular target materials. The 
curves of Figure 14.58 show the emission charac- 
teristics of the ideal emitter or blackbody. No 
material can emit more strongly than a 
blackbody at a given temperature. As discussed 
previously, however, many materials can and do 
emit less than a blackbody at the same tempera- 
ture in various portions of the spectrum. The 
ratio of the radiant emittance at wavelength A of 
a material to that of a blackbody at the same 
temperature is called spectral emittance (^a). The 
value of ca for the substance can range between 0 
and 1, and may vary with wavelength. The emit- 
tance of a substance depends on its detailed inter- 
action with radiation. A stream of radiation 
incident on the surface of a substance can suffer 



one of three fates. A portion may be reflected. 
Another portion may be transmitted through the 
substance. The remainder will be absorbed and 
degraded to heat. The sum of the fraction 
reflected r, the fraction transmitted / and the 
fraction absorbed a will be equal to the total 
amount incident on the substance. Furthermore, 
the emittance c of a substance is identical to the 
absorptance a , and we can write 

e = a= 1 -t-r (14.42) 

For the blackbody the transmittance and reflec- 
tance are zero and the emittance is unity. For any 
opaque substance the transmittance is zero and 

e = ]-r (14.43) 

An example of this case is oxidized steel in the 
visible and near-infrared where the transmittance 
is 0, the reflectance is 0.20 and the emittance is 
0.80. A good example of a material whose emit- 
tance characteristics change radically with wave- 
length is glass. Figure 14.59 shows the overall 
transmission of soda-lime glass. The reflectance 
of the glass is about 0.03 or less through most of 
the spectral region shown. At wavelengths below 
about 2.6 pm the glass is very highly transparent 
and the emittance is essentially zero. Beyond 
2.6 pm the glass becomes increasingly opaque. 
From this it is seen that beyond 4 fj,m glass is 
completely opaque and the emittance is above 
0.98. 

This example of glass clearly illustrates how the 
detailed characteristics of the material can dictate 
the choice of the spectral region of measurement. 
For example, consider the problem of measuring 
and controlling the temperature of a glass sheet 
during manufacture at a point where its tempera- 
ture is 900 °C. The rule that suggests a short 
wavelength infrared thermometer, because of the 
high temperature, obviously fails. To use the 
region around 1 //m would be useless because the 
emittance is close to 0. Furthermore, since the 
glass is highly transparent the radiation thermo- 
meter will “see through” the glass and can give 
false indications because of a hot wall behind the 
glass. One can recognize that glass can be used as 
an effective “window" with a short wavelength 
radiation thermometer. By employing the spectral 
region between 3 and 4/zm the internal tempera- 
ture of the glass can be effectively measured and 
controlled. By operating at 5 pm or more the sur- 
face temperature of the glass is measured. Each of 
these cases represents a practical application of 
infrared thermometry. 

Atmospheric transmission A third important 
consideration affecting the choice of spectral region 
is that of the transmission of the atmosphere 
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Figure 14.59 Transmittance of one millimeter of soda-lime glass. 



between the target substance and the radiation 
thermometer. The normal atmosphere always con- 
tains a small but definite amount of carbon dioxide 
and a variable amount of water vapor. Carbon 
dioxide strongly absorbs radiation between 4.2 
and 4.4 /jm and the water vapor absorbs strongly 
between 5.6 and 8.0 /jm and also somewhat in the 
regions 2.6 to 2.9 /mi; see Figure 14.60. It is 
obvious that these spectral regions should be 
avoided, particularly in the region of the water 
bands. If this is not done the temperature calibra- 
tion will vary with path length and also humidity. 
If the air temperature is comparable to or higher 
than the target temperature the improperly 
designed infrared thermometer could provide 
temperature measurements strongly influenced 
by air temperatures. 

1 4. 6. 2. 6 Signal conditioning for radiation 
thermometers 

Although the output of a radiation thermometer 
can be used directly in a voltage or current mea- 
suring instrument this is unsatisfactory for two 
prime reasons. First, the energy radiated by a hot 
body is a function of the fourth power of absolute 



temperature resulting in a very non-linear scale. 
Second, the radiation detectors are themselves 
sensitive to ambient temperature. This requires 
either that the radiation thermometer be main- 
tained at a constant temperature or alternatively 
an ambient temperature sensor is mounted beside 
the radiation sensor to provide a signal for tem- 
perature correction. 

To compensate for these two deficiencies in the 
signal suitable electronic circuits must be used to 
provide linearization of the signal and to provide 
automatic temperature correction. It is also neces- 
sary to provide correction for the emissivity of the 
target. Typically the instrument itself carries a 
small “head amplifier” to bring the signal up to a 
suitable level for transmission to the readout 
instrument. This head amplifier also provides the 
required ambient temperature compensation cir- 
cuits. The linearization and compensation for 
emissivity are provided at the readout module. 

Some modem instruments provide the whole sig- 
nal conditioning circuitry in the main instrument 
itself. Figure 14.61 shows such an instrument. In 
this equipment the output is a 4- to 20-milliamp 
signal linear with temperature and compensated 
for ambient temperature. 




Wavelength, pim 

Figure 14.60 Atmospheric absorption of infrared radiation. 




292 Temperature measurement 




Figure 14.61 Radiation thermometer transmitter, Courtesy Sirius Instruments Ltd. 



With the growing use of microprocessors in 
instrumentation several manufacturers are intro- 
ducing instruments where the linearization and 
compensation are performed by a microcomputer. 

14.62.7 Radiation thermometer applications 

Infrared thermometers are currently used in a 
wide range of laboratory and industrial tempera- 
ture control applications. A few low- temperature 
examples include extrusion, lamination and dry- 
ing of plastics, paper and rubber, curing of resins, 
adhesives and paints, and cold rolling and form- 
ing of metals. 

Some high temperature examples include form- 
ing, tempering, and annealing of glass, smelting, 
casting, rolling, forging, and heat treating of metals, 
and calcining and firing of ceramics and cement. 

In short, the infrared thermometer can be used 
in almost any application in the range 0 to 
3600 ' C where its unique capabilities can turn a 
seemingly impossible measurement and control 
problem into a practical working process. Many 
processes now controlled manually can be con- 
verted into continuous, automated systems. 



14.7 Temperature measurement 
considerations 

14.7.1 Readout 

14.7.1.1 Loeal readout 

If temperature requires to be measured at a par- 
ticular point on. say, a chemical plant, what con- 



siderations govern the choice of instrument? The 
obvious first choice to most people is a liquid-in- 
glass thermometer. However, this requires that 
one must be able to get close enough to read the 
instrument accurately. A better solution is a dial 
thermometer. The type of instrument chosen will 
of course depend upon the accuracy and repeat- 
ability required. In general, and especially on 
bigger plants, local temperature measurement is 
for general surveillance purposes only; the meas- 
urement is probably not essential but is provided 
as a cross-check on the control instruments to 
provide operator confidence. An inexpensive 
bimetal thermometer is probably adequate. If 
greater accuracy is required then a capillary-type 
thermometer (see Sections 14.3.2-14.3.4) with 
a short capillary can be used, or where high 
accuracy is necessary an electrical technique 
may be specified. In the case of furnaces a port- 
able radiation instrument may be the best choice. 

Of course, on small plants not controlled from 
a separate control room all measurements will 
probably be local measurements. It is mainly in 
this situation that the higher accuracy local read- 
out is required. 

14.7.1.2 Remote reading thermometers 

The first question to ask in the selection of remote 
reading instruments is: what is the distance 
between the measurement point and the readout 
location? If that distance is less than, say. 100 
meters, capillary instruments may well be the best 
solution. However, if the distance is near the top 
limit vapor pressure instruments will probably be 
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ruled out. They may also not be usable if there is 
likely to be big ambient temperature variation at 
the readout point or along the length of the capil- 
lary. 

The next question is: what is the height difference 
between the thermometer bulb and the readout 
position? Long vertical runs using liquid-in-metal 
thermometers can cause measurement offsets due 
to the liquid head in the vertical capillary adding 
to (or the subtracting from) the pressure at the 
instrument Bourdon tube. In the case of height 
differences greater than, say, 10 meters, liquid 
thermometers are likely to be unsuitable. This 
then reduces the choice to gas-filled instruments. 
A further consideration when specifying instru- 
mentation on a new plant is that it is convenient 
from itinerary considerations to use as many 
instruments of the same type as possible. The 
choice of instrument is then dictated by the most 
stringent requirement. 

On large installations where many different 
types of instrument are being installed and espe- 
cially where pneumatic instrumentation is used, 
capillary instruments can run into an unexpected 
psychological hazard. Not infrequently a hard- 
pressed instrument technician has, on finding he 
has too long a capillary, been known to cut a 
length out of the capillary and rejoint the ends 
with a compression coupling. The result is, of 
course, disaster to the thermometer. Where on 
installation the capillary tube is found to be sig- 
nificantly too long it must be coiled neatly in 
some suitable place. The choice of that place 
may depend on the type of instrument. In gas- 
filled instruments the location of the spare coil is 
irrelevant but especially with vapor pressure 
instruments it wants to be in a position where it 
will receive the minimum of ambient temperature 
excursions to avoid introduction of measurement 
errors. 

For installations with long distances between 
the point of measurement and the control room it 
is almost essential to use an electrical measure- 
ment technique. For long runs resistance therm- 
ometers are to be preferred to thermocouples for 
two principal reasons. First, the copper cables 
used for connecting resistance bulbs to their read- 
out equipment are very much less expensive than 
thermocouple wire or compensating cable. Sec- 
ond, the resistance thermometer signal is a higher 
level and lower impedance than most thermo- 
couple signals and is therefore less liable to elec- 
trical interference. 

An added advantage of electrical measure- 
ments is that, whether the readout is local or 
remote, the control engineer is given wider 
options as to the kinds of readout available to 
him. Not only does he have a choice of analog or 
digital readout but he can also have a wider range 



of analog readouts, since they are not limited to a 
rotary dial. 

14.7. 1.3 Temperature transmitters 

On large installations, or where a wide variety of 
different measurements are being made with a 
wide range of instrumentation, it is more usual 
to transfer the signal from the measurement point 
to the control area by means of temperature 
transmitters. This has the great advantage of 
allowing standardization of the readout equip- 
ment. Also, in the case of electrical transmission, 
by, say, a 4—20 milliamp signal, the measurement 
is much less liable to degradation from electrical 
interference. Also, the use of temperature trans- 
mitters allows the choice of measurement tech- 
nique to be unencumbered by considerations of 
length of run to the readout location. 

The choice of electrical or pneumatic trans- 
mission is usually dictated by overall plant policy 
rather than the needs of the particular measure- 
ment, in this case temperature. However, where 
the requirement is for electrical temperature mea- 
surement for accuracy or other considerations the 
transmission will also need to be electrical. (See 
Part 4, Chapter 29.) 

14.7.1.4 Computer-compatible measurements 

With the increasing use of computer control of 
plants there is a requirement for measurements to 
be compatible. The tendency here is to use thermo- 
couples, resistance thermometers, or where the 
accuracy does not need to be so high, thermistors 
as the measuring techniques. The analog signal is 
either transmitted to an interface unit at the con- 
trol room or to interface units local to the mea- 
surement. The latter usually provides for less 
degradation of the signal. 

As most industrial temperature measurements 
do not require an accuracy much in excess of 0.5 
percent it is usually adequate for the interface 
unit to work at eight-bit precision. Higher preci- 
sion would normally only be required in very 
special circumstances. 

14.7.1.5 Temperature controllers 

While thermometers, in their widest sense of 
temperature measurement equipment, are used 
for readout purposes, probably the majority of 
temperature measurements in industrial applica- 
tions are for control purposes. There are there- 
fore many forms of dedicated temperature 
controllers on the market. As briefly described 
in Section 14.3.5.1, the simplest of these is a 
thermostat. 
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Thermostats A thermostat is a device in which 
the control function, usually electrical contacts 
but sometimes some other control function such 
as a valve, is directly controlled by the measure- 
ment action. The instrument described in Section 
14.3.5.1 uses solid expansion to operate electrical 
contacts, but any of the other expansion tech- 
niques may be used. In automotive applications 
the thermostat in an engine cooling system is a 
simple valve directly operated either by vapor 
pressure or change of state, e.g., the change of 
volume of wax when it melts. 

Thermostats, however, are very imprecise 
controllers. In the first place their switching 
differential (the difference in temperature 
between switch-off and switch-on) is usually 
several Kelvin. Second, the only adjustment is 
setpoint. 

Contact dial thermometers A first improvement 
on a thermostat is the use of a contact dial therm- 
ometer. The dial of this instrument carries a sec- 
ond pointer, the position of which can be set by 
the operator. When the indicating pointer reaches 
the setpoint pointer they make electrical contact 
with one another. The current that then flows 
between the pointers operates an electrical relay 
which controls the load. In this case the switching 
differential can be very small, typically a fraction 
of a Kelvin. 

Proportional temperature controllers Dedicated 
one-, two- or three-term temperature control- 
lers are available in either pneumatic or elec- 
tronic options. The use of such controllers is 
mainly confined to small plants where there is 
a cost advantage in avoiding the use of trans- 
mitters. 

In the case of pneumatic controllers the input 
measurement will be liquid, vapor pressure, or 
gas expansion. The Bourdon tube or bellows 
used to measure the pressure in the capillary 
system operates directly on the controller 
mechanism. 

However, in recent years there has been an 
enormous increase in the number of electronic 
temperature controllers. The input to these 
instruments is from either a thermocouple or a 
resistance thermometer. The functions available 
in these controllers vary from on/off control to 
full three-term proportional, integral, and deriva- 
tive operation. Some of the more sophisticated 
electronic controllers use an internal micropro- 
cessor to provide the control functions. Some 
units are available with the facility to control 
several temperature control loops. Of course the 
use of an internal microprocessor can make direct 
computer compatibility a simple matter. 



14.7.2 Sensor location considerations 

To obtain accurate temperature measurement 
careful consideration must be given to the siting 
of temperature sensing probes. Frequently in 
industrial applications temperature measuring 
equipment does not live up to the expectations 
of the plant design engineer. The measurement 
error is not infrequently ten or even twenty times 
the error tolerance quoted by the instrument 
manufacturer. 

Large measurement errors in service may be 
due to the wrong choice of instrument but more 
frequently the error is due to incorrect location 
of the measurement points. Unfortunately the 
location of temperature sensors is dictated by 
the mechanical design of the plant rather than 
by measurement criteria. 



14.7.2.1 Immersion probes 

To minimize errors in the measurement of the 
temperature of process fluids, whether liquid or 
gas, it is preferable to insert the sensor so that it is 
directly immersed in the fluid. The probe may be 
directly dipped into liquid in an open vessel, 
inserted through the wall of the vessel, or inserted 
into a pipe. 

Measurement of liquid in vessels Temperature 
measurement of liquid in a plant vessel may illus- 
trate the dilemma of the control engineer when 
faced with mechanical problems. Consider Figure 
14.62, which represents a vessel filled with liquid 
and stirred by a double anchor agitator. The ideal 
place to measure the temperature would be some- 
where near the center of the mass at, say, T1 . The 
best arrangement would seem to be a dip probe 
T2. But even though the design level of the liquid 
is at A in operation the liquid level may fall as low 
as B leaving probe T2 dry. The only remaining 
possibility is T3. This is not a very good approach 
to T1 and is subject to error due to conduction of 
heat from or to the vessel wall. 

An approach that can be used if the tempera- 
ture measurement is critical is to mount a com- 
plete temperature measuring package onto the 
shaft of the agitator. Wires are then brought up 
the shaft out of the vessel from where the tem- 
perature signal can be taken off with slip rings, 
inductively coupled, or radio telemetered to a 
suitable receiver. This is, of course, only possible 
where the temperature of the process is within 
the operating range of the electronics in the mea- 
surement package. The use of slip rings is not 
very satisfactory as they add unreliability, but 
in the absence of slip rings the package must 
also carry its own power supply in the form of 
batteries. 
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Figure14.62 Problems associated with temperature 
measurement in a stirred vessel. 

Probes in pipes or duels There is frequently a 
requirement to measure the temperature of a fluid 
flowing in a pipe. This is usually straightforward, 
but there are still points to watch out for. Figure 
14.63 shows three possible configurations for 
insertion into a pipe. The most satisfactory 
arrangement is to insert the thermometer probe 
into the pipe at a bend or elbow. Figure 14.63(a) 
shows this arrangement. Points to note are: 

(a) To ensure that the probe is inserted far 
enough for the sensitive length to be wholly 
immersed and far enough into the fluid to minim- 
ize thermal conduction from the sealing coupling 
to the sensor. 

(b) To insert the probe into the direction of flow 
as indicated. The reasons for this are to keep the 
sensor ahead of the turbulence at the bend, which 
could cause an error due to local heating, and to 
remove the effects of cavitation that could occur at 
the tip of a trailing probe. Figure 14.63(b) shows 
the problem that can arise in small pipes where the 
probe can cause serious obstruction to the flow. 

Where it is not possible to put the thermometer 
at a bend in the pipe it can be inserted radially 
provided the pipe is big enough. Great care 
should be taken to ensure complete immersion 
of the sensitive portion of the probe. Figure 
14.63(c) illustrates this problem. A better solution 
is diagonal insertion as shown at (d). Again the 
probe should point into the direction of flow. 






Figure14.63 Problems associated with location of 
thermometer probe in pipe: (a) preferred arrangement, 

(b) probe obstructing pipe, (c) sensitive area of probe not 
fully immersed, (d) alternative preferred arrangement, 
sensitive portion of probe shaded. 

When measuring temperature in large pipes or 
ducts it must be remembered that the temperature 
profile across the pipe may not be constant. This is 
especially true for large flue stacks and air-cond- 
itioning ducts. The center liquid or gas is usually 
hotter (or colder in refrigerated systems) than that 
at the duct wall. In horizontal ducts carrying slow- 
moving air or gas the gas at the top of the duct will 
be significantly hotter than that at the bottom of 
the duct. In these circumstances careful considera- 
tion must be given as to how a representative 
measurement can be obtained; it may well be 
necessary to make several measurements across 
the duct and average the readings. 

1 4. 7. 2. 2 Radiation errors 

Gas temperature measurements present extra pro- 
blems compared with temperature measurements 
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Figure 14.64 Radiation shield for gas temperature 
measurement. 




in liquids. The difficulties arise from two sources. 
First, the relatively low thermal conductivity and 
specific heat of gases result in a poor heat transfer 
from the gas to the sensing element. This results 
in a slow response to temperature changes. Sec- 
ond, since most gases are transparent at least to a 
substantial part of the thermal radiation spec- 
trum significant measurement errors are likely 
to occur, as mentioned in Section 14.6. Consider 
a thermometer bulb inserted into a pipe contain- 
ing a gas stream. The walls of the pipe or duct are 
likely to be at a different temperature to the gas, 
probably, but not necessarily, cooler. This means 
that while the thermometer is being warmed by 
receiving heat by contact with the gas it is also 
losing heat by radiation to the pipe wall, and if the 
wall is cooler than the gas the thermometer will 
lose more heat than it receives and will therefore 
register a lower temperature than the true gas 
temperature. Likewise if the pipe wall is hotter 
than the gas then the thermometer reading will 
be too high. This error can be reduced by 
surrounding the sensitive part of the thermometer 
probe with a cylindrical shield with its axis parallel 
to the pipe axis. This shield will reach a tempera- 
ture intermediate between that of the pipe wall and 
that of the gas. Figure 14.64. Where more precise 
measurements are required an active shield may be 
employed. In this case a second thermometer is 
attached to the shield which is also provided with 
a small heater. This heater’s output is controlled 
via a controller so that the two thermometers, the 
one in the gas and the one on the shield, always 
indicate identical temperatures. In this state the 
thermometer will be receiving exactly the same 
amount of radiation from the shield as it radiates 
back to the shield. Figure 14.65 shows this 
arrangement. 

14.7. 2. 3 Thermometer pockets, thermowells 

The direct immersion of temperature sensing 
probes into process fluid, while being the opti- 



mum way to get an accurate measurement, has its 
disadvantages. First, it has disadvantages from 
the maintenance point of view: normally the sen- 
sing probe cannot be removed while the plant is 
on stream. Second, in the case of corrosive pro- 
cess streams special corrosion-resistant materials 
may need to be used. Standard temperature 
gauges are normally only available in a limited 
range of materials, typically brass, steel, stainless 
steel, or ceramic, so a sheath or thermometer 
pocket or thermowell can be used to protect the 
temperature sensing probe. 

The use of a thermometer pocket does degrade 
the measurement accuracy of the instrumentation. 

Figure 14.66 shows a thermometer pocket 
mounted in the wall of a steam-jacketed process 
vessel. The thermometer probe receives heat from 
the wall of the pocket by conduction where it 
touches it and by radiation at other places. The 
inner wall of the pocket receives heat from the 
process fluid and by conduction in this case from 
the steam jacket of the vessel. In the case of a 
short pocket the heat conducted along the pocket 




Figure 14.66 Thermometer pocketor thermowell. 
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Figure 14.67 Taylor thsrmospeed separable well 
system. Courtesy ABB Instrument Group. 



can cause a significant measurement error, caus- 
ing too high a reading. In the situation where the 
outer jacket of the vessel is used for cooling the 
vessel, for example, a cooling water jacket, the 
heat flow will be away from the sensing probe and 
consequently the error will be a low measure- 
ment. This conduction error is only significant 
where the thermometer pocket is short or where 
the pocket is inserted into a gas stream. To mini- 
mize the error the length of the pocket should be 
at least three times the length of the sensitive area 
of the probe. 

The use of a thermowell or pocket will also 
slow down the speed of response of an instrument 
to temperature changes. A directly immersed 
thermometer probe will typically reach thermal 
equilibrium within 30 to 90 seconds. However, 
the same probe in a thermometer pocket may 
take several minutes to reach equilibrium. This 
delay to the instrument response can be improved 
in those cases where the pocket is mounted verti- 
cally pointed downwards, or in any position where 
the closed end is generally lower than the mouth, 
by filling it with a heat-transfer liquid. This liquid 
is usually a silicone oil. 

An alternative method for improving the rate 
of heat transfer between the pocket and the bulb is 
illustrated in Figure 14.67. A very thin corrugated 
aluminum or bronze sleeve is inserted between the 
bulb and pocket on one side. This forces the bulb 
over to the other side, ensuring metal-to-metal 
contact on this side, while on the other side, 
the sleeve itself, being made of aluminum which 
has a high thermal conductivity, provides a rea- 
sonable path for the heat. In addition, the bulb 
should be placed well down the pocket to reduce 
the possibility of errors due to heat conducted by 
the pocket to the outside with consequent reduc- 
tion of the temperature at the bulb. 

The errors associated with thermal conduction 
along the thermometer pocket are of course more 
critical in the case of gas temperature measure- 
ment, as the thermal transfer from gas to therm- 
ometer is not nearly as good as it is from liquid. 

14.7.2.4 Effect of process fluid flow rare 

Two sources of error in temperature measure- 
ment are clearly identified. 



Fractional heating Where the process fluid flows 
past a probe at high velocity there is, especially in 
the case of gases, a frictional heating effect. The 
magnitude of the effect is not easily evaluated but 
it is advisable if possible to site the probe at a 
location where the fluid velocity is low. 

Conductive cooling Resistance thermometers 
and thermistors depend for their operation on 
an electric current flowing through them. This 
current causes a small heating effect in the sensor. 
When such a sensor is used for liquid temperature 
measurement the relatively high specific heat of 
most liquids ensures that this heat is removed and 
the sensor temperature is that of the liquid. How- 
ever, in gas measurement the amount of heat 
removed is a function of the gas velocity and thus 
a variable source of error can arise dependent on 
flow rate. In a well designed instrument this error 
should be very small but it is a potential source of 
error to be borne in mind. 

Cavitation Liquid flowing past a thermometer 
probe at high speed is liable to cause cavitation 
at the downstream side of the probe. Apart from 
any heating effect of the high flow rate the cavita- 
tion will generate noise and cause vibration of the 
probe. This vibration is likely in due course to 
cause deterioration or premature catastrophic 
failure of the probe. 

/ 4. 7. 2 . 5 Surface temperature measurement 

Where the temperature of a surface is to be mea- 
sured this can be done either with a temperature 
probe cemented or clamped to the surface or 
where a spot measurement is to be made a sensor 
can be pressed against the surface. In the former 
arrangement, which is likely to be a permanent 
installation, the surface in the region of the sensor 
itself can be protected from heat loss by lagging 
with thermally insulating material. Provided heat 
losses are minimized the measurement error can 
be kept small. Errors can be further reduced 
where the sensor is clamped to the surface by 
coating the surface and the sensor with heat-con- 
ducting grease. This grease is normally a silicone 
grease heavily loaded with finely ground alumina. 
A grease loaded with beryllium oxide has better 
heat transfer properties. However, since beryl- 
lium oxide is very toxic this grease must be 
handled with the greatest of care. 

Where spot measurements are to be made, 
using, for instance, a hand-held probe, it is difficult 
to get accurate readings. The normal practice is to 
use a probe mounted on a spring so that it can take 
up any reasonable angle to press flat against 
the surface to be measured. The mass of the probe 
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tip is kept as small as possible, usually by using a 
thermocouple or thermistor, to keep the thermal 
mass of the probe to a minimum. Again, accuracy 
can be improved somewhat by using thermally 
conducting grease. Figure 14.40 shows a typical 
hand-held probe. 

14.7.3 Miscellaneous measurement techniques 

Temperature measurement may be the primary 
measurement required for the control of a plant. 
There are, however, many cases where tempera- 
ture measurement is a tool to get an indication of 
the conditions in a plant. For instance, in distilla- 
tion columns it is more convenient and quicker to 
judge the compositions of the offtake by tempera- 
ture measurement than to install on-line analyzers, 
and as a further bonus the cost of temperature 
measurement is very significantly less than the 
cost of analyzers. 

The reverse situation also exists where it is not 
possible to gain access for a thermometer to the 
region where the temperature requires to be 
known. In this instance some indirect measure- 
ment technique must be resorted to. One case of 
indirect measurement that has already been dealt 
with at some length is the case of radiation therm- 
ometers. 

14.7.3.1 Pyrometrfc cones 

At certain definite conditions of purity and pres- 
sure, substances change their state at fixed tem- 
peratures. This fact forms a useful basis for fixing 
temperatures, and is the basis of the scales of 
temperature. 

For example, the melting points of metals give 
a useful method of determining the electromotive 
force of a thermocouple at certain fixed points on 
the International Practical Temperature Seale as 
has been described. 

In a similar way, the melting points of mixtures 
of certain minerals are used extensively in the 
ceramic industry to determine the temperature of 
kilns. These minerals, being similar in nature to 
the ceramic ware, behave in a manner which indi- 
cates what the behavior of the pottery under simi- 
lar conditions is likely to be. The mixtures, which 
consist of silicate minerals such as kaolin or china 
clay (aluminum silicate), talc (magnesium sili- 
cate), felspar (sodium aluminum silicate), quartz 
(silica), together with other minerals such as cal- 
cium carbonate, are made up in the form of cones 
known as Seger cones. By varying the composi- 
tion of the cones, a range of temperature between 
600 °C and 2000 °C may be covered in convenient 
steps. 

A series of cones is placed in the kiln. Those of 
lower melting point will melt, but eventually a 



cone is found which will just bend over. This cone 
indicates the temperature of the kiln. This can be 
confirmed by the fact that the cone of next higher 
melting point does not melt. 

Since the material of the cone is not a very good 
conductor of heat, a definite time is required for 
the cone to become fluid, so that the actual tem- 
perature at which the cone will bend will depend to 
a certain extent upon the rate of heating. In order 
to obtain the maximum accuracy, which is of the 
order of d=10°C, the cones must, therefore, be 
heated at a controlled rate. 

14.7.3.2 Temperature-sensitive pigments 

In many equipment applications it is necessary to 
ensure that certain components do not exceed a 
specified temperature range. A typical case is the 
electronics industry, where it is essential that semi- 
conductor components remain within their rather 
limited operating range, typically -5°C to 85 C C, 
or for equipment to military specification -40 °C 
to 125°C. These components are too small to fix 
all but the finest thermocouples to them. To deal 
with this situation temperature-sensitive paints can 
be used. These paints contain pigments which 
change color at known temperatures with an 
accuracy of ±1 °C. The pigments are available 
either having a reversible or a non-reversible 
color change, the latter being the more usually 
used. In the case above, a semiconductor compo- 
nent in an electronic machine can have two spots 
of paint put on its case having color changes at, 
say, 0°C and 110°C. On subsequent inspection, 
perhaps after equipment failure, it can be seen at 
once whether that component has been beyond its 
temperature tolerance. 

As an alternative to paint these pigments are 
available on small self-adhesive labels. In either case 
they are available for temperatures within the range 
of 0 °C to about 350 °C in steps of about 5 degrees. 

14.7.3.3 Liquid crystals 

A number of liquids, mainly organic, when not 
flowing tend to form an ordered structure with, 
for instance, all the molecules lying parallel to one 
another. This structure is maintained against the 
thermal agitation by weak intermolecular bonding 
such as hydrogen bonding. These bonds hold 
the structure until the weak bonds between the 
molecules get broken, as will occur when the 
liquid begins to flow. The structure can also be 
changed by electric fields, magnetic fields, or 
temperature. Different compounds respond to dif- 
ferent stimuli. Most people will be familiar 
with the liquid crystal displays on digital watches 
and pocket calculators. These displays use com- 
pounds sensitive to electric fields. 
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However, in this section we are interested in 
those liquid crystalline compounds that respond 
primarily to temperature. The compounds 
involved are a group of compounds derived from 
or with molecular structures similar to choles- 
terol. They are therefore called cholesteric 



compounds. Cholesteric liquids are extremely 
optically active as a consequence of their forming 
a helical structure. The molecules have a largely 
flat form and as a result lie in a laminar arrange- 
ment.. However. the molecules have side groups 
which prevent them lying on top of one another 



Incident ray of light 









300 Temperature measurement 



in perfect register. The orientation of one layer of 
molecules lies twisted by a small angle compared 
to the layer below. This helical structure rotates 
the plane of polarization of light passing through 
the liquid in a direction perpendicular to the 
layers of molecules. Figure 14.68 illustrates this 
effect diagrammatically. The optical effect is very 
pronounced, the rotation of polarization being of 
the order of 1000° per millimeter of path length. 
The laminar structure can be enhanced by con- 
fining the cholesteric liquid between two parallel 
sheets of suitable plastic. The choice of polymer 
for this plastic is based on two prime require- 
ments. First, it is required to be transparent to 
light, and second, it should be slightly chemically 
active so that the liquid crystal molecules adja- 
cent to the surface of the polymer are chemically 
bonded to it with their axes having the required 
orientation. 

When used for temperature measurement the 
liquid crystal is confined between two sheets of 
transparent plastic a few tens of micrometers 
apart. The outer surface of one plastic layer is 
coated with a reflective layer; see Figure 14.69. In 
(a) a light ray enters the sandwich and travels to 
the bottom face where it is reflected back. Since 
the liquid crystal is in its ordered form it is opti- 
cally active. The reflected ray interferes destruc- 



tively with the incident ray and the sandwich 
looks opaque. In (b), however, the liquid crystal 
is above the temperature at which the ordered 
structure breaks up. The material is no longer 
optically active, and the light ray is reflected 
back in the normal way — the material looks 
transparent. 

The temperature at which the ordered 
structure breaks up is a function of the exact 
molecular structure. Using polarized light a 
noticeable change in reflected light occurs for 
a temperature change of 0.001 °C. In white light 
the effect occurs within a temperature range 
of 0.1 °C. Both the appearance of the effect 
and the exact temperature at which it occurs 
can be affected by addition of dyes or other 
materials. 

14,7.3.4 Thermal imaging 

In Section 14.6 the measurement of temperature 
by infrared and visual radiation was discussed in 
some detail. This technique can be extended to 
measure surface temperature profiles of objects. 
This is known as thermal imaging. The object to 
be examined is scanned as for television but at a 
slower rate and in the infrared region instead of 
the optical part of the spectrum. The signal so 





Figure 14.69 Destructive interference of reflected ray in liquid crystal. 





Figure 14.70 Radiation thermometer for gas turbine blades. 
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Figure 14.71 Measurement of the temperature profile of 
gas turbine blades: (a) geometry of focusing of 
thermometer, (b) temperature profile as “seen" by radiation 
thermometer and electrical output. 



obtained is displayed on a visual display unit. 
This then builds up an image of the object as 
“seen” by the infrared radiation from its surface. 
As well as producing a “picture” of the object, the 
temperature of the surface is indicated by the 
color of the image, producing a temperature 
map of the surface. Surface temperatures can be 
so imaged to cover a wide range from sub-ambi- 
ent to very high temperatures. The technique has 
a very high resolution of temperature of the order 
of a small fraction of a °C. Applications are to be 
found in such diverse fields as medicine and geo- 
logical survey from space. 

The technique is dealt with in very much 
greater detail in Part 3, Chapter 21. 

14.7.3.5 Turbine blade temperatures 

In the development and design of gas turbines there 
is a requirement to measure the temperature and 
temperature profile of the turbine rotor blades. This 
presents some problems, as the turbine may be 
running at speeds of the order of 25,000 revolutions 
per minute. The rotor may consist of. say, 50 blades 
so that the time available to measure each blade 
temperature profile as it passes a point will be about 
a microsecond. A technique has been developed by 
Land Infrared Ltd. to carry out this measurement 
using fiber optic radiation thermometers. In this 
arrangement a small optical probe is inserted 
through the turbine wall and focused onto the rotor 
blades. The probe is connected by a fiber optic 
cable to a detector head amplifier unit nearby. 
Figure 14.70 shows a schematic diagram of focus- 
ing a measurement head. By designing the probe so 
that it focuses on a very small target area it is pos- 
sible to “read” a turbine blade temperature profile 
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as it passes the target spot. Figure 14.71 shows the 
installation arrangement schematically at (a), and 
at (b) shows the theoretical and actual signal from 
the radiation thermometer. The degradation 
between the theoretical and actual signal is a func- 
tion of the speed of response of the detector and the 
frequency bandwidth of the electronics. The theor- 
etical signal consists of a sawtooth waveform. The 
peak represents the moment when the next blade 
enters the target area. The hottest part of the blade 
is its leading edge, the temperature falling towards 
the trailing edge. The signal falls until the next blade 
enters the field. The output from the thermometer 
can be displayed, after signal conditioning, on an 
oscilloscope or can be analyzed by computer. 
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15.1 Introduction to chemical 
analysis 

Fifty years ago, analytical chemistry depended 
almost entirely on measurements made gravimet- 
rically and by titrimetry and students were taught 
that the essential steps in the process were 
sampling, elimination of interfering substances, 
the actual measurement of the species of concern, 
and finally, the interpretation of results. Each step 
required care, and, often, substances were ana- 
lyzed completely so that the components could 
be checked to total to within an acceptable reach 
of 100 percent. 

Classical analytical methods are still used from 
time to time, generally for calibrating instru- 
ments, but during the last thirty years, the ana- 
lytical chemistry scene has changed considerably. 
Spectroscopy and other physical methods of ana- 
lysis are now widely used, and a comprehensive 
range of chemical measuring instruments has 
been developed for specific techniques of analysis. 
This has meant that chemical analysis is now 
carried out as a cooperative effort by a team of 
experts, each having extensive knowledge of their 
own specialist technique, e.g., infrared absorption, 
emission spectrography, electrochemistry, gas 
chromatography, while also having considerable 
knowledge of the capabilities of the methods used 
by other members of the team. 

Thus the analytical chemist has become more 
than just a chemist measuring the chemical com- 
position of a substance; he is now a problem solver 
with two more steps in the analytical process — one 
at the beginning, “definition of the problem,"' and 
another at the end, “solution to the problem.” This 
means that the analytical chemist may measure 
things other than narrowly defined chemical com- 
position — they may decide, for example, that pH 
measurements are better than analysis of the final 
product for controlling a process or that informa- 
tion on the valency states of compounds on the 
surface of a metal is more important than deter- 
mining its composition. 

Many elegant techniques have now become 
available for the analytical chemist's armory with 
beautifully constructed electronic instruments, 



many complete with microprocessors or built-in 
computers. However, the analytical chemist 
should beware of becoming obsessed solely with 
the instruments that have revolutionized analytical 
chemistry and remember that the purpose of their 
work is to solve problems. They must have an 
open and critical mind so as to be able to evaluate 
the analytical instruments available — it is not 
unknown for instrument manufacturers in their 
enthusiasm for a new idea to emphasize every 
advantage of a technique without mentioning 
major disadvantages. It should also be remem- 
bered that, although modern analytical instrumen- 
tation can provide essential information quickly, 
misleading information can equally easily be ob- 
tained by inexperienced or careless operators, and 
chemical measuring instruments must be checked 
and recalibrated at regular intervals. 

Choosing the correct analytical technique or 
instrument can be difficult because several consid- 
erations have to be taken into account. First of all 
one must ensure that the required range of concen- 
trations can be covered with an accuracy and pre- 
cision that is acceptable for the required purpose. 
Then one must assess the frequency with which a 
determination must be made in order to set the time 
required for an analysis to be made or the speed 
of response of an instrument. This is particularly 
important if control of an ongoing process 
depends on results of an analysis but is of less 
importance when the quality of finished products 
is being determined where ease of handling large 
numbers of samples may be paramount. Many 
requirements are conflicting, and decisions have to 
be made on speed versus accuracy, cost versus 
speed, cost versus accuracy, and correct decisions 
can only be made with a wide knowledge of analyt- 
ical chemistry and of the advantages and limit- 
ations of the many available analytical techniques. 
An important consideration is the application of 
the analytical instrument. This can be in a labora- 
tory, in a rudimentary laboratory or room in a 
chemical plant area or working automatically on- 
stream. It is obvious that automatic onstream 
instrumentation will be much more complex and 
expensive than simple laboratory instruments 
because the former must withstand the hostile 
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environment of the chemical plant and be capable 
of coping with temperature changes and plant vari- 
ables without loss of accuracy. Such instruments 
have to be constructed to work for long continuous 
periods without exhibiting untoward drift or being 
adversely affected by the materials in the plant 
stream being monitored. 

Laboratory instruments, on the other hand, can 
be much simpler. Here the essential is a robust, 
easy-to-use instrument for a unique determination. 
Temperature compensation can be made by man- 
ual adjustment of controls at the time of making a 
determination, and the instrument span can be set 
by use of standards each time the instrument is 
used. Thus, there is no problem with drift. Labora- 
tory instruments in general-purpose laboratories, 
however, can be as complex and costly as on- 
stream instruments but with different require- 
ments. Here flexibility to carry out several deter- 
minations on a wide variety of samples is of prime 
importance, but again temperature compensation 
and span adjustment can be carried out manually 
each time a determination is made. More expen- 
sive instruments use microprocessors to do such 
things automatically, and these are becoming com- 
mon in modem laboratories. Finally, although the 
cost of an analytical instrument depends on its 
complexity and degree of automation, there are 
other costs, which should not be forgotten. Instru- 
ment maintenance charges can be appreciable, and 
there is also the cost of running an instrument. The 
latter can range from almost nothing in the case of 
visible and ultraviolet spectrometers to several 
thousand pounds a year for argon supplies to 
inductively coupled plasma spectrometers. Many 
automatic analytical instruments require the pre- 
paration of reagent solutions and this, too, can 
involve an appreciable manpower requirement, 
also something which should be costed. 

More detailed analysis of the factors affecting 
the costing of analytical chemistry techniques and 
instrumentation is beyond the scope of this chap- 
ter, but other chapters in this reference book give 
details and comparisons of analytical instrumenta- 
tion for many applications. It is arranged with 
large chapters on electrochemical and spectrochem- 
ical techniques and further chapters on the applica- 
tions of gas analysis and humidity measuring 
instruments. For completeness, the remainder of 
this chapter contains brief descriptions of chroma- 
tography, thermal analysis and poLarography. 



15.2 Chromatography 

15.2.1 General chromatography 

Around 1900 M.S. Tswett used the adsorbing 
power of solids to separate plant pigments and 



coined the term chromatography for the method. 
It was then not used for twenty years; then 
the method w^as rediscovered and used for the 
separation of carotenes, highly unsaturated hydro- 
carbons to which various animal and plant sub- 
stances (e.g., butter and carrots) owe their color. 

Chromatography is thus a separating proced- 
ure with the actual measurement of the separated 
substance made by another method, such as 
ultraviolet absorption or thermal conductivity, 
but as it is such a pou'erful analytical tool it will 
be dealt with here as an analytical method. 

All chromatographic techniques depend on 
the differing distributions of individual com- 
pounds in a mixture between two immiscible 
phases as one phase (the mobile phase) passes 
through or over the other (the stationary phase). 
In practice the mixture of compounds is added 
to one end of a discrete amount of stationary 
phase (a tubeful) and the mobile phase is then 
introduced at the same end and allowed to pass 
along the stationary phase. The mixture of com- 
pounds is eluted, the compound appearing first 
at the other end of the stationary phase being 
that which has the smallest distribution into the 
stationary phase. As the separated compounds 
appear at the end of the stationary phase they 
are detected either by means of unique detectors 
or by general-purpose detectors which sense the 
compound only as an impurity in the mobile 
phase. 

The apparatus used varies according to the 
nature of the two phases. In gas chromatography, 
the mobile phase is a gas with the stationary 
phase either a solid or a liquid. This is described 
in detail in Chapter 18. Liquid chromatography 
covers all techniques using liquid as a mobile 
phase — these are column chromatography (liquid/ 
liquid or liquid/solid), paper chromatography 
and thin layer chromatography. 



15.2.2 Paper chromatography and thin layer 
chromatography 

In paper chromatography the separation is car- 
ried out on paper, formerly on ordinary filter 
papers but more recently on papers specially 
manufactured for the purpose. These are made 
free from metallic impurities and have reproducible 
thickness, porosity, and arrangement of cellulose 
fibers. 

The paper used (w'hich must not have been 
dried) contains adsorbed water and so paper 
chromatography can be regarded as an absorp- 
tion process. However, the characteristics of the 
paper can be changed by applying specific liquids 
to it. Silicone oils, paraffin oil, petroleum jelly, 
and rubber Latex can be used to give a paper with 
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non-polar liquid phases. Specially treated papers 
are also available, such as those containing ion 
exchange resins. Papers for paper chromatog- 
raphy can also be made of glass fibers or nylon 
as well as cellulose. 

In thin layer chromatography, instead of using 
paper, a thin layer of an adsorbing substance such 
as silica gel is coated onto a glass or plastic plate. 
A very small volume of sample (~30 p\) is trans- 
ferred onto one end of the plate, which is then 
placed in a closed tank dipping into a solvent, 
the mobile phase. As the mobile phase moves 
along the plate the components of the sample are 
separated into a series of spots at different dis- 
tances from the sample starting position. Figure 
15.1 shows alternative arrangements. The location 
of the spots can be identified by their color, or if 
colorless by spraying the plate with a reagent that 
produces a visible color (or UV-detectable absorb- 
ance) with the compounds of interest. The position 
of the spots identifies the compound, the intensity 
of the color, the concentration. 

To establish a method for a particular mixture 
of compounds one has to select suitable adsorb- 
ents, solvents, or mixtures of solvents, and a 
sensitive and selective reagent for detecting the 
separated compounds. There are many textbooks 
which discuss this in detail and give applications 
of the technique. 
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Figure15.1 Apparatus for paper or thin-layer 
chromatography: (a) descending eluant used with paper 
chromatography, (b) ascending eluant used with paper 
chromatography or TLC. 



The apparatus used for measuring the separ- 
ated substances in both paper and thin layer 
chromatography is quite straightforward labora- 
tory-type equipment, for example, visible/ultra- 
violet spectrometers to determine the color 
density or the UV absorbance of the spots. 

Thin layer chromatography is generally found 
to be more sensitive than paper chromatography, 
development of the chromatogram is faster and it 
is possible to use a wider range of mobile phases 
and reagents to detect the position of the spots. 
Uses include the determination of phenols, carci- 
nogenic polynuclear aromatic hydrocarbons, 
non-ionic detergents, oils, pesticides, amino acids, 
and chlorophylls. 



1 5. 2. 2 . 7 High-performance liquid chromatography 

Although liquid chromatography in columns was 
used by Tswett at the beginning of the twentieth 
century, an improved, quantitative version of the 
technique, high-performance liquid chromatog- 
raphy (HPLC), has been fully developed more 
recently. By using precision instruments, determin- 
ation of trace organic and inorganic materials at 
concentrations of 10” 6 to 10” ,2 g are possible. 
There are also several advantages of HPLC over 
other chromatographic techniques. HPLC is more 
rapid and gives better separations than classical 
liquid chromatography. It also gives better repro- 
ducibility, resolution, and accuracy than thin layer 
chromatography, although the latter is generally 
the more sensitive technique. A large variety of 
separation methods is available with HPLC: 
liquid/liquid; liquid/solid: ion exchange, and exclu- 
sion chromatography; but, again, the sensitivity 
obtainable is less than with gas chromatography. 

Classical column liquid chromatography, in 
which the mobile liquid passed by gravity 
through the column of stationary phase, was used 
up to about 1946-50. In these methods a glass 
column was packed with a stationary phase such 
as silica gel and the sample added at the top of the 
column. Solvent, the mobile phase, was then 
added at the top of the column, and this flowed 
through under the force of gravity until the sam- 
ple components were either separated in the col- 
umn or were sequentially eluted from it. In the 
latter case components were identified by refract- 
ive index or absorption spectroscopy. This type of 
elution procedure is slow (taking several hours), 
and the identification of the components of the 
sample is difficult and time-consuming. 

Modern high-performance liquid chroma- 
tography equipment has considerably better per- 
fo nuance and is available from many chemical 
measuring instrument manufacturers. The main 
parts of a general-purpose HPLC apparatus are 
as shown in Figure 15.2. 
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The system consists of a reservoir and degassing 
system, a gradient device, a pump, a pulse dampener, 
a pre-column, a separating column, and a detector. 

Reservoir and degassing system The capacity of 
the reservoir is determined by the analysis being 
carried out; generally, 1 liter is suitable. If oxygen 
is soluble in the solvent being used, it may need to 
be degassed. This can be done by distilling the 
solvent, heating it with stirring, or by applying a 
reduced pressure. 

Gradient devices If one wishes to change the 
composition of the mobile phase during the 
separation this can be done by allowing another 
solvent to flow by gravity into a stirred mixing 
vessel that contains the initial solvent and feeds 
the pump. This change of solvent mix is known as 
generating a solvent gradient. 

A better way is to pump the solvents separately 
into a mixing tube; the desired gradient (com- 
position) can be obtained by programming the 
pumps. This is elegant but expensive. 

Pumps Suitable pumps deliver about 10 ml of 
solvent per minute at pressures up to 70 bar. 
These can be pressurized reservoirs, reciprocat- 



ing pumps, motor-driven syringes, or pneumat- 
ically operated syringes. It is essential to arrange 
for pulseless liquid flow, and pulse damping may 
be required. This can be done by using small- 
bore tubes of small volume or by using sophis- 
ticated constant pressure control equipment. 

P re- column The solvent (the mobile phase) 
must be presaturated with the stationary liquid 
phase in the pre-column so that the stationary 
phase is not stripped off the analytical column. 

Sample introduction Samples can be injected onto 
the analytical column by injection by syringe through 
a septum or by means of a sample loop. Injection via 
a septum can be difficult because of the very high 
pressures in the column — -an alternative is stop-flow 
injection, where the solvent flow is stopped, the sam- 
ple injected, and then solvent flow and pressure 
restored. However, this can cause problems from 
the packing in the column shifting its position. 

Analytical columns Very smooth internal walls 
are necessary for efficient analytical columns, and 
very thick-walled glass tubing or stainless steel 
are the preferred materials. Connections between 
injection ports, columns, and detectors should be 
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of very low volume, and inside diameters of com- 
ponents should be of similar size. Tubing of 
2-3 mm internal diameter is most often used, and 
temperature control is sometimes necessary. This 
can be done by water-jacketing or by containing 
the columns within air-ovens. 

Stationary phases A very wide variety of mater- 
ials can be used as solid stationary phases for 
HPLC — a summary of materials to use has been 
compiled (R. E. Majors, Am. Lab., 4(5). 27, May 
1972). Particle sizes must be small: e.g., 35-50 pm 
and 25-35 pm. 

There are various methods of packing the sta- 
tionary phase into the column. Materials such as 
ion exchange resins, which swell w 7 hen they come 
into contact with a solvent, must be packed wet as 
a slurry. Other materials are packed dry, with the 
column being vibrated to achieve close packing. 
Packed columns should be evaluated before use 
for efficiency (a theoretical plate height of about 
0.1 mm), for permeability (pressure required), and 
speed, (Theoretical plate height is a measure of the 
separating efficiency of a column analogous to the 
number of separating plates in a liquid distillation 
column.) Guidance on column packing materials 
can be obtained from manufacturers such as 
Pechiney-St. Gobain, Waters Associates, E.M. 
Laboratories, Reeve Angel, Restek, Dupont, and 
Separations Group. 

Mobile phase The mobile phase must have the 
correct “polarity'’ for the desired separation, low 
viscosity, high purity and stability, and com- 
patibility with the detection system. It must also 
dissolve the sample and wet the stationary phase. 

Detectors Commercially available detectors 
used in HPLC are fluorimetric, conducliometric, 
heat of absorption detector, Christiansen effect 
detector, moving wire detector, ultraviolet 
absorption detector, and the refractive index 
detector. The last two are the most popular. 

Ultraviolet detection requires a UV-absorbing 
sample and a non-UV-absorbing mobile phase. 
Temperature regulation is not usually required. 

DitYerential refractometers are available for 
HPLC, but refractive index measurements are 
temperature-sensitive, and good temperature con- 
trol is essential if high sensitivity is required. The 
main advantage of the refractive index detector 
is wide applicability. 

HPLC has been applied successfully to analysis 
of petroleum and oil products, steroids, pesti- 
cides, analgesics, alkaloids, inorganic substances, 
nucleotides, flavors, pharmaceuticals, and envir- 
onmental pollutants. 



15.3 Polarography and anodic 
stripping voltammetry 

15.3.1 Polarography 

Polarography is an electrochemical technique, and 
a specific polarographic sensor for the onstream 
determination of oxygen in gas streams is 
described in Chapter 18. However, there are also 
many laboratory polarographic instruments; these 
are described briefly here together with the related 
technique of anodic stripping voltammetry. 

15.3.1.1 Direct current polarography 

In polarography an electrical cell is formed with 
tw'o electrodes immersed in the solution to be 
analyzed. In the most simple version of the tech- 
nique (d.c. polarography), the anode is a pool of 
mercury in the bottom of the cell (although it is 
often preferable to use a large capacity calomel 
electrode in its place), and the cathode consists of 
a reservoir of mercury connected to a fine glass 
capillary with its tip below the surface of the 
solution. This arrangement allows successive fine 
drops of mercury to fall through the solution to 
the anode at the rate of one drop of mercury 
every 3 or 4 seconds. Figure 15.3 shows the 
arrangement in practice. The voltage applied 
across the two electrodes is slowly increased at a 
constant rate and the current flowing is measured 
and recorded. 

Figure 15.4 show's the step type of record 
obtained; the oscillations in the magnitude of 
the current are due to the changing surface area 
of the mercury drop during the drop life. 

The solutions to be analyzed must contain an 
“inert’’ electrolyte to reduce the electrical resist- 
ance of the solution and allow diffusion to be 
the major transport mechanism. These electro- 
lytes can be acids, alkalis, or citrate, tartrate, and 
acetate buffers, as appropriate. The cells are 
designed so that oxygen can be removed from 
the solution by means of a stream of nitrogen, 
for otherwise the step given by oxygen would 
interfere with other determinations. The voltage 
range can run from +0.2 to -2.2 volts with 
respect to the calomel electrode. At the positive 
end the mercury electrode itself oxidizes; at the 
negative end the “inert” electrolyte is reduced. 

The potential at which reduction occurs in a 
given base electrolyte, conventionally the half- 
wave potential, is characteristic of the reducible 
species under consideration, and the polaro- 
gram (the record obtained during polarography) 
thus shows the reducible species present in the 
solution. The magnitude of the diffusion current 
is a linear function of the concentration of the 
ion in solution. Thus, in Figure 15.4. £+2 is 
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I d.c. polarogram 1 M HCI 

II d.c. polarogram of 5.0 X 10~ 4 /Vf Cd (ii) in 1 M HCI 

/ d Diffusion current 

E Half-wave potential 

1/2 

Figure15.4 Polarograms of cadmium in hydrochloric 
acid. Reprinted by courtesy of EG & G Princeton Applied 
Research and EG & G Instruments Ltd. 



characteristic of cadmium in a hydrochloric acid 
electrolyte and /<j is a measure of the amount of 
cadmium. The limit of detection for d.c. 
polarography is about 1 ppm. 



15. 3. 1. 2 Sampled d. c. polarography 

One disadvantage of the simple polarographic 
technique is that the magnitude of diffusion 
current has to be measured on a chart showing 
current oscillations (Figure 15.4). As these are 
caused by the changing surface area of the 
mercury drop during its lifetime an improve- 
ment can be made by using sampled d.c. polar- 
ography in which the current is measured only 
during the last milliseconds of the drop life. To 
do this the mercury drop time must be 
mechanically controlled. The resulting polaro- 
gram has the same shape as the d.c. polaro- 
gram, but is a smooth curve without large 
oscillations. 
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15.3.1.3 Single-sweep cathode ray polarography 

Another modification to d.c. polarography is 
sweep cathode ray polarography. Here an 
increasing d.c. potential is applied across the cell 
but only once in the life of every mercury drop. 
Drop times of about 7 seconds are used; the drop 
is allowed to grow undisturbed for 5 seconds at a 
preselected fixed potential, and a voltage sweep of 
0.3 volt per second is applied to the drop during 
the last 2 seconds of its life. The sharp decrease in 
current when the drop falls is noted by the instru- 
ment, and the sweep circuits are then automatic- 
ally triggered back to zero. After the next 5 
seconds drop growing time another voltage sweep 
is initiated, is terminated by the drop fall, and so 
on. The use of a long persistence cathode ray tube 
enables the rapid current changes to be followed 
easily with the trace remaining visible until the 
next sweep. Permanent records can be made by 
photography. 

A characteristic of this technique is the peaked 
wave (Figure 15.5(a)) obtained compared with 
classical d.c. polarography. This peak is not a 
polar ographic maximum, but is due to the very 
fast voltage sweep past the deposition potential 
causing the solution near the drop surface to be 
completely stripped of its reducible species. The 
current therefore falls and eventually flattens out 
at the diffusion current level. The peak height is 
proportional to concentration in the same way as 
the diffusion current level but sensitivity is 
increased. Resolution between species is 
enhanced by the peaked waveform and even this 
can be improved by the use of a derivative circuit; 
see Figure 15.5(b). Also, because of the absence 
of drop growth oscillations, more electronic 
amplification can be used. This results in the 
sensitivity of the method being at least ten times 
that of conventional d.c. polarography. 



15.3.1.4 Pulse polarography 

The main disadvantage of conventional d.c. 
polarography is that the residual current, due 
mainly to the capacitance effect continually char- 
ging and discharging at the mercury drop surface, 
is large compared with the magnitude of the dif- 
fusion current when attempting to determine 
cations at concentrations of 10 _5 mol -1 or below. 
Electronic methods have again been used to over- 
come this difficulty, and the most important tech- 
niques are pulse and differential pulse 
polarography. 

In normal pulse polarography the dropping 
mercury electrode is held at the initial potential 
to within about 60 milliseconds of the end of the 
drop life. The potential is then altered in a step- 
wise manner to a new value and held there for the 
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Figure 15.5 Single-sweep cathode ray polarograms. (a) 
Direct; (b) derivative. Courtesy R. C. Rooney. 



remainder of the drop life. During the last 20 
milh seconds of this the current is measured and 
plotted against the applied potential. Each new 
drop has the potential increased to enable the 
whole range of voltage to be scanned. The change 
in current that occurs when the voltage is stepped 
comes from the current passed to charge the double- 
layer capacitance of the electrode to the new 
potential. This decays very rapidly to zero. There 
is also a Faradaic current which is observed if the 
potential is stepped to a value at which an oxida- 
tion or reduction reaction occurs. This decays 
more slowly and is the current that is measured. 
This technique gives detection limits from 2 to 10 
times better than d.c. polarography, Figure 15.6. 
but it is still not as sensitive as differential pulse 
polarography. 
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Figure 15.6 Normal pulse and d.c. polarogramsfor 
iron in ammonium tartrate buffer, pH 9. Reprinted by 
courtesy of EG & G Princeton Applied Research and 
EG & G Instruments Ltd. 



15.3.1.5 Differential pulse polar ography 

The most important of modern polarographic 
techniques is that of differential pulse polaro- 
graphy. Here a 25 or 50 mV amplitude pulse 
is superimposed at fixed time intervals on the 
normal linear increasing voltage of 2 or 
5mVs _1 , with the mercury drop being dis- 
lodged mechanically and so arranged that the 
pulse occurs once during the lifetime of each 
drop, Figure 15.7. The current is measured 
over a period of about 0.02 second just before 
the pulse is applied and during 0.02 second 
towards the end of the drop life. The differ- 
ence between the two measurements is 
recorded as a function of the applied d.c. 
potential. Tn practice, a three-electrode poten- 
tiostatic arrangement is used, Figure 15.8. The 
polarograms obtained in this way are 
peak shaped (Figure 15.9); there is increased 
resolution between any two species undergoing 
reduction, and a great increase in sensitivity, 
which is mainly a function of the reduction in 
measured capacitance current. There is a linear 
relationship between peak height and the con- 
centration of the species being determined, and 
limits of detection can be as low as 
10 _8 mol 1 _I . The sensitivity of the technique 
can be varied by varying the pulse height; 
the peak height increases with increased pulse 
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Figure 15.9 Differential pulse polarogram. 




Potential (E v. SCE) 

Figure 1 5.1 0 Effect of pulse height on peak height and 
resolution. Reprinted by courtesy of EG & G Princeton 
Applied Research and EG & G Instruments Ltd. 



height but the resolution between peaks suffers 
(Figure 15.10). A comparison of the sensitiv- 
ities of d.c., sampled d.c., normal pulse, and 
differential pulse polarography is shown in 
Figure 15.11. 




Potential v. SCE 

Figu re 1 5.11 Comparison of polarographic modes. 
Reprinted by courtesy of EG & G Princeton Applied 
Research and EG & G Instruments Ltd. 



15.3.1.6 Applications of polarography 

Polarographic methods can be used for analyzing 
a wide range of materials. In metallurgy Cu. Sn, 
Pb, Fe, Ni, Zn, Co, Sb, and Bi can be determined 
in light and zinc-based alloys, copper alloys, and 
aluminum bronze; the control of effluents is 
often carried out using polarographic methods. 
Cyanide concentrations down to ^O.lpprn can 
be determined, and sludges and sewage samples 
as well as fresh and sea waters can be analyzed. 
Trace and toxic elements can be determined 
polarographicaily in foodstuffs and animal feed, 
in soils, and in pharmaceutical products. In the 
latter, some compounds are themselves polaro- 
graphicaily reducible or oxidizable, for example, 
ascorbic acid, riboflavin, drugs such as 
phenobarbitone and ephedrine, and substances 
such as saccharine. Body fluids, plastics, and 
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explosives can also be analyzed by polarographic 
techniques. 

15.3.2 Anodic stripping voltammetry 

Anodic stripping voltammetry is really a reversed 
polarographic method. Metals that are able to 
form amalgams with mercury, e.g., Pb, Cu, Cd, 
and Zn, can be cathodically plated onto a 
mercury drop using essentially the same instru- 
mentation as for polarography and then the 
amalgamated metal is stripped off again by chang- 
ing the potential on the mercury drop linearly 
with time in an anodic direction. By recording 
the current as a function of potential, peaks are 
observed corresponding to the specific species 
present in the test solution; the heights of the 
peaks are proportional to concentration. 

In practice, it is not very convenient to use a 
mercury drop as cathode, and several other 
types of electrode have been used, including a 
rotating ring-disc electrode. The most often 
used, especially for water and environmental 
analysis, is a wax-treated mercury-coated gra- 
phite rod. This, together with a silver/silver 
chloride reference electrode and a platinum 
counter electrode, is immersed in the test solu- 
tion (Figure 15.12) and the plating out and 
metal stripping carried out. Figure 15.13 illus- 
trates the plating and stripping steps, and Figure 
15.14 shows a typical recording of the peak 
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Figure 1 5.13 Plating and stripping steps. Courtesy 
International Laboratory 



heights of Cd, In, Pb, Cu, and Bi. As with 
polarography, various electronic modifications 
have been made to the basic technique, and the 
stripping step has also been carried out with a.c. 
or pulsed voltages superimposed on the linear 
variation of d.c. voltage. Details of these sys- 
tems can be found in reviews of the subject. 
Equipment for this technique is available at 
reasonable cost, and units can be obtained for 
simultaneous plating of up to 12 samples with 
sequential recording of the stripping stages. 

With anodic stripping voltammetry small 
samples (mg) can be used or very low concen- 
trations of species determined because the plat- 
ing step can be used as a concentration step. 
Plating times from 5 to 30 minutes are common 
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Figure 15.12 Cell arrangement for anodic stripping Figure 15.14 Stripping peak potentials. Courtesy 

voltammetry. Courtesy International Laboratory. International Laboratory. 
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depending on the required speed and accuracy 
of the analysis. Figure 15.14 was obtained using 
a 30-minute plating time. Good precision and 
accuracy can be obtained in concentration 
ranges as low as 0.1 to 10 fig per liter and this, 
combined with the fact that small samples can 
be used, means that the technique is most 
attractive for trace-metal characterization in 
the analysis of air, water, food, soil, and biolo- 
gical samples. 



15.4 Thermal analysis 

No work on instrumental methods of determin- 
ing chemical composition would be complete 
without mention of thermal analysis. This is the 
name applied to techniques where a sample is 
heated or cooled while some physical property 
of the sample is recorded as a function of tem- 
perature. The main purpose in making such meas- 
urements is most often not to evaluate the 
variation of the physical property itself but to 
use the thermal analysis record to study both 
the physical and chemical changes occurring in 
the sample on heating. 

There are three main divisions of the technique 
depending on the type of parameter recorded on 
the thermal analysis curve. This can be (a) the 
absolute value of the measured property, such as 
sample weight, (b) the difference between some 
property of the sample and that of a standard 
material, e.g., their temperature difference (these 
are differential measurements), and (c) the rate at 
which the property is changing with temperature 
or time, e.g., the weight loss (these are derivative 
measurements). 

A convention has grown up for thermal ana- 
lysis nomenclature, and recommendations of 
the International Confederation for Thermal 
Analysis are that the term “thermogravimetry” 
(TG) be used for measuring sample weight, 
“derivative thermogravimetry” (DTG) for rate 
of weight loss, and “differential thermal analysis” 
(DTA) for measuring the temperature difference 
between sample and standard. There are also 
many other terms relating to specific heat mea- 
surement. magnetic susceptibility, evolved gases, 
etc. 

During the past 20 years, a wide choice of 
commercially available equipment has become 
available, and thermal analysis is now widely used 
as a tool in research and product control. 

One particular application is to the composi- 
tion of cast iron in terms of its carbon, silicon, 
and phosphorus content, which can be calcu- 
lated from the temperatures at which it freezes. 
As it is an alloy, the freezing occurs at two 



temperatures, the liquidus and the solidus tem- 
peratures. At both temperatures, the change of 
state of the metal releases latent heat. The tem- 
peratures at which the liquidus and solidus 
occur can be measured by the use of equipment 
made by Kent Industrial Measurements Ltd. To 
make the measurement, a sample of liquid iron 
is poured into a special cup made from resin- 
bonded sand into which a small type K thermo- 
couple is mounted, Figure 15.15. As the iron 
cools and passes through its two changes of 
state its temperature is monitored by the ther- 
mocouple. The graph showing the cooling 
against time. Figure 15.16, has two plateaus, 
one at the liquidus and one at the solidus. To 
complete the analysis the signal from the ther- 
mocouple is processed by a micro-computer 
which calculates and prints out the required 
analysis. 

Figures 15.17-15.22 show other applications 
of thermogravimetry and derivative thermo- 
gravimetry to commercial samples and are largely 
self-explanatory. 

In commercial thermal analysis instruments, 
the sample is heated at a uniform rate while its 
temperature and one or more of its physical 
properties are measured and recorded. A typical 
arrangement is shown in Figure 15.22(a). The 
measuring unit has a holder to fix the position 
of the sample in the furnace, a means of 
controlling the atmosphere around the sample, 
a thermocouple for measuring the sample tem- 
perature and the sensor for the property to be 
measured, e.g., a balance for measuring weight. 
The design of the property sensor has to be 
such that it will function accurately over a wide 
temperature range and it is most important to 
ensure that the atmosphere around the sample 
remains fixed, be it an inert gas, a reactive gas, 
or a vacuum. 

The temperature control unit consists of a 
furnace and a programming unit, the function 
of which is to alter the sample temperature 
(not the furnace temperature) in a predeter- 
mined manner. The recording unit receives sig- 
nals from the property sensor and the sample 
thermocouple, amplifies them, and displays 
them as a thermal analysis curve. Figure 
15.22(b) shows arrangements for differential 
instruments where the sample material and a 
reference material are placed in identical envir- 
onments with sensors to measure the difference 
in one of their properties. The differential signal 
is amplified and recorded as in the basic system. 
In derivative instruments (Figure 15.22(c)) a 
derivative generator, such as an electro-optical 
device or an electronic unit, is incorporated to 
compute the derivative of an input signal. Gen- 
erally, both the derivative signal and the signal 
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Figure 1 5.1 5 Cup for thermal analysis of cast iron. 




Figure 15.1 6 Cooling profile during cooling of liquid cast 
iron. 
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Figure 1 5.17 Weight-loss curves for calcium and 
magnesium oxalates and a precipitated mixture. Reproduced 
by permission from Thermal Analysis by T. Daniels, 
published by Kogan Page Ltd. 
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(b) TG CURVES FOR (i) POLYHEXAFLUOROPROPYLENE, 
(ii) POLYPROPYLENE, (Mi) POLYETHYLENE, AND (iv) 
POLYTETRAFLUOROETHYLENE (Du Pont TG SYSTEM) 

Figure 15.18 Thermal and thermo-oxidative stability of 
organic materials. Reproduced by permission from Thermal 
Analysis byT. Daniels, published by Kogan Page Ltd, 
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from the property being measured are recorded 
on the thermal analysis curve. It is, of course, 
possible to combine both modifications, thereby 
recording the derivative of a differential signal. 

Most measuring units are designed specifically 
for a particular thermal analysis technique, but 
furnaces, programmers, amplifiers, and recorders 
are common to all types of instrument. Instru- 
ment manufacturers therefore generally construct 
a basic control unit containing programming and 
recording facilities to which can be connected 
modules designed for specific thermal analysis 
techniques. 

Detailed description of the design of thermal 
analysis instruments, their applications, and the 
precautions necessary to ensure good results are 
beyond the scope of this volume, but there are 
several well written books on the topic. 
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(a)TG PLOTS FOR CALCIUM OXALATE HYDRATE 
AND DEUTERATE ON HEATING AND COOLING 
IN A VAPOR ATMOSPHERE 
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Figure 15.1 9 The use of vapor atmospheres inTG. 
Reproduced by permission from Thermal Analysis by 
T. Daniels, published by Kogan Page Ltd. 
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(b) ANALYSIS OF A GUM ELASTOMER {AFTER MAURER,1 1 ) 

Figure 15.20 Analysis of commercial materials by TG. 
Reproduced by permission from Thermal Analysis by 
T. Daniels, published by Kogan Page Ltd. 





Figure 15.21 Dehydration and reduction of 
xFe 2 0 3 ■ H 2 0 on heating in hydrogen. Reproduced by 
permission from Thermal Analysis by T. Daniels, published 
by Kogan Page Ltd. 
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Figure 15.22 Construction of thermal analysis instruments: (a) basic thermal analysis system, (b) differential instrument, (c) derivative instrument. Reproduced by permission 
from Thermal Analysis byT. Daniels, published by Kogan Page Ltd. 
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16 Chemical analysis: 
spectroscopy 

A. C. SMITH, edited by I. VERHAPPEN 



The analysis of substances by spectroscopic tech- 
niques is a rather specialized field and cannot be 
covered in full depth in a book such as this. 
However, some fifteen techniques will be covered, 
giving the basic principles for each, descriptions 
of commercial instruments, and, where possible, 
their use as on-line analyzers. 

Details of other techniques may be found in 
modern physics textbooks, and greater detail of 
those techniques which are described may be 
found in literature provided by instrument manu- 
facturers such as Pye Unicam, Perkin-Elmer, 
Rilgers, Applied Research Laboratories; and in 
America: ABB Process Analytics, Siemens, Hewlett 
Packard (Aligent), Emerson Process (formerly 
Fisher-Rosement), as well as Yokogawa Indus- 
trial Automation. There are also many textbooks 
devoted to single techniques. Some aspects of 
measurements across the electromagnetic spec- 
trum are dealt with in Part 3, Chapter 21. 

16.1 Absorption and reflection 
techniques 

16.1.1 Infrared 

Measurement of the absorption of infrared radia- 
tion enables the quantity of many gases in a 
complex gas mixture to be measured in an indus- 
trial environment. Sometimes this is done without 
restricting the infrared frequencies used (disper- 
sive). Sometimes only a narrow frequency band is 
used (non -dispersive). 

16.1.1.1 Non-dispersi ve infrared analyzers 

Carbon monoxide, carbon dioxide, nitrous oxide, 
sulfur dioxide, methane and other hydrocarbons 
and vapors of water, acetone, ethyl alcohol, ben- 
zene, and others may be measured in this way. 
(Oxygen, hydrogen, nitrogen, chlorine, argon, 
and helium, being dipolar gases, do not absorb 
infrared radiation and are therefore ignored.) An 
instrument to do this is illustrated in Figure 
16.1(a). Two beams of infrared radiation of equal 
energy are interrupted by a rotating shutter which 
allows the beams to pass intermittently but simul- 



taneously through an analysis cell assembly and a 
parallel reference cell, and hence into a Luft-pat- 
tern detector. 



Reflector — 



I.R. source 




Filter cell 






Analysis 

cell 



u 



Absorption I — 1 
chamber 11 



Metal diaphragm 




Rotating 

shutter 



Reference 

cell 



Optical 

filters 

(optional) 



Perforated 

metal 

diaphragm 



Radiator 




Figure 16.1 (a) Luft-type infrared gas analyzer 

(courtesy Grubb Parsons), (b) infrared gas analyzer of the 
concentration recorder. 
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The detector consists of two sealed absorption 
chambers separated by a thin metal diaphragm. 
This diaphragm, with an adjacent perforated 
metal plate, forms an electrical capacitor. The 
two chambers are filled with the gas to be 
detected so that the energy characteristic of the 
gas to be measured is selectively absorbed. 

The reference cell is filled with a non-absorbing 
gas. If the analysis cell is also filled with a non- 
absorbing gas, equal energy enters both sides of 
the detector. When the sample is passed through 
the analysis cell, the component to be measured 
absorbs some of the energy to which the detector 
is sensitized, resulting in an imbalance of energy, 
causing the detector diaphragm to be deflected 
and thus changing the capacitance. This change 
is measured electrically and a corresponding 
reading is obtained on the meter. 

Any other gas also present in the sample will 
not affect the result unless it has absorption 
bands which overlap those of the gas being deter- 
mined. In this event, filter tubes containing the 
interfering gas or gases can be included in one or 
both optical paths, so that the radiation emer- 
ging from these tubes will contain wavelengths 
which can be absorbed by the gas to be detected 
but will contain very little radiation capable of 
being absorbed by the interfering gases in the 
sample, since such radiation have already been 
removed. 

The length of absorption tube to be used 
depends upon the gas being estimated and the 
concentration range to be covered. The energy 
absorbed by a column of gas l cm long and con- 
taining a concentration c of absorbing compon- 
ent is approximately Elkc, where E is the 
incident energy and k is an absorption constant, 
provided that kcl is small compared with unity. 
Thus at low concentrations it is advantageous to 
use long absorption paths, provided kcl remains 
small and the relationship between energy 
absorbed and the measured concentration 
remains reasonably linear. At higher concentra- 
tions the energy absorbed is E[ 1 - exp (~kcl)\ y 
and the relationship between energy absorbed 
and concentration departs greatly from linearity 
when absorption exceeds 25 percent. When the 
absorption reaches this value it is, therefore, 
necessary to reduce the length of the absorption 
cell, and the product c x 1 should be kept 
approximately constant. 

The most convenient method of calibrating the 
instrument is to pass mixtures of the pure gas of 
known composition through the measuring cell and 
note the output for each concentration of measured 
gas. For day-to-day checking a simple internal cali- 
brating device is fitted, and it is only necessary to 
adjust the sensitivity control until a standard deflec- 
tion is obtained. 



The instrument is usually run from a.c. mains 
through a constant voltage transformer. Where 
utmost stability is required an a.c. voltage stabi- 
lizer may be used, as the constant voltage trans- 
former converts frequency variations to voltage 
changes. Generally, the instrument is insensitive 
to temperature changes, although the gas sensi- 
tivity depends on the temperature and pressure of 
the sample gas in the absorption tube, since it is 
the number of absorbing molecules in the optical 
path which determines the meter deflection. For 
instruments sensitive to water vapor the detecting 
condenser has a temperature coefficient of sensi- 
tivity of 3 percent per Kelvin, and it is therefore 
necessary to maintain the detector at a constant 
temperature. 



Table 1 6.1 Sensitivity of non-dispersive infrared analyzer 



Gas 


Minimum 
concentration 
for full-scale 
deflection, 

( Vol . %) 


Gas 


Minimum 
concentration 
for full-scale 
deflection , 

( Vol. %) 


CO 


0.05 


no 2 


0.1 


co 2 


0.01 


so 2 


0.02 


H.O 


0.1 


HCN 


0.1 


ch 4 


0.05 


Acetone 


0.25 


c 2 h 4 


0.1 


Benzene 


0.25 


N.O 


0.01 







The approximate maximum sensitivity to cer- 
tain gases is given in Table 16.1. 

Errors due to zero changes may be avoided 
by the use of a null method of measurement 
illustrated in Figure 16.1(b). The out-of-balance 
signal from the detector is amplified, rectified 
by a phase-sensitive rectifier, and applied to a 
servo system which moves a shutter to cut off 
as much energy from the radiation on the 
reference side as has been absorbed from the 
analysis side, and so restore balance. The shut- 
ter is linked to the pen arm, which indicates 
the gas concentration. 

On-line infrared absorption meter using two wave- 
lengths In order to overcome the limitations of 
other infrared analyzers and provide a rugged 
reliable drift-free analyzer for continuous opera- 
tion on a chemical plant, ICI Mond Division 
developed an analyzer based on the comparison 
of the radiation absorbed at an absorption band 
with that at a nearby wavelength. By use of this 
comparison method many of the sources of error 
such as the effect of variation in the source inten- 
sity, change in the detector sensitivity, or fouling 
of the measurement cell windows are greatly 
reduced. 
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The absorption at the measurement wave- 
length (A m ) is compared with the nearby reference 
wavelength (A mr ) at which the measured compon- 
ent does not absorb. The two measurements are 
made alternately using a single absorption path 
and the same source and detecting system. 

The principle of the TCI Mond system is illus- 
trated in Figure 16.2. The equipment consists of 
two units, the optical unit and the electronics 
unit, which are connected by a multicore cable. 
The source unit contains a sealed infrared source 
which consists of a coated platinum coil at the 
focus of a calcium fluoride collimating lens. A 
chopper motor with sealed bearings rotates a 
chopper disc, which modulates the energy beam 
at 600 Hz. The source operates at Low voltage, 
and at a temperature well below the melting 
point of platinum. It is sealed in a nitrogen 
atmosphere. Energy from the source passes 
through the absorption cell to the detector unit. 
A calcium fluoride lens focuses the energy onto 
an indium antimonide detector. This is mounted 
on a Peltier cooler in a sealed unit. The tempera- 
ture is detected by a thermistor inside the sealed 
module. A pre-amplifier mounted in the detector 



unit amplifies the signal to a suitable level for 
transmission to the electronics unit. Between the 
lens and the detector module two interference 
filters, selected for the measurement and refer- 
ence wavelengths, are interposed alternately in 
the beam, at about 6 Hz, so that the detector 
receives chopped energy at a level corresponding 
alternately to the measurement and reference 
transmission levels. Its output is a 600 Hz carrier 
modulated at 6 Hz. 

The two filters are mounted on a counterba- 
lanced arm, attached to a stainless steel torsion 
band. An iron shoe at the opposite end of the arm 
moves in and out of the gap in an electromagnet. 
It also cuts two light beams, which illuminate two 
silicon phototransistors. The light is provided by 
two aircraft-type signal lamps which are under- 
run to ensure very long life. A drive circuit in the 
electronics unit causes the system to oscillate at 
its own natural frequency. One of the photocells 
provides positive feedback to maintain the oscil- 
lation, and the other provides negative feedback 
to control the amplitude. There are no lubricated 
parts in the detector unit, and the whole can be 
hermetically sealed if desired. 




Figure 16.2 Dual-wavelength comparison method. Courtesy Feedback Instruments Ltd. 
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The absorption cell is a thick-walled tube with 
heavy flanges. Standard construction is in mild 
steel, nickel plated, but type 316 stainless steel 
construction is available where required. The 
windows are of calcium fluoride, sealed with 
Vi ton O -rings and retaining rings. A heater ware 
is w'ound on the cell, and the sample gas passes 
through a tube in thermal contact along the 
length of the cell before entering it at the end. 
Provision is made for rodding out tubes and 
entries in case of blockage. A thermistor 
embedded in the cell wall detects the cell tempera- 
ture which is controlled by a circuit in the elec- 
tronics unit. The cell is thermally insulated and 
sealed inside a plastic bellows. The enclosed 
space is coupled to the purge system. The two 
end units each have a sealing window so there is 
a double seal between the cell and the interior of 
the detector and source units. Since the source is 
inside a further sealed module, there is minimal 
danger of the hot source being exposed to leakage 
from the sample cell. The gaps between the three 
units are normally sealed with neoprene gaskets, 
and the whole device is sufficiently well sealed to 
maintain a positive purge pressure of at least 2 cm 
water gauge with a purge gas consumption of 
8.3cm 3 /s. For use with highly flammable sample 
gases, the sealing gaskets at either end of the 
absorption cell may be replaced by vented gas- 
kets. In this case a relatively large purge flow may 
be maintained around the cell, escaping to atmos- 
phere across the windows. Thus, any leak at the 
windows can be flushed out. 

To facilitate servicing on site, the source, detec- 
tor, torsional vibrator, lamps, pre-amplifier, and 
source voltage control are all removable without 
the use of a soldering iron. Since the single -beam 
system is tolerant to window 7 obscuration and the 
internal walls of the absorption cell are not 
polished, cell cleaning will not be required fre- 
quently, and in many cases adequate cleaning 
may be achieved in situ by passing solvent or 
detergent through the measuring cell. There is 
no need to swatch the instrument off while doing 
this. If it becomes necessary the cell can be very 
quickly removed and disassembled. 

The electronics unit contains the powder sup- 
plies together with signal processing circuits, tem- 
perature control circuits, output and function 
check meter operating controls and signal lamps. 
The housing is of cast-aluminum alloy, designed 
for flush panel mounting. The circuitry is mostly 
on plug-in printed circuit boards. The indicating 
meter, controls, and signal lamps are accessible 
through a window in the door. The unit is semi- 
sealed, and a purge flow may be connected if 
sealed glands are used at the cable entry. The 
signal processing circuits are contained on 
printed circuit boards. Output from the pre- 



amplifier is applied to a gain-controlled amplifier 
which produces an output signal of 3 V peak-to- 
peak mean. Thus the mean value of 7 r + / m is 
maintained constant. The signal is demodulated 
and smoothed to obtain the 6 Hz envelope wave- 
form. A sample-and-hold circuit samples the 
signal level near the end of each half-cycle of the 
envelope, and this produces a square wave whose 
amplitude is related to 7 r - 7 m . Since 7 r + 7 m is 
held constant, the amplitude is actually propor- 
tional to (7 r - 7 m )/(7 r + 7 m ) w'hich is the required 
function to give a linearized output in terms of 
sample concentration. This signal is amplified 
and passed to a phase-sensitive detector, consist- 
ing of a pair of gating transistors which select the 
positive and negative half-cycles and route them 
to the inverting and non-inverting inputs of a 
differential amplifier. The output of this amplifier 
provides the 0-5 V output signal. 

The synchronizing signals for the sample-hold 
and phase-sensitive detector circuits are derived 
from the torsional oscillator drive circuit via 
appropriate time delays. The instrument span is 
governed by selection of feedback resistors in the 
low 7 frequency amplifier, and a fine trim is 
achieved by adjusting the signal level at the 
gain -con trolled amplifier. This is a preset adjust- 
ment — no operator adjustment of span is consid- 
ered necessary or desirable. A front panel zero 
adjustment is provided. This adds an electrical 
offset signal at the phase-sensitive detector. The 
system is normally optically balanced (i.e., 
7 r = 7 m ) at some specified concentration of the 
measured variable (usually zero). 

The current output and alarm circuits are 
located on a separate printed circuit board. The 
voltage output is applied to an operational ampli- 
fier w'ith selected feedback and offset signals to 
produce O-lOmA, 5-20 mA. or 10-50 mA output. 
The required output is obtained by soldered selec- 
tor links. The output current is unaffected by load 
resistances up to 1 kQ at 50 mA. or 5 kfl at 
10mA. 

A front panel alarm-setting potentiometer pro- 
vides a preset signal which is compared with the 
analyzer output voltage in a differential amplifier. 
The output of this opens a relay if the analyzer 
output exceeds a preset value, w'hich may be 
either a low or a high analyzer output as required. 
The alarm condition is indicated by two signal 
lamps on the panel, and the system can be 
arranged to operate external alarms, or shut- 
down circuits. 

The power to the cell heater and the detector 
cooler is controlled from a bridge circuit contain- 
ing thermistors which detect the temperatures of 
the absorption cell and detector. 

The indicating meter on the front panel has a 
calibrated output scale, and is used in conjunction 
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Figure16.3 Internal view of multiple reflections of variable long path cell. Courtesy Invensys. 



with a selector switch to monitor key points in the 
circuit, in particular the degree of obscuration 
in the measuring cell. By choosing the appropri- 
ate absorption bands the analyzer may be made 
suitable for a wide range of gases or liquids. For 
gases, it may be used for CO2, CO, S0 2 , CH 4 , 
C 2 H 6 , C2H4, C 6 H 6 , C 2 H 2 , NH3/N2O, NO, 
N0 2 . COCl 2 , and H 2 0, with ranges of 0-300 ppm 
and 0-100 percent. 

It may also be used for measuring water in 
ketones, hydrocarbons, organic acids, alcohols, 
glucols, and oils. The accuracy is ±1 percent and 
the response time for 90 percent change is 3 s. 

The instrument is marketed by Anatek Ltd, as 
the PSA 401 process stream analyzer. 

Another instrument based on the same princi- 
ple is the Miran II Infra Red process analyzer — 
the chief difference being the sample cell used for 
gas and liquid streams. These cells are either long 
path gas cells or multiple internal reflection cells. 
The gas cells which are normally manufactured in 
stainless steel have a variable path length (see 
Figure 16.3). Energy passes through the sample 
gas and reflects one or more times off the mirrors 
in the cell before striking the detector. The path 
length can be adjusted between 0.75 and 20.25 
meters by suitable adjustment of the mirrors. 
These gas cells are used to analyze the presence 
of low concentrations of components in gases or 
for those gases requiring a long path length to 
enhance sensitivity at a weak analytical wave- 
length. 

In a multiple internal reflection (NIIR) cell, the 
infrared beam is directed along or around an optical 
crystal through which the beam passes (Figure 
16.4). As the beam is reflected on the sample 
crystal interface, it slightly penetrates the liquid. 



Figure 16.4 Principle of MIR sampling technique. 
Courtesy Invensys. 



These penetrations form a path whose length is 
dependent on the number of reflections. The 
energy is absorbed at the analytical wavelength 
proportionally to concentration just as in other 
types of cells. The crystal used is made of KRS (a 
composite of thallium bromide and iodide). 
Ordinary transmission cells have limited applic- 
ability for high concentrations, viscous or aqu- 
eous streams. In many cases, the infrared beam is 
grossly attenuated or the sample cannot be 
pumped through such cells. Multiple internal 
reflection overcomes these problems. 

The applications to which this instrument has 
been put include (a) for gases: the determination 
of phosgene in methane and plastic production; 
methane and carbon dioxide in synthetic and 
natural gases in the range 1 ppm to 100 percent; 

(b) for liquids: water in acetone distillation, pet- 
roleum waste treatments, urea in fertilizer pro- 
duction and isocyanates in urethane and plastic 
production in the range 50 ppm to 50 percent; 

(c) for solids: the percentage weight of film coat- 
ings such as inks and polymers: and film thickness 
for nylon and polythene (up to 0.025 mm). 

In recent years, there has been much growth in 
the use of fiber optic probes as a means to non- 
intrusively introduce infrared and near infrared 
wavelengths to the process. Use of these probes 
negates the need for sample systems since only the 
tip of the probe is in contact with the process, 
typically through a retractable mechanism 
directly mounted to the stream of interest. 

16. LI. 2 Dispersive infrared analysis 

The previous section was devoted to analysis 
using only one absorption frequency. However, 
all organic compounds give rise to a spectrum in 
the infrared in which there are many absorption 
frequencies giving a complete fingerprint of that 
compound. Dispersive infrared can be used, 
among other things, to identify a substance, for 
the determination of molecular structure for reac- 
tion kinetic studies, and for studies of hydrogen 
bonding. 
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In Figure 16.5 is shown a simplified layout 
of a typical double-beam spectrophotometer. A 
source provides radiation over the whole infrared 
spectrum; the monochromator disperses the light 
and then selects a narrow frequency range, the 
energy of which is measured by a detector — the 
latter transforms the energy received into an elec- 
trical signal which is then amplified and regis- 
tered by a recorder or stored in a computer for 
further processing. The light path and ultimate 
focusing on the detector is determined by preci- 
sion manufactured mirrors. 

Light from the radiation source S is reflected 
by mirrors Mi and M 2 to give identical sample 
and reference beams. Each of these focuses upon 
vertical entrance slits Sj and S 2 , the sample and 
reference cells being positioned in the two beams 
near their foci. Transmitted light is then directed 
by a mirror M 3 onto a rotating sector mirror (or 
oscillating plane mirror) M 4 . The latter serves 
first to reflect the sample beam towards the 
monochromator entrance slit S 3 and then as it 
rotates (or oscillates), to block the sample beam 
and allow the reference beam to pass on to the 
entrance slit. A collimating mirror M 5 reflects 
parallel light to a prism P, through which it passes 
only to be reflected back again through the prism 
by a rotatable plane mirror M 6 . The prism dis- 
perses the light beam into its spectrum. A narrow 
range of this dispersed light becomes focused on a 
plane mirror M 7 which reflects it out through the 
exit slit. A further plane mirror M s , reflects the 
light to a condenser M 9 which focuses it sharply 
on the detector D. When the energy of the light 
transmitted by both sample and reference cells is 
equal, no signal is produced by the detector. 
Absorption of radiation by the sample results in 



an inequality of the two transmitted beams falling 
on the detector, and a pulsating electrical signal is 
produced. This is amplified and used to move an 
attenuator A across the reference beam, cutting 
down the transmitted light until an energy bal- 
ance between the two beams is restored. The 
amount of reference beam reduction necessary 
to balance the beam energies is a direct measure 
of the absorption by the sample. 

The design and function of the major instru- 
ment components now described have a signifi- 
cant influence on its versatility and operational 
accuracy. 

Source IR radiation is produced by electrically 
heating a Nernst filament (a high resistance, brit- 
tle element composed chiefly of the powdered 
sintered oxides of zirconium, thorium, and cerium 
held together by a binding material) or a Globar 
(SiC) rod. At a temperature in the range 1100- 
1800°C depending on the filament material, the 
incandescent filament emits radiation of the 
desired intensity over the wavelength range 
0.4—40 fj,m. 

Monochromator The slit width and optical 
properties of the components are of paramount 
importance. The wavelength range covered by 
different prisms is shown in Table 16.2. Gratings 
allow better resolution than is obtainable with 
prisms. 

Detector This is usually a bolometer or thermo- 
couple. Some manufacturers use a Golay pneu- 
matic detector, which is a gas-filled chamber that 
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Table 1 6.2 Prism frequency ranges 



Prism material 


Glass 


Quartz 


CaFi 


LiF 


NaCl 


KBr ( CsBr ) 


Csl 


Useful frequency 
range (cm -1 ) 


above 

3500 


above 

2860 


5000-1300 


5000-1700 


5000-650 


1 100-285 


1000-200 


Wavelength range (^m) 


below 

2.86 


below 

3.5 


2.0-7.7 


2. 0-5. 9 


2-15.4 


9-35 


10-5 



undergoes a pressure rise when heated by radiant 
energy. One wall of the chamber functions as a 
mirror and reflects a light beam directed at it onto 
a photocell — the output of the photocell bearing 
a direct relation to the gas chamber expansion. 

The infrared spectra of liquids and gases may 
be obtained by direct study of undiluted speci- 
mens. Solids, however, are usually studied after 
dispersion in one of a number of possible media. 
These involve reduction of the solid to very small 
particles which are then diluted in a mill, pressed 
into an alkali halide disc at 1500-3300 bar, or 
spread as pure solid on a cell plate surface. 

The interpretation of the spectra — particularly 
of mixtures of compounds — is a complex prob- 
lem and readers should consult textbooks on 
infrared analysis. 

16.1.2 Absorption in UV, visible, and IR 

One instrument that uses absorption in the UV, 
visible, and IR is the Environmental Data Cor- 
poration stack-gas monitoring system. It is 
designed to measure from one to five component 



gases simultaneously. Depending on require- 
ments, the components may include C0 2 , NO, 
CO, S0 2 , H 2 , NH3, hydrocarbons, and opacity 
or any other gases with selected spectral 
absorption bands in the UV, visible, or IR. The 
basis of the system is shown in Figure 16.6. 
It consists of a light source, receiver, mounting 
hardware, and recorder. Each gas monitoring 
channel is similar in basic operation and calibra- 
tion. The instrumentation can be mounted on a 
stack, duct, or other gas stream. A polychromatic 
beam of light, from a source in an enclosure on 
one side, is collimated and then passed through 
the gas to an analyzer on the opposite side. Sig- 
nals proportional to the gas concentrations are 
transmitted from analyzer to recorder. 

Most gases absorb energy in only certain spec- 
tral regions. Their spectra are often quite 
complex, with interspersed absorbing and non- 
absorbing regions. The analyzer section of the 
instrument isolates the wavelengths characteristic 
of the gases of interest and measures their individual 
intensities. Roth the intensity at a specific wave- 
length where the gas uniquely absorbs (A) and 




Chart recorder 

Figure16,6 EDC flue gas analyzer system. Courtesy Environmental Data Corp. 
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the intensity at a nearby region where the gas is 
non-absorbing (B) are alternately measured with 
a single detector 40 times per second. Any light 
level change, whether due to source variation, 
darkening of the window, scattering by particu- 
lates, water drops, or aerosols in the gas stream 
affects both A and B, leaving the ratio unchanged. 
This ratio gives a reading that is free of interfer- 
ences, instrumental drift, etc. Most gases obey 
approximately Beer’s law: 

B = As ad 
or 

In (BIA) = -acl 
or 

InjAtB) 

al 

where a is absorption coefficient (known), / is 
path length (fixed), and c is sample concentration 
(unknown). 

The system response is almost instantaneous 
and is averaged by damping circuits to typically 
one second. 

The stack gas is separated from the source and 
analyzer enclosures by means of optical surfaces, 
such as mirrors or windows. These windows are 
kept clean by an air curtain system. Self-con- 
tained blowers continually renew the air curtains, 
preventing the gases from contacting the win- 
dows directly (see Figure 16.7). 

The flow volume and pressure of the purge air 
is designed for each application to allow a well 



defined shear by the flue gas. Thus a known and 
fixed path length is provided. 

When measuring opacity the instrument mea- 
sures the reduction in transmission in the visible 
portion of the spectrum. 

Typical ranges covered by the instrument are: 

NO 0- 25 ppm to 0-5000 ppm 
CO 0-500 ppm to 0-3000 ppm 
C0 2 0-15% 

SO 2 0-25 ppm to 0-10 000 ppm 

C-H 0-25 ppm to 0-6000 ppm 
H 2 0 0-1000 ppm to 0-80% 

NFU 0-100 ppm 

16.1.3 Absorption in the visible and ultraviolet 

Two instruments are worthy of note here. The first 
is the Barringer remote sensing correlation spectro- 
meter designed for the quantitative measurement 
of gases such as nitrogen oxides or sulfur dioxide in 
an optical path between the instrument and a suit- 
able source of visible and ultraviolet radiant 
energy. The sensor is designed for maximum ver- 
satility in the remote measurement of gas clouds in 
the atmosphere, using the day sky or ground - 
reflected solar illumination as the light source. It 
may also be used with artificial sources such as 
quartz-iodine or high pressure Xe lamps. Very 
simply, the sensor contains two telescopes to collect 
light from a distant source, a two-grating spectro- 
meter for dispersion of the incoming light, a disc- 
shaped exit mask or correlator and an electronics 
system (see Figure 16.8). The slit arrays are 
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designed to correlate sequentially in a positive and 
negative sense with absorption bands of the target 
gas by rotation of the disc in the exit plane. The 
light modulations are detected by photomultiplier 
tubes and processed in the electronics to produce a 
voltage output which is proportional to the optical 
depth (expressed in ppm meters) of the gas under 
observation. The system automatically compen- 
sates for changes in average source light intensity 
in each channel. The basic principle of this method 
rests on comparison of energy in selected propor- 
tions of the electromagnetic spectrum where 
absorption by the target gas occurs in accordance 
with the Beer-Lambert law of absorption. 

Typically, this instrument covers the range 
1-1000 ppm m or 100-10000 ppm m, this unit 
being the product of the length of the optical path 
through the gas and the average concentration 
(by volume) over that length. 

The second instrument which covers absorp- 
tion in the visible in liquids is the Brinkmann 
Probe Colorimeter. This instrument is basically 
a standard colorimeter consisting of a tungsten 
light source, the output from which passes 
through one of a series of interchangeable filters 
covering the wavelength range 420-880 nm, then 
through a light pipe at the end of which is a probe 
cell. This cell has a reflecting mirror at one end 
and so the optical path length is twice the length 
of the cell. The light then returns to the instru- 
ment via a second light pipe to a photomultiplier, 
the output of which is amplified and fed to a 
recorder in the usual way. This instrument is ideal 
for measuring turbidity in liquids and has the 
advantage that very small volumes of liquid 
(down to 0.5 ml) may be examined. Its other uses 
include general quality control, chemical ana- 
lyses, pollution control, and food processing. 



Most of these applications make use of the fact 
that different elements will form colored solu- 
tions with reagents. The absorption of these 
colored solutions is then proportional to the con- 
centration of that particular element. 

16.1.4 Measurements based on reflected 
radiation 

Just as measurements of moisture, or other com- 
ponents, may be made by comparison at two 
wavelengths of transmitted infrared radiation, the 
method will work equally well by measuring the 
attenuation when infrared is reflected or backscat- 
tered. The principle is illustrated in Figure 16.9. 

For water measurement of paper or granulated 
material on a conveyor belt, the intensity of the 
reflected beam at the moisture absorption wave- 
length of 1.93 /xm may be compared with the 
intensity at a reference wavelength of 1 .7 /xm. 
The beams are produced by interposing appro- 
priate filters contained in a rotating disc in front 
of a lamp producing appropriate radiation. The 
radiation is then focused onto the measured 
material, and the reflected beam focused onto a 
lead sulfide photoelectric cell. By measuring the 
ratio of the intensity of radiation at two wave- 
lengths, the effects of source variation, detector 
sensitivity, and drift in the electronic circuitry are 
minimized. Furthermore, calibration has shown 
that for a number of materials the results are 
substantially independent of the packing density. 

However, if the measured material is a strong 
absorber of radiation, a powerful source of radia- 
tion such as a water-cooled quartz halogen lamp 
may be necessary. 

With this type of instrument on-line measure- 
ment of the moisture content of sands, clay, dust. 
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Fi g u re 1 6 . 9 Backscatter infrared gauge. Courtesy Infra- 
red Engineering Ltd. 

or flake, refractory mixtures, paper, textiles, feed- 
ing stuffs, and a wide range of other materials may 
be undertaken with an accuracy of ±1 percent of 
instrument full scale. 

16.1.5 Chemiluminescence 

When some chemical reactions take place, energy 
may be released as light. This phenomenon is 
known as chemiluminescence. There are many 
instruments which make use of this effect for the 
determination of the concentration of oxides of 
nitrogen and for ozone. The principles are 
described in Chapter 18. 

16.2 Atomic techniques: 
emission, absorption, and 
fluorescence 

16.2.1 Atomic emission spectroscopy 

This is one of the oldest of techniques employed 
for trace analysis. Because of its relative simplicity, 
sensitivity, and ability to provide qualitative infor- 
mation quickly, it has been widely used in both 
industrial and academic analytical problems. It 
can be used for the analysis of metals, powders, 
and liquids and is used extensively in the steel and 
non-ferrous alloy industries, and the advent of 
inductively coupled plasma sources for producing 
spectra has made the technique invaluable for the 
analysis of some 70 elements in solution — down to 
concentrations of 1 ppb and less. The basic princi- 
ples of the technique are as follows. 

Each atom consists of a nucleus around which 
revolve a set of electrons. Normally these elec- 



trons follow orbits immediately adjacent to the 
nucleus. If energy is imparted to the atom by 
means of a flame or an electric arc or spark, then 
it undergoes excitation and its electrons move 
into orbits further removed from the nucleus. 
The greater the energy, the further from the 
nucleus are the orbits into which the electrons 
are moved. When sufficient energy is imparted 
to the electron, it may be torn from the atom, 
and the atom becomes a positively charged ion. 
Atoms will not remain in this excited state, espe- 
cially when removed from the source of energy, 
and they return to their original states with elec- 
trons falling to lower orbits. This electron transi- 
tion is accompanied by a quantum of light 
energy. The size of this pulse of light energy and 
its wavelength depend on the positions of the 
orbits involved in the transition. 

The energy emitted is E = hv 

where h is Planck’s constant, and v is the fre- 
quency of the radiation. Or 

E = hcIX 

where c is the velocity of light and A the wavelength. 
Hence the greater the light energy quantum, the 
shorter is the wavelength of the light emitted. 

Only the outer, valence electrons participate in 
the emission of spectral lines. The number of 
valence electrons in an atom differs for chemical 
elements. Thus the alkali elements, sodium, 
lithium, potassium, etc., contain only one electron 
in their outer shell and these elements have simple 
spectra. Such elements as manganese and iron 
have five or six valence electrons, and their spectra 
are very complex. Generally speaking, the struc- 
ture of an atom is closely bound up with its 
optical spectrum. Thus if a mixture of atoms (as 
found in a sample) are excited by applying 
energy, then quantities of light are emitted at 
various wavelengths, depending on the elements 
present. The intensity of light corresponding to 
one element bears a relationship to the concentra- 
tion of that element in the sample. 

In order to sort out the light emitted, use is made 
of a spectroscope. In Figure 16.10-16.12 are shown 



p 




Figure 1 6.1 0 Optical system of a simple spectroscope. 
S, slit; C, collimator lens; P, prism; X telescope lens; 

F f curve along which the various parts of the spectrum are 
in focus; B, blue or short wavelength part; R, red or long 
wavelength part. 
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Figure16.11 Diagram of the optical system of a Littrow spectrograph. The lens has been reversed to reduce scattered light. 



the layout of a medium quartz spectroscope, a 
Littrow spectrograph, and a spectroscope using a 
diffraction grating. This last employs the principle, 
due to Rowland, of having the grating on a con- 
cave surface. There are many other configurations. 
In all cases, each instrument contains three main 
components, a slit, a dispersive device such as a 
prism or diffraction grating to separate radiation 
according to wavelength, and a suitable optical 
system to produce the spectrum lines which are 
monochromatic images of the slit. These images 
may be recorded on a photographic plate, or by 
suitable positioning of exit slits, mirrors, and 
photo-multiplier tubes, the light intensity may be 
recorded electronically. 

16.2 . 1. 1 Dispersive devices 

Prisms Prisms are usually made of glass or 
quartz, and their dispersive ability is based on 
the variation of the index of refraction with wave- 
length. As the incident light beam enters the 
transparent material, it bends towards the normal 
according to Snell’s law: 

n\ sin i — n 2 sinr 

where n\ is the refractive index of air, n 2 is the 
refractive index of the prism material, i is angle of 




Figure 1612 Elements of Rowland circle. 



incidence, and r is angle of refraction. Shorter 
wavelengths are deviated more than longer ones. 
The resulting dispersion is greater for the UV 
than for 1R wavelengths. 

Gratings Gratings may be considered as a large 
number of parallel, close, equidistant slits or dif- 
fracting lines. The equation nX — 2d sin 6 shows 
the dependence of 6 upon the wavelength of the 
incident light, where n is an integer, A is the 
wavelength of incident light, d is the distance 
between the lines, and ^ is the angle between the 
diffracted beam and the normal incident beam. 

Modern gratings offer the spectroscopist uni- 
form dispersion and coverage of a wide spectral 
range. Today, nearly all manufacturers have 
turned almost exclusively to grating instruments. 

16.2.1.2 Vacuum spectrographs 

Many elements, particularly the non-metallic 
ones, have their most persistent lines in the spec- 
tral region 1 50-220 nm. Light of these wave- 
lengths is absorbed by air, and instruments are 
manufactured in which the optical paths are evacu- 
ated to overcome this problem. 

16.2.1.3 Excitation: spectroscopic sources 

Many factors are considered in the choice of a 
source. Sample form, necessary sensitivity, and 
the elements, which must be determined, are the 
most critical. The main sources used are (a) a d.c. 
arc, (b) a high voltage condensed spark, (c) an arc 
triggered by a high voltage spark, (d) flames, (e) 
plasma jets, and (0 inductively coupled plasmas. 
A recent form of excitation consists of evaporat- 
ing a non-conducting sample by means of a laser 
and exciting the vapor with a high voltage spark. 

16.2.1.4 Standards 

In order to achieve a quantitative estimation of 
the impurity concentrations, some form of stan- 
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dard sample of known purity must be analyzed 
under exactly the same conditions as the 
unknown samples and the intensity of the spectral 
lines compared. Thus a spectrochemical labora- 
tory may have many thousands of standards cover- 
ing the whole range of materials likely to require 
analysis. 

16.2.1.5 Applications 

There are very few on-line instruments employing 
atomic emission techniques, but mention should 
be made of a continuous sodium monitor for 
boiler/feed water. The water is nebulized into a 
llame, the sodium emission is isolated by means 
of a monochromator, and the intensity measured 
by means of a photomultiplier and associated 
electronics. Standard solutions are automatically 
fed into the instrument from time to time to check 
the calibration. 

In both the steel and non-ferrous alloy indus- 
tries, large grating spectroscopes are used to con- 
trol the composition of the melts before they are 
finally poured. A complete analysis for some 30- 
40 elements can be made within 2 minutes of a 
small sample being taken. Suitable additions are 
then made to the melt to satisfy the required 
composition specification. In these cases the out- 
put from the instrument is fed to a computer, 
which is programed to produce actual elemental 
concentrations and also the necessary amounts 
required to be added to known weights of melts 
in the furnaces for them to be of the correct 
composition. Analysis of water samples or sam- 
ples in solution can be carried out using an in- 
ductively coupled plasma direct reading 
spectrometer. Some 60 elements can be deter- 
mined in each sample every two minutes. The 
source is ionized argon pumped inductively from 
an r.f. generator into which the sample is nebu- 
lized. Temperatures of about 8500 °C are 
achieved. Many instruments of this type are 
now manufactured and have been of great value 
to the water industry and to environmental che- 
mists generally— in particular, those instruments 
manufactured by ARL, Philips, and Jarrell Ash. 
Limits of detection are of the order of 1 ppb 



(parts per 10 9 ) with an accuracy of about 
10 percent. 

16.2.2 Atomic absorption spectroscopy 

In emission spectroscopy, as we have already 
seen, the sample is excited, the emitted radiation 
dispersed and the intensities of the selected lines 
in the emission spectrum measured. If self- 
absorption and induced emission are neglected, 
then the integrated intensity of emission of a line 
is given by 

j /, d v = CN,F 

where A 7 , is the number of atoms in the higher- 
energy level involved in the transition responsible 
for the line, F is the oscillation strength of the 
line, and C is a constant dependent upon the 
dispersing and detecting systems. Assuming that 
the atoms are in thermal equilibrium at tempera- 
ture T, then the number of atoms in the excited 
state, of excitation energy E } is given by 

X = No -L exp ( - E-JKT) 

where N 0 is the number of atoms in the ground 
state, P } and Po are statistical weights of the 
excited and ground states respectively, and K is 
Boltzmann’s constant. For a spectral term having 
a total quantum number J\, P is equal to 2J\ + 1. 
From the above equations, it can be seen that the 
emitted intensity depends on T and E v Examples 
of the variation of N-JNq with temperature are 
given in Table 16.3. 

In nearly all cases, the number of atoms in the 
lowest excited state is very small compared with 
the number of atoms in the ground state and the 
ratio only becomes appreciable at high tempera- 
tures. The strongest resonance lines of most ele- 
ments have wavelengths less than 600 nm and as 
temperatures in the flames used are normally less 
than 3000 °K, the value of A 7 j will be negligible 
compared with A 7 0 . 

In absorption, consider a parallel beam of 
radiation of intensity 7 0 , frequency v incident on 



Table 16.3 Values of Nj/N q for various resonance lines 



Resonance line 


Transition 


P } lPo 




iVjWo 






T =2000 K 


T = 3000 K 


T = 4000 K 


T = 5000 K 


Cs 852. 1 nm 


2 S|# -2p„, 


2 


4.4 x 1CT 4 


7.24 x 1(H 


2.98 x 10 -2 


6.82 x 10" 2 


K 766.5 nm 


2 Si ,:-2p,, 


2 


2.57 x 1(T 4 


4.67 x 1(T 3 


1.65 x 10“ 2 


3.66 x 10 -2 


Na 589.0 nm 


2sin-2p v , 


2 


9.86 x 10- 6 


5.88 x 1(T 4 


4.44 x lO -3 


1.51 x 10“ 2 


Ca 422.7 nm 


Iso-lp| 


3 


1.21 x 1(T 7 


3.69 x lCT 5 


6.03 x 10“ 4 


3.33 x 10“ 6 


Zn 213.8 nm 


lso-lp, 


3 


7.29 x KT 15 


5.58 x 1(H° 


1.48 x 10" 7 


4.32 x 10“ 6 




330 Chemical analysis: spectroscopy 



an atomic vapor of thickness 1 cm, then if 7 V is the 
intensity of the transmitted radiation, and K v is 
the absorption coefficient of the vapor at fre- 
quency v, then 

I v — Iq exp ( EyF) 

From classical dispersion theory 

I Kydv = —N,,f 

J me 

where m and e are the electronic mass and charge 
respectively, c is the velocity of light, ;Y V the 
number of atoms/cm 3 capable of absorbing radia- 
tion of frequency v, and / the oscillator strength 
(the average number of electrons per atom cap- 
able of being excited by the incident radiation). 
Thus, for a transition initiated from the ground 
state, where N y is for all practical purposes equal 
to N 0 (the total number of atoms/cm 3 ), the inte- 
grated absorption is proportional to the concen- 
tration of free atoms in the absorbing medium. 
The theoretical sensitivity is therefore increased 
because all the atoms present will take part in the 
absorption, whereas in the emission techniques 
only a very small number are excited and are used 
for detection. 

In practice, the flame, into which the solution is 
nebulized, is treated as if it were the cell of 
absorbing solution in conventional spectrophoto- 
metry. The absorbance in the flame of light of a 
resonant wavelength of a particular element is a 
direct measure of the concentration of atoms of 
that element in solution being nebulized into the 



flame. A practical system for an atomic absorp- 
tion spectrometer is shown in Figure 16.13. 

When only small volumes of sample are avail- 
able the flame may be replaced by a graphite tube 
or rod furnace. Small volumes 10^1) are placed 
on the graphite and the latter is heated resistively 
in stages to about 3000 °C, and the absorption of 
a resonant wavelength measured as a pulse. The 
sensitivity of this technique is such that very low 
concentrations of some elements may be deter- 
mined ( ~ 0.001 ppm). The limit of detection 
using a flame varies from element to element 
from less than 1 ppm up to about 50 ppm. The 
technique has found wide use in analysis of solu- 
tions in virtually every industry — from “pure” 
water analysis to the analysis of plating solutions, 
from soil extracts to effluent from a steel works. 

There are many manufacturers of atomic 
absorption spectrophotometers, and the modern 
instruments are very highly automated. The reson- 
ant line source is usually a high intensity hollow 
cathode lamp and up to ten of these may be con- 
tained in a turret so that each is used in turn. The 
flames are usually air-propane, air-acetylene, or 
nitrous oxide-acetylene — the hotter flames being 
necessary to atomize the more refractory elements. 
The output from the monochromator and detector 
is usually handled by a microprocessor, so that 
once the instrument has been calibrated, results 
are automatically printed out as concentrations. 
Another instrument based on atomic absorption 
is the mercury vapor detector. A mercury vapor 
lamp is the resonant source, and the detector is 
tuned to the mercury line at 253.6 nm. Air to be 
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Figure 1 6.13 Practical system for atomic absorption spectrometer. 






X-ray spectroscopy 331 



sampled is passed through a tube located between 
source and detector, and the absorption is a mea- 
sure of the mercury vapor in the air. There are 
many instruments manufactured for this purpose, 
and all are very sensitive with limits of detection of 
around 0.1 ppm by volume. 



16.2.3 Atomic fluorescence spectroscopy 

This is a technique closely allied to atomic 
absorption. To initiate atomic fluorescence, neu- 
tral atoms in a flame cell are excited as in atomic 
absorption, i.e., by absorption of a characteristic 
radiation. Fluorescence occurs when these atoms 
are de-activated by the emission of radiation at 
the same or a different wavelength. The fluores- 
cent wavelength is characteristic of the atoms in 
question and its intensity is proportional to the 
atomic concentration. In practice, initiation is 
achieved with a high intensity source, and the 
fluorescent signal emitted by the atomic vapor is 
examined at right angles by passing it into a 
radiation detection system. Very briefly the basic 
equation relating the intensity of a fluorescent 
signal to atomic concentration is 

F — 2. 303 6 loe J lep 

where Fis the intensity of fluorescent radiation, 6 
the quantum efficiency (which factor has to be 
used to account for energy losses by processes 
other than a fluorescence), / 0 is the intensity of 
the excitation radiation, e A the atomic absorptiv- 
ity at the wavelength of irradiation, / the flame 
path length, c the concentration of the neutral 
atom absorbing species, and p a proportionality 
factor relating to the fraction of the total fluores- 
cence observed by the detector. Thus, F — KoIqc 
for a particular set of instrumental conditions, 
and c is proportional to F, and Fwill increase if 
the intensity of the irradiating source is increased. 

There are four types of atomic fluorescence. 

Resonance fluorescence This is the most intense 
type of fluorescence and most widely used in 
practice. It occurs when the fluorescent and exci- 
tation wavelengths are the same, that is, the atom 
is excited from the ground state to the first excited 
state and then emits fluorescent energy on de- 
activation to the ground state. 

Direct line fluorescence Here, the valence elec- 
tron is excited to an energy level above the first 
excited state. It is then de-activated to a lower 
energy level (not the ground state), and fluores- 
cent energy is emitted. The wavelength of fluor- 
escence is longer than the excitation wavelength, 
e.g., the initiation of thallium fluorescence at 
535 nm by a thallium emission at 377.6 nm. 



Stepwise fluorescence This entails excitation of 
the atom to a high energy level. The atom is then 
de-activated to the first excited state. There, it 
emits resonance radiation on returning to the 
ground state, e.g., the emission of sodium fluor- 
escence at 589 nm, following excitation at 330.3 nm. 

Sensitized fluorescence This occurs when the 
atom in question is excited by collision with an 
excited atom of another species and normal reson- 
ance fluorescence follows. Thallium will fluoresce 
at 377.6 nm and 535 nm following a collision of 
neutral thallium atoms with mercury atoms 
excited at 253.7 nm. 

An instrument used to determine trace 
amounts of elements in solution by atomic fluor- 
escence very simply consists of (a) an excitation 
source which can be a high intensity hollow cath- 
ode lamp, a microwave-excited electrodeless dis- 
charge tube, some spectral discharge lamps or 
more recently, a tunable dye laser; (b) a flame cell 
or a graphite rod as in atomic absorption; and (c) 
a detection system to measure the fluorescence at 
right angles to the line between source and flame. 
The detection system is usually a simple mono- 
chromator or narrow band filter followed by a 
photomultiplier tube, amplifier, and recording 
device. Limits of detection are achieved which 
are much lower than those obtained by atomic 
absorption because it is easier to measure small 
signals against a zero background than to mea- 
sure small differences in large signals as is done in 
atomic absorption. Detection limits as low as 
0.0001 ppm are quoted in the literature. 



16.3 X-ray spectroscopy 

16.3.1 X-ray fluorescence spectroscopy 

Many books have been written about this techni- 
que and only a brief outline is given here. 

The technique is analogous to atomic emission 
spectroscopy in that characteristic X-radiation 
arises from energy transferences involved in the 
rearrangement of orbital electrons of the target 
element following ejection of one or more elec- 
trons in the excitation process. The electronic 
transitions involved are between orbits nearer to 
the nucleus (see Figure 16.14). 

Thus if an atom is excited by an electron beam 
or a beam of X-rays, electronic transitions take 
place, and characteristic X-radiation is emitted for 
that atom. If, after collimation, these X-rays fall 
on to a crystal lattice — which is a regular periodic 
arrangement of atoms — a diffracted beam will 
only result in certain directions, depending on the 
wavelength of the X-rays A, the angle of incidence 
B, and atomic spacing within the crystal d. 
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Figure 1 6.14 Transitions giving x-radiation. 
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Figure 16.15 Multi-channel spectrometer having 5 
collimator - detector channels arranged to receive 5 different 
analyte lines, each from a different crystallographic plane 
(hkil) from the same quartz crystal. 



Bragg's law for the diffraction of X-rays states 
that n\ — 2d sin 6 . Thus the K Q , K 3 . L Q , L$, 
etc.. X-radiations will be diffracted at different 
angles. These fluorescent radiations are then col- 
limated and delected by a variety of detectors. The 
intensity of these radiations is a measure of the 
concentration of that particular atom. Thus if a 
sample containing many elements is subjected to 
X-radiation, fluorescent radiation for all the ele- 
ments present will be spread out into a spectrum, 
depending on the elements present and the crystal 
being used (see Figure 16.15). 

All modern X-ray fluorescence spectrometers 
use this layout. The source of X-rays is usually an 
X-ray tube, the anode of which is chromium, 
tungsten, or rhodium. All types of sample can be 
analyzed, ranging from metals through powders 
to solutions. The collimator systems are based on 
series of parallel plates. As their purpose is to 
limit the divergence of the X-ray beam and pro- 
vide acceptable angular resolution, the distance 
between the plates must be such that the diver- 
gence embraces the width of the diffraction pro- 
file of the crystal. In general, this entails a spacing 
between plates of 200-500 fim. 

Most modern instruments can accommodate 
six analyzing crystals, any one of which can be 
automatically placed in the fluorescent X-ray 
beam. A list of the types of crystal used is shown 
in Table 16.4. The detectors are either gas Bow 
proportional counters or scintillation counters. 
(See Chapter 22.) The instruments are micropro- 
cessor-controlled, and this varies the output of the 



X-ray source, chooses the correct crystals, and 
controls the samples going into the instrument. 
A small computer analyzes the output from the 
detectors and (having calibrated the instrument 
for a particular sample type) calculates the con- 
centration of the elements being analyzed — allow- 
ing for matrix and inter-element effects. 
Instruments of this type, made by Philips, 
Siemens, and ARL, are widely used in the metal- 
lurgical industry as the technique— although capable 
of low limits of detection — is very accurate for 
major constituents in a sample, such as copper in 
brass. Analysis of atmospheric particulate pollu- 
tion is carried out using X-ray fluorescence. The 
sample is filtered on to a paper and the deposit 
analyzed. 

A portable instrument, which uses a radioac- 
tive isotope as a source, is used to monitor parti- 
cular elements (depending on settings) in an 
ore sample before processing. This instrument 
is now marketed by Nuclear Enterprises. 
(See Chapter 2.3.) 

Electron probe microanalysis is a technique 
which is based on the same principle as X-ray 
fluorescence, electrons being the exciting source, 
but by using electronic lenses the electron beam 
can be focused onto a very small area of a sample 
and so analysis of areas as small as 0.1 ^.m dia- 
meter can be carried out. The technique can be 
used for looking at grain boundaries in metal- 
lurgical specimens and plotting elemental maps 
in suspected heterogeneous alloys. Again, this is a 
technique which is very specialized. 
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Table 16.4 Analyzing crystals 



Crystal 


Reflection 

plane 


2d spacing 

(A) (lA=0.1 nm) 


Lowest atomic 
number delectable 


Topaz 


(303) 


2.712 


K series 
V (23) 


L series 
Ce (58) 


Lithium fluoride 


(220) 


2.848 


v (23) 


Ce (58) 


Lithium fluoride 


(200) 


4.028 


K (19) 


In (49) 


Sodium chloride 


(200) 


5.639 


S (16) 


Ru (44) 


Quartz 


(loll) 


6.686 


P (15) 


Zr (40) 


Quartz 


(lOlO) 


8.50 


Si (14) 


Rb (37) 


Penta erythritol 


(002) 


8.742 


A1 (13) 


Rb (37) 


Elhylenediamine tanrate 


(020) 


8.808 


A1 (13) 


Br (35) 


Ammonium dihydrogen phosphate 


(110) 


10.65 


Mg (12) 


As (23) 


Gypsum 


(020) 


15.19 


Na (11) 


Cu (29) 


Mica 


(002) 


19.8 


F (9) 


Fe (26) 


Potassium hydrogen phthalate 


(1011) 


26.4 


0(8) 


V (23) 


Lead stearate 




100 


3(5) 


Ca (20) 



A further allied technique is photoelectron 
spectroscopy (PES) or Electron Spectroscopy 
for Chemical Analysis (ESCA). In Figure 16.14, 
showing the transitions within an atom to pro- 
duce X-rays, it is seen that some electrons are 
ejected from the various shells in the atom. The 
energy of these electrons is characteristic of that 
atom and so by producing an energy spectrum of 
electrons ejected from a sample when the latter is 
subjected to X-ray or intense UV radiation, the 
presence of different elements and their concen- 
trations can be determined. It should be pointed 
out that this technique is essentially a surface 
technique and will only analyze a few monolayers 
of sample. Instruments are manufactured by 
Vacuum Generators. 

16.3.2 X-ray diffraction 

This is a technique, which is invaluable for the 
identification of crystal structure. In Section 3.3.1 
it was seen that crystals diffract X-rays according 
to Bragg's law: 

rtX = 2d sin 0 

Thus if a small crystal of an unidentified sample is 
placed iri an X-ray beam, the X-rays will be dif- 
fracted equally on both sides of the sample to pro- 
duce an X-ray pattern on a film placed behind the 
sample. The position of the lines on the film 
(i.e., their distance from the central beam) is a func- 
tion of the crystal lattice structure, and by reference 
to standard X-ray diffraction data, the crystals in 
the sample are identified. Again this is a specialized 
technique and beyond the scope of this book. 

Manufacturers of X-ray fluorescence spectro- 
meters also make X-ray diffraction spectro- 
meters. Typical uses for an instrument are the 
identification of different types of asbestos, and 
corrosion deposit studies. 



16.4 Photo -acoustic 
spectroscopy 

An instrument marketed by EDT Research 
makes use of this technique to study both liquid 
and solid samples. Figures 16.16 and 16.17 give 
schematic diagrams of the instrument and cell. 
Radiation from an air-cooled high pressure 
xenon arc source, fitted with an integral parabolic 
mirror, is focused onto a variable speed rotating 
light chopper mounted at the entrance slit of a 
high radiance monochromator. The monochro- 
mator has two gratings to enable optical acoustic 
spectra to be obtained in the UV. visible, and 
near-infrared. The scanning of the monochro- 
mator is completely automatic over the spectral 
range covered and a range of scan rates can be 
selected. The exit and entrance slits provide vari- 
able band passes of width 2-1 6 nm in the UV and 
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Figure 16.16 Photo-acoustic spectrometer layout. 
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Figure 16.17 Schematic representation of a photo- 
acoustic cell employed for the examination of solid materials. 



8-64 nm in the IR. A reflective beam-splitter 
passes a fraction of the dispersed radiation to a 
pyroelectric detector to provide source compen- 
sation and a reference signal. Source radiation is 
then focused onto the specially designed opto- 
acoustic cell and sample-holder assembly. The 
sample cell contains a sensitive microphone and 
pre-amplifier. Special cells are used for different 
applications. Absorption of the radiation by the 
molecular species in the sample occurs and is 
converted to kinetic energy. The sample tempera- 
ture fluctuates and causes a variation in the pres- 
sure of the gas surrounding the sample. This 
pressure variation is monitored by the micro- 
phone. The amplitude of the microphone signal 
is recorded as a function of the wavelength of the 
incident radiation to give an absorption spectrum 
of the sample. Typical applications include the 
identification of foodstuffs, blood and blood- 
stains, paints and inks, papers and fabrics, and 
pharmaceutical materials. 



16.5 Microwave spectroscopy 

The portion of the electromagnetic spec- 
trum extending approximately from 1 mm 
(300,000 MHz) to 30 cm (1000 MHz) is called the 
microwave region. Spectroscopic applications of 
microwaves consist almost exclusively of absorp- 
tion work in gaseous samples. With some excep- 
tions, the various types of spectra are 
distinguished by their energy origins. As men- 
tioned earlier, in the visible and UV regions the 
transitions between electronic energy states are 
directly measurable as characteristics of elements, 
and vibrational and rotational energies of mole- 
cules are observed only as perturbation effects. In 
the infrared region the vibrational spectra are 
observed directly as characteristic of functional 
groups with rotational energies observed as per- 
turbation effects. In the microwave region transi- 
tions between rotational energies of molecules are 
observed directly as characteristic of absorbing 
molecules as a whole with nuclear effects as 



first-order perturbations. In the radio frequency 
(r.f.) region, the nuclear effects are directly observ- 
able. (Especially important today is the observa- 
tion in the microwave region of paramagnetic 
resonance absorption (PMR) and also nuclear 
magnetic resonance. Both these techniques will 
be discussed briefly in a later section.) As in any 
other type of absorption spectroscopy, the instru- 
ment required consists of a source of radiation, a 
sample cell and detector. Unlike optical spectro- 
meters, the microwave spectrometer is a com- 
pletely electronic instrument requiring no dispersive 
components, because the source is monochro- 
matic and any frequency can be chosen and mea- 
sured with very high precision. The most 
common type of source is the Klystron, a spe- 
cially designed high-vacuum electron tube. The 
output is monochromatic under any given set of 
conditions, and different types are available to 
cover various parts of the microwave spectrum. 
The sample cell is usually a waveguide and the 
detector could be silicon crystal, although bolo- 
meters and other heat-type detectors are some- 
times used. In addition to the three basic 
components a complete spectrometer includes 
provision for modulation of the absorption spec- 
trum, an a.c. amplifier for the detector output, a 
final indicator consisting of a CRT or strip record- 
er, a sweep generator to vary synchronously the 
source frequency, a gas sample handling system, 
and necessary power supplies. 

Since the lines in a microwave spectrum are 
usually completely resolved, it is only necessary to 
compare these measured frequencies against tables 
of the frequencies observed for known substances 
in order to identify molecules. Quantitative analy- 
sis is somewhat more complex, but is based on the 
fact that the integrated intensity and the product of 
the peak height and half-width of a microwave 
absorption line can be directly related to the con- 
centration of molecules per unit volume. The tech- 
nique is used extensively in isotopic analysis. 

16.5.1 Electron paramagnetic resonance (EPR) 

This is really a special part of microwave spectro- 
scopy because it usually involves the absorption 
of microwave radiation by paramagnetic sub- 
stances in a magnetic field. A typical layout of a 
spectrometer is given in Figure 1 6. 18. The electro- 
magnet has a homogeneous gap field H which can 
be swept continuously from near zero to over 50 
microtesla. The sweep generator produces small 
modulations of the main field H at the center of 
the air-gap. The sample cavity resonates at the 
Klystron frequency. 

The electron, like the proton, is a charged par- 
ticle; it spins and therefore has a magnetic field. It 
spins much faster than a proton and so has a 
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much stronger magnetic field. Because of this and 
being lighter than a proton, it processes much 
more rapidly in a magnetic field. Thus when 
microwaves travel down a waveguide and pro- 
duce a rotating magnetic field at any fixed point, 
it can serve to flip over electron magnets in mat- 
ter, just as a rotating field in a coil flips protons. 
If a sample is placed on the sidewall of the wave- 
guide and the microwave radiation, applied to the 
external magnetic field, causes the electrons to 
precess, then when the precession rate reaches a 
resonance value and the electrons flip, they 
extract energy from the microwaves, and the read- 
ing on the recorder dips accordingly. 

If the electron has not only a magnetic moment 
along its own spin axis but also one associated 
with its circulation in an atomic orbit, the elec- 
tron will possess a total magnetic moment equal 
to the vector sum of the magnetic moments. The 
ratio of the total magnetic moment to the spin 
value is a constant for a given atom in a given 
environment and is called the gyromagnetic ratio 
or spectroscopic splitting factor for that particu- 
lar electron. The fact that these ratios differ for 
various atoms and environments and that local 
magnetic fields depend on the structure of the 
matter permit spectral separation and EPR spec- 
troscopy. Not all atoms and molecules are sus- 
ceptible to this technique: in substances in which 
electrons are paired, magnetism is neutralized. 
But for unpaired electrons, electronic resonance 
occurs. This effect is observed in unfilled conduc- 
tion bands, transition element ions, free radicals, 
and impurities in semiconductors, and, as might 
be expected, applications in the biological field 
are fruitful. The most common use is the para- 
magnetic oxygen analyzer. 



This same technique is now being applied by a 
number of companies to measure the water con- 
tent in hydrocarbon streams. When applying 
microwave technology to measure oil in water, 
users must remember that there is an “inflection 
point” around the 80 percent water content 
concentration at which it is very difficult to 
differentiate the two streams. One must also 
remember that other constituents in the stream, 
such as silica, will be observed as one or the other 
phases since the device is unable to discern more 
than two properties. Manufacturers of this type of 
equipment include Agar Corporation, Honeywell, 
Phase Dynamics, and Multifluid Inc. 

16.5.2 Nuclear magnetic resonance spectroscopy 

When atomic nuclei — the hydrogen proton is the 
simplest— are placed in a constant magnetic field 
of high intensity and subjected to a radio fre- 
quency alternating field, a transfer of energy 
takes place between the high frequency field and 
the nucleus to produce a phenomenon known as 
‘'nuclear magnetic resonance.” 

If a system of nuclei in a magnetic field is 
exposed to radiation of frequency v such that the 
energy of a quantum of radiation hv is exactly 
equal to the energy difference between tw'o adja- 
cent nuclear energy levels, then energy transitions 
may occur in which the nuclei may flip back and 
forth from one orientation to another. A quantum 
of energy is equally likely to tip a nucleus in either 
direction, so that there is a net absorption of energy 
from the radiation only when the number of nuclei 
in one energy level exceeds the number in another. 
Under these conditions a nuclear magnetic reson- 
ance spectrum is observed. Applications of this 
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technique include such problems as locating hydro- 
gen atoms in solids, measuring bond lengths, crys- 
tal imperfections, and determination of crystalline 
and amorphous fractions in polymers. 

16.6 Neutron activation 

Gamma ray spectroscopy is the technique by 
which the intensities of various gamma energies 
emanating from a radioactive source are mea- 
sured. (See Chapter 23.) It can be used for quali- 
tative identification of the components of 
radionuclide mixtures and for quantitative deter- 
mination of their relative abundance. Such a 
situation arises in neutron activation analysis. 
This is a technique of chemical analysis for extre- 
mely minute traces down to ppb (parts per 10 9 ) of 
chemical elements in a sample. It employs a beam 
of neutrons for activation of isotopes which can 
then be identified, with counters, by the radio- 
active characteristics of the new nuclear species. 
This technique has been applied for the trace 
analysis of many elements in a variety of materi- 
als, from coal ash to catalysts, halides in phos- 
phors, and trace impurities in many metals. 

Neutron activation is also used as a way to 
measure level in vessels with very thick walls or 
high temperature in which nonnal sensors cannot 
be placed. The Neutron backscatter detector is 
mounted outside the vessel and measures the 
gamma radiation “reflected” from the process 
inside the vessel. 

16.7 Mass spectrometers 

The mass spectrometer is capable of carrying out 
quick and accurate analysis of a wide variety of 



solids, liquids, and gases and has a wide range of 
application in process monitoring and laboratory 
research. When combined with the gas chroma- 
tograph it provides an extremely powerful tool 
for identifying and quantifying substances which 
may be present in extremely small quantities. 

While the optical spectrometer resolves a beam 
of light into components according to their wave- 
lengths, a mass spectrometer resolves a beam of 
positive ions into components according to their 
mass/charge ratio, or if all carry single elementary 
charges, according to their masses. As with the 
optical spectrometer the mass spectrometer may 
be used to identify substances and to measure the 
quantity present. 

The original mass spectrometer was devised by 
F. W. Aston about 1919 to measure the mass of 
individual positive ions. The accuracy of the 
instrument enabled the different masses of what 
appeared to be chemically identical atoms to be 
measured, resulting in the discovery of isotopes. 
Considerable development has taken place over 
the years, resulting in very versatile instruments 
having very high resolving power and sensitivity. 

The resolving power of a mass spectrometer is 
a measure of its ability to separate ions having a 
very small difference in mass. If two ions of 
masses M\ and M 2 differing in mass by AM give 
adjacent peaks in their spectrum as shown in 
Figure 16.19, and the height of peak is H above 
the baseline, then on the 10 percent valley defini- 
tion the peaks are said to be resolved if the height 
of the valley h is less than or equal to 10 percent 
of the peak H, i.e., 

{hi FI) <10 percent 

The resolution is then M\IAM , e.g., if the peaks 
representing two masses 100.000 and 100.005 are 
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separated by a 10 percent valley, the resolution of 
the instrument is 100.000/0.005, i.e., 20000. 
Instruments with a resolution of greater than 
150,000 are readily available. The sensitivity, on 
the other hand, is a measure of the smallest 
detectable quantity of the substance being identi- 
fied. An example of the extreme sensitivity of 
modern instruments is that at a resolution of 
1000, 3ng/s of a compound, relative molecular 
mass 300, will give a spectrum with a signal-to- 
noise ratio of 10:1 for a peak having an intensity 
of 5 percent of the base peak when a mass range 
of 10: 1 is scanned in 3 s. 

The mass spectrometer has a very wide range 
of use in process monitoring and laboratory 
research. It is used in refineries for trace element 
survey, analysis of lubricating oils, and identifying 
and quantifying the substances in mixtures of 
organic compounds. Its use in detecting and mea- 
suring the concentration of pollutants in air, 
water, and solids is rapidly increasing, also its 
use in biochemical analysis in medicine and other 
fields, particularly the analysis of drugs in biolo- 
gical extracts. 

By means of a double-beam instrument an 
unknown sample may be compared with a stan- 



dard so that the unknown components are readily 
identified and the concentration measured. By 
suitable modifications an instrument can be made 
to provide an energy analysis of electrons released 
from the surface of a sample by X-radiation, or 
ultraviolet light. 

16.7.1 Principle of the classical instrument 

There are many different types of mass spectro- 
meters, but the ones described here are the most 
commonly used. 

In all types the pressure is reduced to about 
10 5 N/m 2 in order to reduce collisions between 
particles in the system. The spectrometer consists 
of an inlet system by which the sample is intro- 
duced into the region in which ions of the sample 
are produced. The separation of ions according to 
their mass-to-charge ratio may be achieved by 
magnetic or electric fields or by a combination 
of both. The differences between the various types 
of mass spectrometer lie in the manner in which 
the separation is achieved. In the instrument 
illustrated in Figure 16.20 the ions are accelerated 
by an electrical potential through accelerating and 
defining slits into the electrostatic analyzer, where 




Figure 1 6.20 Schematic diagram of the complete system of a spark source mass spectrometer. Courtesy Kratos Ltd. 
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ions having energies within a restricted band 
are brought to a focus at the monitor slit 
which intercepts a portion of the ion beam. They 
then enter the electromagnetic analyzer which 
gives direction and mass focusing. This double 
focusing results in ions of all masses being 
focused simultaneously along a given plane. The 
ions can be recorded photographically on a plate 
over a period of time to give a very high sensitiv- 
ity and reduction of the effects of ion-beam fluc- 
tuation. 

Alternatively, the accelerating or deflecting 
field may be arranged so that ions of a given mass 
are focused on a detector which may consist of a 
plate or, if initial amplification of the charge is 
required, onto an electron multiplier or scintilla- 
tion detector. By arranging the deflecting field to 
change in a predetermined manner, the instru- 
ment may be arranged to scan a range of masses 
and so record the abundance of ions of each 
particular mass. Such a record is known as a 
“mass spectrum” and mathematical analysis of 
this mass spectrum enables the composition of 
the sample to be determined. Mass spectra 
obtained under constant conditions of ionization 
depend upon the structure of the molecules from 
which the ions originate. Each substance has its 
own characteristic mass spectrum, and the mass 
spectrum of a mixture may therefore be analyzed 
in terms of the spectra of the pure components, 
and the percentage of the different substances in 
the mixture calculated. 

Analysis of the mass spectrum of a mixture may 
involve the solution of a large number of simulta- 
neous equations, which can be accomplished using 
a microprocessor or a small computer. 

16.7.2 Inlet systems 

The mode of introduction of the sample into the 
ion source is dependent upon the nature of the 
sample and, in particular, its volatility. 

The simplest system designed to introduce 
reference compounds into the ion source includes 
a 35 cm 3 reservoir into which the compound is 
injected through a septum. Flow into the ion 
source is through a molecular leak, and a shut- 
off valve is provided. Facilities for pumping out 
the system and obtaining temperatures up to 
100°C are provided. 

Relatively volatile gases and liquids may be 
introduced by a probe attached to a small reser- 
voir into which the sample is injected and from 
which it flows to the ion source at a controlled 
rale. The temperature of the system may be con- 
trolled between ambient and 1 50 °C. 

For less volatile substances an all-glass heated 
system may be used. Glass is used for the system 
so that catalytic decomposition of the sample is 



reduced to a minimum. The system can be operated 
at temperatures up to 350 °C and incorporates 
its own controlled heating and temperature-moni- 
toring facilities. It includes both large and small 
reservoirs to enable a wide range of quantities of 
liquid or solid samples to be introduced. 

To introduce less volatile and solid samples 
into the ion chamber a probe may be used. The 
sample is loaded onto the tip of the probe, which 
is inserted into the ion source through a two-stage 
vacuum lock. 

The probe may be heated or cooled indepen- 
dently of the ion chamber as required from —50 
to +350 °C. The temperature is measured by a 
platinum resistance thermometer, forming part 
of the temperature control system, which enables 
the temperature to be set from the instrument 
control panel. 

Effluents from a gas chromatograph column 
usually flow' at about 50cm 3 /min and consist 
mainly of carrier gas. In order to reduce the flow, 
the gas is passed through a molecular separator 
designed to remove as much as possible of the 
carrier gas but permitting the significant compo- 
nents to pass into the mass spectrometer. 

16.7.3 Ion sources 

In the system shown, the ions are produced by a 
spark passed between electrodes formed from the 
sample by applying a controlled pulsed r.f. vol- 
tage. Positive ions representative of the sample 
are produced in the discharge and are accelerated 
through a simple ion gun. This beam is defined by 
resolving slits before it passes into the analyzer 
section. 

Other methods may be employed in order to 
produce ions of the sample which are impelled 
towards the exit slit by a small positive potential 
in the ion chamber. These methods involve 
increasing the energy of the sample by some form 
of radiation. Organic compounds require 
photons of energy up to 13 eV to produce ioniza- 
tion so that a high energy beam of short wave- 
length radiation is sufficient. Where energies 
greater than 1 1 eV are required, window materials 
become a problem, so that the photon source has 
to emit radiation directly into the ion source. A 
helium discharge at 21.21 eV provides a conveni- 
ent source of photons capable of ionizing all 
organic compounds. 

Electrons emitted by a heated filament and 
accelerated by about 70 eV and directed across 
the ion chamber may also be used to ionize many 
substances. While 70 eV produces the maximum 
ion yield, any voltage down to the ionization 
voltage of the compound studied may be used. 

The electric field production near a sharp 
point or edge at a high potential will have a high 
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potential gradient and may be used to produce 
ions. Ions can also be formed by the collision of 
an ion and a molecule. This method can produce 
stable but unusual ions, e.g., 

CH+ + CH 4 -► CH+ + CH 3 

and is most efficient at pressures of about 
10”*N/nr. 

It is most important to realize that the process 
of producing ions from molecules will in many 
cases split, up the original molecule into a whole 
range of ions of simpler structure, and the peak of 
maximum height in the spectrum does not neces- 
sarily represent the ion of the original molecule. 
For example, the mass spectrum, of m-xylene 
C 6 IT 4 (CH 3 ) 2 may contain 22 peaks of different 
mle values, and the peak of maximum height 
represents a mle ratio of 91, while the ions having 
the next highest peak have a mle ratio of 106. 

16.7.4 Separation of the ions 

The mass spectrometer shown in Figure 16.20 
employs the Mattauch-FIerzog geometry, but 
other forms of geometry achieve a similar result. 

The positive ions representative of the sample 
produced in the ion source are accelerated by a 
controlled electrostatic field in a simple gun, the 
spread of the ions being controlled by the resol- 
ving slits. If an ion of mass m and charge e can be 
regarded as starting from rest, then its velocity v 
after falling through a potential V volts will be 
represented by the equation 

- m V 1 = e V 

2 

The ion beam then passes through the electro- 
static analyzer where it passes between two 
smooth curved plates which are at different 
potentials, such that an electrostatic field B exists 
between them which is at right angles to the path 
of the ions. The centrifugal force on the ions will 
therefore be given by 

m V 2 fr = eB 

Combining the equations we see that the radius of 
curvature r of the path will be given by 

r = m V 2 /eB = 2e V/eB = 2 VI B 

Thus, the curvature of the path of all ions will be 
dependent upon the accelerating and deflecting 
fields only and independent of the mass/charge 
ratio. Therefore, if the field B is kept constant the 
electrostatic analyzer focuses the ions at the 
monitor slit in accordance with their translational 
energies. The monitor slit can be arranged to 
intercept a given portion of the beam. The 
energy-focused ion beam is then passed through 



the electromagnetic analyzer where a magnetic 
field at right angles to the electrostatic field is 
applied (i.e., at right angles to the plane of the 
diagram). Moving electric charges constitute an 
electric current so that if each carries a charge e 
and moves with a velocity v, at right angles to a 
uniform magnetic field H , each particle will be 
subject to a force F where F = Hev in a direction 
given by Fleming’s left-hand rule, i.e., in a direc- 
tion mutually at right angles to the magnetic field 
and the direction of the stream. Thus the ions will 
move in a curved path radius r such that 

mv 2 lr = Hev 
or 

r = mv 2 /Hev — mvIHe 
but 

mv 2 — 2eV or v= v /(2 eVIm) 
r = (mleH)y/(2eVlm) 
or 

r 2 = (nrle 2 H 2 )(2eVlm) 

= (2 VIH 2 )(elm) 

or 

mle = (H 2 r 2 )l2 V 

At constant values of the electrostatic and electro- 
magnetic fields all ions of the same mle ratio will 
have the same radius of curvature. Thus, after 
separation in the electromagnetic analyzer, ions 
having a single charge will be brought to a focus 
along definite lines on the photographic plate 
according to their mass, starting with the lowest 
mass on the left-hand edge of the plate and increas- 
ing to the highest mass on the right. 

The ions will therefore give rise to narrow 
bands on the photographic plate, and the density 
of these bands will be a measure of the number of 
ions falling on the band. The sensitivity range of 
the plate is limited, and it is necessary to make 
several exposures for increasing periods of time to 
record ions which have a large ratio of abun- 
dance. By using long exposure, ions which are 
present in very low abundances may be accurately 
measured. The intensity of the photographic lines 
after development of the plate may be compared 
with a microphotometer similar to that used with 
optical spectrometers. 

As all ions are recorded simultaneously, ion 
beam fluctuations affect all lines equally, and the 
photographic plate also integrates the ions over 
the whole of the exposure. 

The instantaneous monitor current may be 
measured and used to control the sparking at 
the electrodes at optimum by adjusting the gap 
between the electrodes. 
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The integrated monitor current is a guide to the 
exposure, and the range of masses falling on the 
photographic plate may be controlled by adjust- 
ment of the value of the electrostatic and mag- 
netic fields. 

The plate collector and the electron multiplier 
detection systems enable quantitative analysis to 
be carried out with greater speed and precision 
than with the photographic plate detector. For 
high sensitivity the ions may be caused to fall on 
the first dynode of the electron multiplier and the 
final current further amplified, and recorded on 
the ultraviolet sensitive strip recorder. The loga- 
rithmic ratio of the monitor and collector signals 
is used in recording spectra in order to minimize 
the errors due to variations in the ion beam. 

In the peak switching mode the operator can 
select the peaks of interest and display them on an 
oscilloscope and examine them with greater pre- 
cision. Increasing the resolving power of the 
instrument will enable what may initially appear 
to be a single peak to be split up into its compo- 
nents representing ions differing in mass by a 
small amount. 

Provision is made for changing the amplifica- 
tion in logarithmic steps so that a wide range of 
abundances may be measured. Where a rapid 
qualitative and semiquantitative analysis is 
required for a very wide range of masses, conse- 
cutive masses are swept across the multiplier col- 
lector by allowing the magnet current to decay 
from a preset value at a preset rate while the 
accelerating voltage is kept constant. Values of 
ion current from the individual ion species 
received at the detector are amplified and instan- 
taneously compared with a fraction of the total 
ion current at the monitor by means of two loga- 
rithmic amplifiers which feed into a summing 
amplifier. This gives a signal proportional to the 
relative ion concentrations, which can be 
recorded on the ultraviolet-sensitive strip recorder 
and has the form shown in Figure 16.21. 



Where large amounts of data are generated the 
output from the ratio detector of the electrical 
detection system can be fed through a suitable 
interface into a data acquisition and processing 
system. If necessary this system can be programed 
to print out details of the elements present in the 
sample and an indication of their concentration. 

16.7.5 Other methods of separation of ions 

16.7. 5 A Time-of -flight mass spectrometer 

This type of instrument is shown schematically in 
Figure 16.22. It has a relatively low resolution but 
a very fast response time. 

In this instrument, the ions are accelerated 
through a potential V, thus acquiring a velocity 
v given by: 

X -mv 2 =eV or v = [2 V(elm] m 

If the ions then pass through a field-free (drift) 
region of length d , to the detector the time of 
transit t will be dlv. That is, 

t = dl[2V(e/m)]' 12 = [(elm)2d 2 V]' 12 

Thus, the ions will arrive at the detector after 
times proportional to ( mle ) ]l 2 . The time intervals 
between the arrival of ions of different mass at the 
detector are usually very short, and the mass spec- 
trum is most conveniently displayed on a cathode 
ray tube. The time-of-fiight mass spectrometer 
occupies a unique place in mass spectrometry as 
it provides a simple rapid measurement of the 
abundance of various isotopes or elements com- 
prising a sample. In practice, 10,000 to 100,000 
spectra can be scanned per second. With the aid 
of suitable electronic circuitry it is possible to 
monitor reaction rates and to investigate reaction 
profiles of only 100jus duration. Longer length 
drift tubes have also contributed to improved 
mass resolution. It is also possible to scan from 
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Figure 16.22 Time-of-flight 
spectrometer 



0 to 900 atomic mass units in 1 .5 seconds, and 
also, to prevent multiplier saturation when very 
large ion peaks are present near smaller peaks, 
appropriate '‘gating” peaking can be applied to the 
multiplier. Thus, it is possible to suppress mass 40 
without interfering with the recording of mass 39 
or 41. This has extended the practical range of 
sensitivity in identifying gas chromatograph 
effluent by orders of magnitude. 

/ 6. 7. 5 . 2 Quadrupole trtass spectrometer 

This type of instrument is particularly suited to 
vacuum system monitoring and to a wide range 
of gas analysis. Although it has a relatively mod- 
est resolving power (about 16,000 maximum) it 
has the advantages of compactness, robustness, 
and relatively low cost. 

Ions, produced by bombarding the sample with 
electrons from a filament assembly, are extracted 
electrostatically from the ionizer and focused by 
electrostatic lenses into the quadrupole mass fil- 
tering system. The latter consists of two pairs of 
metal rods, precisely aligned and housed in a 
chamber at a pressure of 2.6 x 10 -4 N/m 2 . One 
pair is connected to a source of d.c. voltage, w'hile 
the other is supplied by a radio frequency voltage. 
Combination of the d.c. and r.f. voltages creates a 
hyperbolic potential distribution. The applied 
voltages increase uniformly from zero to a given 
maximum and then drop to zero again — a voltage 
sweep which is then repeated. Most ions entering 
the quadrupole field will undergo an oscillating 
trajectory of increasing amplitude so that they 
will eventually be collected oil one of the electro- 
des. However, at any given time, ions of one 
specific mass/charge ratio are deflected as much 
to one electrode as to another and are passed by 
the filter. 

As the voltages are swept from zero to their 
maximum values, the entire mass range is 



scanned. After passing through the mass filter, 
the ions impinge on an electron multiplier and a 
signal proportional to the collected ion current 
can be displayed on an oscilloscope or recorder. 
As the voltages increase, the position of the mass 
peaks is linearly related to mass, making the spec- 
trum easy to interpret. The instrument covers 
mass ranges up to about 400 amu. Modern instru- 
ments are able to detect partial pressure in the 
10“ 13 torr range. They are equipped with variable 
mass scanning sweeps so that rapidly changing 
concentrations of gases can be monitored on a 
continuing basis. There are many other types of 
ion separators; for details on these, the reader 
should consult textbooks devoted to mass spec- 
troscopy. Among these types are multiple magnet 
systems, the cycloidal mass spectrometer, cyclo- 
tron resonance types, and r.f. mass filters. 
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17 Chemical analysis: 

electrochemical techniques 

W. G. CUMMINGS and K. TORRANCE, edited by I. VERHAPPEN 



17,1 Acids and alkalis 

In order to appreciate electrochemical techniques 
of chemical analysis it is necessary to have an 
understanding of how substances dissociate to 
form ions. 

All acids dissociate when added to water to 
produce hydrogen ions in the solution, e.g., nitric 
acid: 



when added to water, but weak alkalis such as 
ammonium hydroxide (NH4OH) are only slightly 
ionized in water and produce much smaller con- 
centrations of hydroxyl ions. 

As with weak acids, the strength of a weak base 
is indicated by its dissociation constant 

[B + ][O H-] 

[BOH] 



HNO3 ^ H + + NO3 

The extent to which dissociation takes place var- 
ies from acid to acid, and increases with increas- 
ing dilution until, in very dilute solutions, almost 
all the acid is dissociated. 

According to the ionic theory, the characteris- 
tic properties of acids are attributed to the hydro- 
gen ions (H + ) which they produce in solution. 
Strong acids (nitric, sulfuric, hydrochloric) are 
those that produce a large concentration of 
hydrogen ions when added to water. As a result 
the solutions are excellent conductors of electri- 
city. Weak acids like carbonic acid (H2CO3) and 
acetic acid (CH3COOH) when dissolved in water 
produce small concentrations of hydrogen ions, 
and their solutions are poor conductors of elec- 
tricity. 

The strength of a weak acid is indicated by its 
dissociation constant K which is defined as 

„ [A-|[H*] 

IhaT 

where [A - ] is the molar concentration of the 
acidic ions, [H + ] is the concentration of hydrogen 
ions, and [HA] is the concentration of undisso- 
ciated acid. 

The dissociation constant K varies with tem- 
perature but, at a given temperature, if a little 
more acid is added to the solution, a portion of 
it dissociates immediately to restore the relative 
amount of ions and undissociated acid to the 
original value. 

Similarly, the typical properties of alkalis in 
solution are attributed to hydroxyl ions (OH "). 
Strong alkalis such as sodium hydroxide (NaOH) 
produce large concentrations of hydroxyl ions 



where [B 4 ] is the concentration of alkaline ions. 
[OH - ] is the concentration of hydroxyl ions, and 
[BOH] is the concentration of undissociated 
alkali. 

Strong electrolytes have no dissociation con- 
stant; the expression for strong acids 
[^ - ][H + ]/[HA] and the corresponding expression 
for alkalis vary considerably with change in con- 
centration. With strong acids and alkalis the 
apparent degree of ionization can be taken as a 
measure of the strength of the acid or base. 

So far it has been assumed that the effective 
concentrations or active masses could be 
expressed by the stoichiometric concentrations 
but, according to modern thermodynamics, this 
is not strictly true. For a binary electrolyte 
AB ^ A + + B - the correct equilibrium equation 
is: 



_ a A - x a B - 
K a — 

a AB 

where a,\+a B - and < 7 A b represent the activities of 
A + , B~ and AB and K a is the thermodynamic 
dissociation constant. The thermodynamic quan- 
tity “activity” is related to concentration by a 
factor called the activity coefficient, i.e., 
activity = concentration x activity coefficient. 

Using this concept, the thermodynamic activity 
coefficient is 



_ [A + ][B~] 
[AB] 



w 7a + x/b- 
/ab 



where / refers to the activity coefficients and the 
square brackets to the molar concentrations. The 
activity coefficients of unionized molecules do not 
differ much from unity, and so for weak electrolytes 
in which the ionic concentration, and therefore the 
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ionic strength is low, the error introduced by 
neglecting the difference between the actual values 
of the activity coefficients of the ions,/A+ and /b-. 
and unity is small (less than 5 percent). Hence for 
weak electrolytes, the constants obtained by using 
the simpler equation K = [A + ][B - ]/[AB] are suffi- 
ciently precise for the purposes of calculation in 
quantitative analysis. Strong electrolytes are 
assumed to be completely dissociated, and no cor- 
rection for activity coefficients needs to be made 
for dilute solutions. 

However, the concept of activity is important 
in potentiometric techniques of analysis 
(described later). The activity coefficient varies 
with concentration, and for ions it varies with 
the charge and is the same for all dilute solutions 
having the same ionic strength. The activity coef- 
ficient depends upon the total ionic strength of a 
solution (a measure of the electrical field existing 
in the solution) and for ion-selective work it is 
often necessary to be able to calculate this. The 
ionic strength I is given by 

/ = 0.5S QZf 

where C\ is the ionic concentration in moles per 
liter of solution and Z\ is the charge of the ion 
concerned. Thus, the ionic strength of 0.1 M nitric 
acid solution (HNO3) containing 0.2 M barium 
nitrate [Ba(N03) 2 ] is given by 

0.5[0.1(for H + ) + 0.1 (for N0 3 ") 

+0.2 x 2 2 (for Ba ++ ) 

+0.4 x 1 (for NOj") 

= 0.5[1.4] = 0.7 

17.2 Ionization of water 

As even the purest water possesses a small but 
definite electrical conductivity, water itself must 
ionize to a very slight extent into hydrogen and 
hydroxyl ions: 

H 2 0 ^ H h + OH - 

This means that at any given temperature 

x tfoi-i- _ [H^] * [OH - ] ^ /h+ */oh- _ „ 
<*h 2 o ~ [H 2 0] /h 2 0 

where tf x ,[x] and f x refer to the activity, concen- 
tration, and activity coefficient of the species X , 
and K is a constant. 

As water is only slightly ionized, the ionic con- 
centrations are small and the activity coefficients 
of the ions can therefore be regarded as unity. 
The activity coefficient of the unionized molecule 
H2O may also be taken as unity, and the above 
expression therefore reduces to 



[H + ] x [OH-] 

[II2O] 

In pure water, too, because there is only very 
slight dissociation into ions, the concentration 
of the undissociated water [H 2 0] may also be 
considered constant and the equation becomes 
[H + ] x [OH - ] = K w . The constant A w is known 
as the ionic product of water. 

Strictly speaking, the assumptions that the 
activity coefficient of water is constant and that 
the activity coefficients of the ions are unity are 
only correct for pure water and for very dilute 
solutions where the ionic strength is less than 
0.01. In more concentrated solutions the ionic 
product for water will not be constant but, as 
activity coefficients are generally difficult to 
determine, it is common usage to use K w . 

The ionic product of water, A w , varies with 
temperature and is given by the equation 

log 10 A w - 14.00 - 0.033(/ - 25) 

+ 0.000 17(r-25) 2 

where t is the temperature in °C. 

Conductivity measurements show that, at 25 °C, 
the concentration of hydrogen ions in water is 
1 x 10 -7 mol liter -1 . The concentration of hydro- 
xyl ions equals that of the hydrogen ions, therefore, 
A w = [H + ] x [OH - ] = 10 -14 . If the product of 
[H + ] and [OH - ] in aqueous solution momentarily 
exceeds this value, the excess ions will immediately 
recombine to form water. Similarly, if the product 
of the two ionic concentrations is momentarily less 
than 10 -14 , more water molecules will dissociate 
until the equilibrium value is obtained. Since the 
concentrations of hydrogen and hydroxyl ions are 
equal in pure water it is an exactly neutral solu- 
tion. In aqueous solutions where the hydrogen ion 
concentration is greater than 10 -7 , the solution is 
acid; if the hydrogen ion concentration is less than 
10 -7 the solution is alkaline. 

17.3 Electrical conductivity 

17.3.1 Electrical conduction in liquids 

As early as 1833, Faraday realized that there are 
two classes of substances which conduct electri- 
city. In the first class are the metals and alloys, 
and certain non-metals such as graphite, which 
conduct electricity without undergoing any chem- 
ical change. The flow of the current is due to the 
motion of electrons within the conductor, and the 
conduction is described as metallic, or electronic. 

In the second class are salts, acids, and bases 
which, when fused or dissolved in water, conduct 
electricity owing to the fact that particles, known as 
ions, carrying positive or negative electric charges 
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move in opposite directions through the liquid. It is 
this motion of electrically charged particles which 
constitutes the current. Liquids which conduct elec- 
tricity in this manner are known as electrolytes. 

17.3.2 Conductivity of solutions 

The passage of current through an electrolyte gen- 
erally obeys Ohm’s law, and the current-carrying 
ability of any portion of electrolyte is termed 
its conductance and has the units of reciprocal 
resistance (1/Q), siemens (S). The specific current- 
carrying ability of an electrolyte is called its con- 
ductivity and consequently has the units of S m" 1 . 

The conductivity of electrolytes varies greatly 
with Iheir concentration because dilution (a) 
increases the proportion of the dissolved electro- 
lyte, which forms ions in solution, but (b) tends to 
reduce the number of these ions per unit of 
volume. In order to measure the first effect alone 
another term, molar conductivity. A, is defined, 

A (S m 2 /mol) = kJc, 

where k is the conductivity and c is the concentra- 
tion in mol m -3 . Although these are the basic SI 



Table 17.1 Limiting ionic conductivities at 25 °C 



Cation 


A° 

5 cm 2 /mol 


Anion 


A° 

S aril mol 


H+ 


349.8 


OH” 


199.1 


Li + 


38.7 


F“ 


55.4 


Na + 


50.1 


Cl” 


76.4 


KT 


73.5 


Br“ 


78.1 


nh 4 


73.6 


I- 


76.8 


(CH 3 ) 2 NH+ 


51.9 


no 3 - 


71.5 


i.Vlg 2+ 


53.1 


cio 4 


64.6 


\ca 2+ 


59.5 


Acetate 


40.9 


\Ca 2+ 


53.6 


{sd 2 - 


80.0 


iZn 2+ 


52.8 


5 CO 2 - 


69.3 



units most work is reported using volume units of 
cm 3 since the liter is a convenient volume for labora- 
tory use and A is usually in units of S cm 2 /mol. 

At infinite dilution the ions of an electrolyte are 
so widely separated by solvent molecules that 
they are completely independent and the molar 
conductivity is equal to the sum of the ionic con- 
ductivities, A 0 , of the cation and anion, i.e., 

Aoc = A! + a; 

The values of A 0 are the values for unit charge, 
referred to as equivalent ionic conductivities at 
infinite dilution. The general case is 

Aqo = z+n+ A® + z-ti- \°_ 

w'here z is the charge on the ion and n the number 
of these ions produced by dissociation of one 
molecule of the salt, e.g,, 

A 0 0 (LaCh) = 3xlxA£ fl + lx3x X° a 

Since, for example, the ionic conductivity of the 
chloride ion is the same in all chloride salts, then 
the molar conductivity at infinite dilution of any 
chloride salt can be calculated if the correspond- 
ing value for the cation is known. Values of ionic 
conductivities at infinite dilution at 25 °C are 
given in Table 17.1. 

Providing the concentration of a fully disso- 
ciated salt is less than about 10 -4 mol/1, then the 
conductivity k at 25 °C can be calculated from 

k(S cm -1 ) = zn(A° + A°_)c 10~ 3 
or 

k(juS cm -1 ) = zn(A° 4- A°)c 10 3 

w'here c is the concentration in mol/1. 

Values of limiting ionic conductivities in aque- 
ous solution are highly temperature-dependent 
and in some cases the value increases five- or 
sixfold over the temperature range 0-100 °C 
(see Table 17.2). These changes are considered 



Table 17.2 Ionic conductivities between 0 and 100° C (S cm 2 /mol) 



Ion 


0 ° 


5° 


15 0 


18° 


25° 


35° 


450 


55° 


100 ° 


H + 


225 


250.1 


300.6 


315 


349.8 


397.0 


441.4 


483.1 


630 


OH” 


105 


- 


165.9 


175.8 


199.1 


233.0 


267.2 


301.4 


450 


Li + 


19.4 


22.7 


30.2 


32,8 


38.7 


48.0 


58.0 


68.7 


115 


Na~ 


26.5 


30.3 


39.7 


42.8 


50.1 


61.5 


73.7 


86.8 


145 


K + 


40.7 


46.7 


59.6 


63.9 


73.5 


88.2 


103.4 


119.2 


195 


CP 


41.0 


47.5 


61.4 


66.0 


76.4 


92.2 


108.9 


126.4 


212 


Br“ 


42.6 


49.2 


63.1 


68.0 


78.1 


94.0 


110.6 


127.4 


- 


I- 


41.4 


48.5 


62.1 


66.5 


76.8 


92.3 


108.6 


125.4 


- 


NO 3 


40.0 


- 


- 


62.3 


71.5 


85.4 


- 


- 


195 


CIO 4 


36.9 


- 


- 


58.8 


67.3 


- 


- 


- 


185 


Acetate 


20.1 


- 


- 


35 


40.9 


- 


- 


- 


- 


i-Mg 2 - 


28.9 


- 


- 


44.9 


53.0 


- 


- 


- 


165 


iCa 2+ 


31.2 


- 


46.9 


50.7 


59.5 


73.2 


88.2 


- 


180 


iso 4 - 


41 


- 


- 


68.4 


80.0 


- 


- 


- 


260 
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to be due mainly to changes in the viscosity of 
water and the effect this has on the mobility and 
hydration of the ions. 

17.3.3 Practical measurement of electrical 
conductivity 

From the foregoing, it can be seen that measure- 
ment of electrical conductivity enables concentra- 
tion to be determined. 

17.3.3.1 A Iterna ting curren l cells with con tact 
electrodes 

Conductivity cells provide the means of conduct- 
ing a small, usually alternating, current through a 
precise volume of liquid whose conductivity we 
wish to know. At its simplest, this process 
involves the measurement of the resistance 
between two electrodes of fixed shape and con- 
stant distance apart. The relationship between the 
specific conductivity k of the solution and the 
resistance R across the electrodes includes a cell 
constant “a” such that 

k = alR 

If we express the conductivity in units of S cirr 1 
then the cell constant has the dimension of cm -1 . 
In order to simplify the electrical circuits of the 
measuring instruments it is customary to main- 
tain the resistance of conductivity cells between 
the limits of 10 and 100,000 ft. The conductivity of 
aqueous solutions varies from pure water with a 
conductivity of about 5/y/m to those of concen- 
trated electrolytes with conductivities as high as 
1000 S/m. In order to keep within these resistance 
limits it is necessary, therefore, to have cells with 
a range of cell constants from 0.01 to 100 cm -1 . A 
working guide to the most appropriate value of 
cell constant for any given range of conductivity 
is shown in Table 17.3. 

In order to measure the conductivity accurately 
it is necessary to know the cell constant accur- 
ately. It is usual to determine the cell constant 
by preferably (a) measuring the conductance 
when the cell is filled with a solution whose con- 
ductivity is accurately known or, failing that, 



Table 173 Guide to cell constant for known conductivity 
range 



Conductivity range 
cm” 1 


Celt constant 
cm -1 


0.05 to 20 


0.01 


1 to 200 


0.1 


10 to 2000 


1 


100 to 20 000 


10 


100 to 200 000 


50 



(b) comparing the measured conductance with 
that obtained from a cell of known cell constant 
when both cells contain the same solution at the 
same temperature. 

The only solutions whose conductivities are 
known with sufficient accuracy to be used for 
reference purposes are aqueous solutions of 
potassium chloride. This salt should be of the 
highest purity, at least analytical reagent grade, 
and dried thoroughly in an oven at 120 °C before 
preparing solutions by dissolving in deionized 
water whose conductivity is less than 2^S/cm at 
room temperature. The most accurate reference 
solutions are prepared by weight, and the two 
most useful solutions are given in Table 17.4. 



Table 17.4 Standard solutions for cell calibration 



Solution 


k at 18 ° C 


k at 25° C 


g Kcl/lOOOg solution * 


S m-‘ 


S m' 1 


(A) 7.4191 


1.1163 


1.2852 


(B) 0.7453 


0.12201 


0.14083 



*AH values are “mass in vacuo. ’’ 



For many purposes a simpler procedure can be 
followed. This involves weighing only the potas- 
sium chloride and preparing solutions by volume 
at 20 °C; these details are given in Table 17.5. 



Table 17.5 Standard solutions (volumetric) for cell 
calibration 



Solution 


k at 18 °C 


k at 25° C 


(A') 7.4365 g KC1/1 
at 20 °C 


1.1 167 S m _l 


1.2856S nT 1 


(BO 0.7440 g Kcl/1 
at 20 °C 


0.1221 S m- 1 


0.1409S nf 1 


(CO 100 ml of 
solution B' 
made up to 
1 liter at 20 °C 




146.93 ^iS cm" 1 ’ 



* For the highest accuracy the conductivity of the dilution water 
should be added to this value. 



Calibration of conductivity cells by these solu- 
tions requires considerable care if accurate values of 
cell constants are to be determined. The importance 
of temperature control cannot be over-emphasized 
since the conductivity of the potassium chloride 
solution will change by over 2 percent per Kelvin. 
Alternatively, the cell constant can be determined 
by the comparison technique with identical, rather 
than standard conditions in both the “known” and 
“unknown” cell. Equally important as the effect of 
temperature is that of polarization in these cells 
where the electrodes contact the solution and con- 
duct a significant current. 
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The extent of polarization depends on a num- 
ber of factors, the most important of which are 
the nature of the electrode surface and the fre- 
quency of the a.c. signal applied to the cell. The 
restrictions that polarization errors, arising from 
electrode material, impose on the choice of cell 
mean that cells with bright metal electrodes are 
best suited for measurements of low conductiv- 
ities where the proportion of the total resistance 
due to polarization is very small. Treated or 
coated electrodes are suitable for low 
(^0.05 jjS cirr 1 ) to intermediate (^O.IS m -1 ) 
conductivities provided that the frequency of the 
a.c. voltage is in the range normally found in 
commercial instruments (50-1000 Hz). 

Polarization in all the cells we have been dis- 
cussing can be reduced by increasing the fre- 
quency of the applied voltage. This can best be 
appreciated by considering Figure 17.1 in which 
the apparent cell constant over a range of con- 
ductivities is plotted against three values of a.c. 
frequency. The true value of the cell constant was 
icm -1 and it can be seen that the highest fre- 
quency, 3.5 kHz, gave the true value for the cell 
constant over the widest concentration range. 
Unfortunately increase of frequency can introduce 
capacitative errors into the measurement, particu- 
larly from the signal cable, and in many applications 
the choice of operating frequency is a compromise. 
Although variable frequency conductivity meters 
are available as laboratory instruments (e.g., Philips 
Model PW 9509, High Performance Conductivity 
Meter), such a facility is not usually found on indus- 
trial instruments. In this case it is necessary to con- 
sider the range of conductivities to be measured, 
together with the chemical and physical nature of 
the solutions to be measured before specifying the 
operating frequency. All determinations of cell con- 
stant should be carried out at this frequency. 

Cell construction The materials used in cell con- 
struction must be unaffected by the electrolyte, 
and the insulation between the electrodes must 




■(.uS / crri) (rrS / cm) 

Solution conductivity. k 



Figure 17.1 Effect of frequency on the useful range of a 
cell with titanium carbide coated stainless steel electrodes. 
Courtesy F. Oehme, Polymetron. 



be of a high quality and not absorb anything 
from the process liquid. 

A wide range of materials are at present avail- 
able covering a wide range of pressures, tempera- 
tures, and process fluids. The body may be made 
of glass, epoxy resins, plastics such as PTFE, pure 
or reinforced, PVC, Perspex, or any other mater- 
ial suitable for the application, but it must not be 
deformed in use by temperature or pressure, 
otherwise, the cell constant will change. 

The electrodes may be parallel flat plates or 
rings of metal or graphite cast in the tube forming 
the body, or in the form of a central rod with a 
concentric tubular body. 

One common form of rod-and-tube conductiv- 
ity cell consists of a satinized stainless steel rod- 
electrode surrounded by a cylindrical stainless 
steel electrode, having holes to permit the sample 
to flow freely through the cell. This is surrounded 
by an intermediate cylinder also provided with 
holes, and two O-rings which together with the 
tapered inner end form a pressure-tight seal onto 
the outer body when the inner cell is withdrawn 
for cleaning, so that the measured solution can 
continue to flow and the cell be replaced without 
interruption of the process. The outer body is 
screwed into the line through which the measured 
solution flows. Figure 17.2(a) shows the inserted 
cell as it is when in use, and (b) the withdrawn 
measuring element with the intermediate sleeve 
forming a seal on the outer body. The cell may 
be used at 1 10 C C up to 7 bar pressure. 

Many manufacturers offer a type of flow- 
through conductivity cell with annular graphite 
electrodes, one form of which is shown in Figure 
17.3. It consists of three annular rings of imper- 
vious carbon composition material equally 
spaced within the bore of an epoxy resin molded 
body. Conduction through the solution within 
the cell takes place between the central electrode 
and the two outer rings, which are connected to 
the earthed terminal of the measuring instrument; 
thus, electrical conduction is confined entirely 
within the cell, where it is uninfluenced by the 
presence of adjoining metal parts in the pipe sys- 
tem. This pattern of cell, having a simple flow 
path, is ideally suited to the exacting require- 
ments of dialysate concentration monitoring in 
the artificial kidney machine. Screv/-in patterns 
of this cell are also generally available. 

The use of an impervious carbon composition 
material for the electrodes substantially elimin- 
ates polarization error and provides conducting 
surfaces that do not require replatinization or 
special maintenance, other than periodic, but 
simple and infrequent cleaning by means of a 
bottle brush. Typical operating temperature and 
pressure limits for this type of cell are 100 °C and 
7 bar. 
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Figure 17.2 Retractable conductivity cell. Courtesy, Kent 
Industrial Measurements Ltd, Analytical Instruments. 



Measuring cells should be installed in positions 
where they are adequately protected from 
mechanical shock by passing traffic, dampness, 
and extremes of temperature. Where a flow-line 
cell is connected directly in the electrolyte pipe, 
suitable support should be given to the pipes to 
ensure that the cell is under no mechanical strain, 
and that the pipe threads in a rigid system are 
straight and true. Dip pattern cells should be 
installed so that moving parts in a tank, e.g., 
agitators, arc well clear of the cells. 




Where measuring cells arc installed in pipe- 
work, it is essential that they are positioned in a 
rising section of the system to ensure that each 
cell is always full of electrolyte, and that pockets 
of air arc not trapped. 

Cleaning and maintenance of cells Periodic 
inspection and cleaning of conductivity cells is 
essential to ensure that the electrode surfaces arc 
free from contamination, which would otherwise 
alter the electrode area and effective cell constant. 
The frequency of such procedures is mainly 
dependent on the nature of the samples but the 
design of the cells and the accuracy required for 
the measurement will also have to be taken into 
consideration. All new cells should be thoroughly 
cleaned before installation, and these cleaning 
procedures depend on the design of the cell and 
the electrode material. 

Platinized electrodes Cleaning of these electrodes 
constitutes a major drawback in their applica- 
tion because no form of mechanical cleaning 
should be attempted. A suitable cleaning solution 
consists of a stirred mixture of 1 part by volume 
isopropyl alcohol, 1 part of ethyl ether and 1 part 
hydrochloric acid (50 percent). Alternatively, the 
sensitivity of the electrodes can frequently be 
restored by immersion in a 10-15 percent solution 
of hydrochloric or nitric acid for about 2 minutes. 
The electrodes should be thoroughly rinsed with 
water before being returned to service. 

Annular graphitic electrodes Cleaning should be 
carried out with a 50 percent solution of water/ 
detergent using a bottle brush. After thorough 
brushing with this solution, the cell bore should 
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Figure 17.3 Flow-through cell. Courtesy Kent Industrial 
Measurements Ltd. Analytical Instruments. 
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be rinsed several times in distilled water and then 
viewed. Looking through the bore towards a 
source of illumination, the surface should be 
evenly wetted with no dry patches where the 
water has peeled away. If dry patches appear 
rapidly, indicating that a thin film of grease is 
present, the surface is not clean. 

Stainless steel and Monel A feature of many 
stainless steel cells is the frosted appearance of 
the electrodes which is essential to reduce polar- 
ization. It is most important that this frosting is 
not polished away by the regular use of abrasive 



Oscillator 





Figure 17.4 Measurement of conductance using 
Wheatstone bridge: (a) simple circuit, (b) thermistor 
temperature-corrected circuit. 

cleaners. This type of cell may be cleaned with a 
50 percent water detergent solution and a bottle 
brush. 

In the case of screw-in cells, the outer electrode 
may be removed to facilitate cleaning, but on no 



account should the central electrode be disturbed, 
as this will impair the accuracy of the electrical 
constant of the cell. In cases where metal cells have 
become contaminated with adherent particulate 
matter, such as traces of magnetite or other metal 
oxides, ultrasonic cleaning in the detergent solution 
has been shown to be effective. 

In all cleaning processes care should be taken 
to keep the external electrical contact, cable 
entries, and plugs dry. 

Instruments for conventional a.c. measurement 
The conductance of a cell may be measured 
(a) by Wheatstone bridge methods or (b) by 
direct measurement of the current through the 
cell when a fixed voltage is applied. 

Wheatstone bridge methods The actual conduct- 
ance of the cell is usually measured by means of a 
self-balancing Wheatstone bridge of the form 
shown in Figure 17.4 and described in detail in 
Part 3. 

Direct measurement of cell conductance The 
conductance of a cell may be measured directly 
by the method indicated in Figure 17.5. The cur- 
rent is directly proportional to the conductance so 
the output from the current amplifier is applied to 
the indicator and recorder. Temperature compen- 
sation is achieved by connecting a manual tem- 
perature compensator in the amplifier circuit, or 
a resistance bulb may be used to achieve auto- 
matic compensation. 

Multiple-electrode cells From the foregoing dis- 
cussion on errors introduced by polarization 
together with the importance of constancy of 
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Figure 17.5 Direct measurement 
of cell conductance. 
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electrode area, it can be appreciated that two- 
electrode conductivity cells have their limitations. 
In circumstances where accurate measurements of 
conductivity are required, in solutions of moder- 
ate or high conductivity or in solutions which can 
readily contaminate the electrode surfaces, multi- 
ple-electrode cells should be considered. 

In its simplest form, a multiple-electrode cell 
has four electrodes in contact with the solution. 
An outer pair operate similarly to those in a 
conventional two-electrode cell and an a.c. cur- 
rent is passed through the solution via these elec- 
trodes. The voltage drop across a segment of the 
solution is measured potentiometrically at a sec- 
ond or inner pair of the electrodes, and this drop 
will be proportional to the resistivity or inversely 
proportional to the conductivity of the solution. 
Four-electrode cells can be operated in either the 
constant-current or constant-voltage mode, but 
the latter is the more popular and will be 
described further. In this form of measurement 
the voltage at the inner electrode pair is main- 
tained at a constant value by varying the current 
passed through the solution via the outer elec- 
trodes. The current flowing in the cell will be directly 
proportional to the conductivity, and can be meas- 
ured as indicated in Figure 17.6. 

The circuit shown in the figure is consider- 
ably simplified, and there are multiple-electrode 
cells available from a number of manufacturers 
which contain additional electrodes whose func- 
tion is to minimize stray current losses in the 
cell, particularly for solutions flowing through 
earthed metal pipework. 

Since there is imperceptible current flowing 
through the voltage sensing electrodes, cells of 



this type are free from the restrictions imposed 
by polarization. Therefore multiple-electrode 
cells can be standardized with any of the potas- 
sium chloride solutions given in Tables 17.4 and 
17.5. The precaution previously stated about con- 
stancy of temperature during any determination 
of cell constant must still be observed. 

Multiple-electrode cells are available with cell 
constants from 0.1 to 10 cm M and can therefore 
be used over a wide range of solution conductiv- 
ities. However, their most valuable applications are 
when contamination or polarization is a problem. 

Temperature compensation The conductivity of 
a solution is affected considerably by change of 
temperature, and each solution has its own char- 
acteristic conductivity-temperature curve. Figure 
17.7 shows how different these characteristics can 
be. When it is required to measure composition 
rather than absolute conductivity it is therefore 
essential to use a temperature compensator to 
match the solution. 

Manual compensators consist of a variable and 
a fixed resistor in series. The temperature scale 
showing the position of the contact on the variable 
resistance is calibrated so that the resistance of the 
combined resistors changes by the same percentage 
of the value of conductivity of the solution at 25 °C 
as does the solution. The scale becomes crowded at 
the upper end, thus limiting the span of the com- 
pensator to about 70 °C. 

Aqueous solutions containing very low (pgl~ x ) 
concentrations of electrolytes must have more 
elaborate compensation to allow for the non- 
linear conductivity-temperature characteristic of 
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Figure 17.7 Variation of solution conductivity with 
temperature. 



pure water. This type of compensation system is 
applied in all conductivity transmitters (either 
with two-electrode or multiple-electrode cells) 
designed for accurate operation in the range up 
to 0.5 . 

17.3.3.2 Electrodeless method of measuring 
conductivity 

The principle of the method is to measure the 
resistance of a closed loop of solution by the 
extent to which the loop couples two transformer 
coils. The liquid to be measured is enclosed in a 
non-conducting pipe, or a pipe lined with a non- 
conducting material. Three forms of measuring 
units are available, as shown in Figure 17.8. As 
the method is most successful with full scale resist- 
ances of 10-1000 H. relatively large-bore pipe 
may be used, reducing the possible errors due to 
solid deposition or film formation. 

Figure 17.8(a) shows the form used for immer- 
sion in a large volume of solution. For measure- 
ments on a solution flowing through a pipe the 
arrangement shown in Figure 17.8(b) is used. If 
the liquid contains suspended solids or fibers, 
wide- bo re non-conducting pipe fitted with metal- 
lic end-pieces connected together with a length of 
wire to complete the circuit may sometimes be 
used (Figure 17.8(c)). 

The principle of the measuring system is shown 
in Figure 17.9. Figure 17.9(a) shows the simple 
circuit, which consists of two transformers. The 
first has its primary winding, the input toroid, 
connected to an oscillator operating at 3 or 
18 kFIz and its secondary the closed loop of solu- 
tion. The closed loop of solution forms the pri- 
mary of the second transformer and its secondary 




is the output toroid. With constant input voltage 
the output of the system is proportional to the 
conductivity of the solution. The receiver is a high- 
impedance voltage measuring circuit which 
amplifies and rectifies the output and displays it 
on a large indicator. 

In order to eliminate effects of source voltage 
and changes in the amplifier characteristics a null 
balance system may be provided as shown in 
Figure 17.9(b). An additional winding is provided 
on each toroid, and the position of the contact is 
adjusted on the main slidewire to restore the sys- 
tem to the original balanced state by means of the 
balancing motor operated by the amplified out- 
of-balance signal in the usual way. 

The electrodeless measurement of conductivity 
has obvious advantages in applications where the 
solution is particularly corrosive or has a ten- 
dency to foul or mechanically abrade the electrodes. 
Typical of these applications are measurements in 
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Figure 17.9 Measuring circuits for use with electrodeless 
cells. Courtesy Beckman Instruments Inc. (a) Direct reading, 
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oleum, hot concentrated sodium hydroxide, and 
slurries. In addition, this technique is ideal for 
applications in concentrated electrolytes (not 
necessarily aggressive) such as estuarine or sea 
waters where polarization errors would be con- 
siderable in a conventional cell. Temperature 
compensation is normally incorporated. 

17.3.4 Applications of conductivity measurement 

The measurement of electrical conductivity is the 
simplest and probably the most sensitive method 
of providing a non-specific indication of the dis- 
solved solids, or more correctly the ionic content 
of a solution. If the number of ionic species in 
solution are few then it may be possible to use 
conductivity as a measure of the concentration of 
a particular component. Undoubtedly the robust 
nature of conductivity measurements has led to 
their use in circumstances where their non-specific 
response gives rise to errors in interpretation of 
concentration. Consequently, any successful 
instrumental application of conductivity as a con- 
centration sensor has to ensure that the species of 
interest is the dominating ion or the only ion 
(together with its counter-ion of opposite charge) 
whose concentration is changing. With these 
restrictions it can be appreciated that determin- 
ations of concentrations by conductivity measure- 
ments are often supported by additional analyses 
or preceded by a physical or chemical separation 
of the species of interest. 

1 7. 3. 4. 1 Conductivity and water purity 

Water of the highest purity is increasingly being 
used for industrial purposes, for example, the 
manufacture of electronic components and the 
preparation of drugs. Other examples of large- 
scale uses include process steam and feedwater 
for high pressure boilers. In all these cases con- 
ductivity provides the most reliable measurement 
of water purity in circumstances where contam- 
ination from non-conducting impurities is consid- 
ered to be absent . The conductivity of pure water 
is highly temperature -dependent due to the 
increase in the dissociation of water molecules 
into hydrogen and hydroxyl ions of water, X w , 
with temperature. The extent of this can be seen 
in Table 17.6. 

The conductivity of pure water can be calcu- 
lated at any temperature provided values of Aq H? 
A^, K Wi the dissociation constant of water, and 
the density of water d are known at the appro- 
priate temperature. 

/£(/iScm _l ) = (Ay + A£ H )rf • v/ATw • 10 3 

In the application under consideration here (i.e., 
the use of pure water) the exact nature of the ionic 



Table 17,6 Pure water, conductivity from 0 to 100 °C 



Temperature 

(°C) 


Conductivity 
(/iS cm -1 ) 


Resistivity 

(°C) 


0 


0.0116 


86.0 


5 


0.0167 


60.0 


10 


0.0231 


43.3 


15 


0.0314 


31.9 


20 


0.0418 


23.9 


25 


0.0548 


18.2 


30 


0.0714 


14.0 


35 


0.0903 


11.1 


40 


0.1133 


8.82 


45 


0.1407 


7.11 


50 


0.1733 


5.77 


60 


0.252 


3.97 


70 


0.346 


2.89 


80 


0.467 


2.14 


90 


0.603 


1.66 


100 


0.788 


1.27 



species giving rise to a conductivity greater than 
that of pure water are of no interest but it is useful 
to note how little impurity is required to raise the 
conductivity. For example, at 25 °C only about 
10 pgl~ ] of sodium (as sodium chloride) are 
required to increase the conductivity to twice that 
of pure water. 

1 7. 3. 4. 2 Condensate analyzer 

The purity of the water used in the steam-water 
circuit of power stations is particularly important 
for the prevention of corrosion. An essential com- 
ponent of such a circuit is the condenser wherein 
the steam from the turbines is condensed before 
returning to the boiler. On one side of the con- 
denser tubes is the highly pure steam and water 
from the turbines and on the other is cooling 
water chosen for its abundance (e.g., river water 
or estuarine water) rather than its chemical pur- 
ity. Any leakage of this cooling water through the 
condenser tubes leads to the ingress of unwanted 
impurities into the boiler and therefore must be 
immediately detected. Direct measurement of 
conductivity would detect significant ingress of, 
say, sodium chloride from estuarine water, but it 
would not be capable of detecting small leakages 
since the conductivity of the condensate would be 
dominated by the alkaline additives carried over 
in the steam from the boiler. A better method of 
detection of leakage is to pass the condensate 
through a cation exchange column in the H + 
form, then measure the conductivity. Using this 
procedure, all cations in the condensate are 
exchanged for hydrogen ions and the solution 
leaving the column will be weakly acidic if any 
salts have entered through the condenser. Other- 
wise, the effluent from the column will ideally be 
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pure water since the cations of the alkaline boiler 
water additives (NH4OH, NaOH) will be 
exchanged and recombine as 

+ OH' ^ H 2 0 

A secondary advantage of such a system is the 
enhancement of the conductivity due to replace- 
ment of cations by hydrogen ions which gives 
about a fivefold enhancement in ionic conduct- 
ance. This is particularly important with very 
low leak rates. 

A schematic diagram of an instrument based 
on the above principles is given in Figure 17.10. 
The incoming sample flows at about 
400 ml min -1 through a H + form cation 
exchange column (I), 500 mm deep and 50 mm 
in diameter, and then to a flow-through conductiv- 
ity cell (2). The effluent from the cell flows to 
waste via an identical column/cell system (3 and 
4) which is held in reserve. Since there will be no 
exchange on this second column it will not be 
depleted and the constant Clow of water or weak 
acid keeps it in constant readiness for instant 
replacement of column (1) when the latter 
becomes exhausted. The measured conductivity 
can be recorded and displayed and, where neces- 
sary, alarms set for notification of specific salt 
ingress levels. In the case of power stations using 
estuarine water for cooling the condensers the 
condensate analyzer can be used to give a work- 
ing guide to the salt going forward to the boiler 
(see Table 17.7). 



1 7. 3. 4 . 3 Conductivity ratio monitors 

These instruments measure the conductivities at 
two points in a process system continuously and 
compare the ratio of the measurements with a 



Water in 




Table 17.7 Relationship between conductivity and salt fed 
to the boiler 



Conductivity 
at 25 °C 
(juS cm' 1 ) 


Chloride in 
condensate 
(ppm) 


Salt going forward 
to boiler 
(g NaCl/Tonne) 


0.137 


0.01 


0.0165 


0.604 


0.05 


0.0824 


1.200 


0.10 


0.1649 


1.802 


0.15 


0.2473 


2.396 


0.20 


0.3298 


6.003 


0.50 


0.8265 



preset ratio. When the measured ratio reaches 
the preset value, a signal from the monitor can 
either operate an alarm or initiate an action 
sequence or both. 

One application of this type of dual conductiv- 
ity measurement is to control the regeneration 
frequency of cation exchange units (usually in 
the H + -form) in water treatment plants. The con- 
ductivity at the outlet of such a unit will be higher 
than at the inlet since cations entering the ion 
exchange bed will be replaced by the much more 
conductive hydrogen ion (A£ = 350, A^ a — 50). 
For example, an inlet stream containing 
10 _4 moll _1 of sodium chloride will have ratios 
of 3.5, 3.3, and 2.3 for 100, 90, and 50 percent 
exchange respectively. A value corresponding to 
the acceptable extent of exchange can then be set 
on the instrument. Reverse osmosis plants use 
ratio monitors to measure the efficiency of their 
operation, and these are usually calibrated in per- 
centage rejection or passage. 

This type of operational control is most effect- 
ive when the chemical constituents of the inlet 
stream do not vary greatly; otherwise the ratio 
will be subject to errors from unconsidered ionic 
conductivities. 



17.3.4.4 Ion chromatography 

Although conductivity measurements have a 
non-specific response they can, when combined 
with a separation technique, provide extremely 
sensitive and versatile detectors of chemical con- 
centration. The best example of this is in ion 
chromatography, which in recent years has been 
shown to be an invaluable instrumental technique 
for the identification and measurement of the 
concentration of ions, particularly at low levels, 
in aqueous solution. 

The general principles of chromatography are 
outlined in Chapter 15. In an ion chromatograph, 
a small volume of sample is injected into a carrier 
or eluent electrolyte stream. The eluent together 
with the sample is carried forward under high 
pressure (5-50 bar) to an ion exchange column 
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where chromatographic separation of either the 
cations (+ve) or anions (— ve), depending on the 
nature of the exchanger, takes place. The ion 
exchange material in these chromatographic 
separator columns is fundamentally the same as 
conventional ion exchange resins but the 
exchange sites are limited to the surface of very 
fine resin beads. This form of exchanger has been 
shown to have the characteristics required for 
rapid separation and elution ofthe ionic compon- 
ents in the order expected from the general rules 
of ion exchange (e.g., Cl -1 before Br -1 before 
SC> 4 _ ). At this stage the conductivity can be moni- 
tored and the elution peaks corresponding to the 
separated ionic components measured as 
increases superimposed on the relatively high 
background conductivity of the eluent. This is 
the procedure used in the ion chromatograph 
manufactured by Wescan Instruments Inc. In 
another instrument manufactured by the Dionex 
Corporation, the eluent from the separator col- 
umn passes through a second ion exchange col- 
umn where the ions of opposite charge to those 
which have been separated chromatographically 
are all converted to a common form. This second 
column, termed a “suppressor column,” reduces 
the background conductivity of the eluent and 
thus ensures that conductivity changes due to 
the sample constitute a significant portion of the 
total measured conductivity. With a system such 
as this, the retention time identifies the elution 



peak and the area under the peak is a measure of 
the concentration of the ionic species giving rise 
to it. In many cases peak heights rather than 
areas can be used as the indicator of concentra- 
tion, thus simplifying the measurement since an 
integrator is not required. For most purposes this 
is adequate since sharp elution peaks are obtained 
by keeping mixing to a minimum by use of very 
narrow bore transmission tubing combined with 
a conductivity cell whose volume is of the order 
of 6fil. In cells of this size polarization resistance 
can be considerable due to the proximity of the 
electrodes. 

A schematic outline of the main features of a 
typical system for the determination of anions is 
given in Figure 17.11. 

In this particular example the eluent consisting 
of a mixture of 2.4 x 10 _3 mol F 1 sodium 
carbonate and 3 x KF 3 mol F 1 sodium bicarbo- 
nate has a conductivity of about 700 fiScm~ x . 
The separator column consists of a strong base 
anion exchanger (R.HCO 3 ) mainly in the bicar- 
bonate form, and the suppressor column is a 
strong acid cation exchanger in the H + -form 
(R.FI). After the eluent has passed through the 
cation exchange it will be weakly acid carbonic 
acid (H 2 CO 3 ) having a conductivity level of 
about 25/zScm -1 , and with this much reduced 
base conductivity level it is possible to detect 
quantitatively the small changes due to the acids 
(H.X) from the sample anions. 
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Figure! 7. 11 Flow system 
for anion chromatography. 
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1 7. 3. 4. 5 Sulfur dioxide monitor 

A technique used to measure the concentration of 
sulfur dioxide in air in the parts per hundred 
million (pphm) range is based on the measure- 
ment of the change in the conductivity of a 
reagent before and after it has absorbed sulfur 
dioxide. The principle of the measurement is to 
absorb the sulfur dioxide in hydrogen peroxide 
solution, thus forming sulfuric acid which 
increases the electric conductivity of the absorb- 
ing reagent. 

Continuous measurements can be made by 
passing air upwards through an absorption col- 
umn down which the hydrogen peroxide 
absorbing solution is flowing. Provided flow- 
rates of air and hydrogen peroxide reagent are 
maintained constant, the sulfur dioxide concen- 
tration is proportional to the measured conductiv- 
ity of the hydrogen peroxide reagent. Figure 
17.12 is a diagram of suitable apparatus. 

17.3.4.6 Salt-in-cmde-oil monitor 

A rapid continuous measurement of the salt in 
crude oil before and after desalting is based on 
the measurement of the conductivity of a solution 
to which a known quantity of crude oil has been 
added. The sample of crude oil is continuously 
circulated through a loop in the measurement 
section of the ‘'salt-in-crudc monitor/’ When the 
test cycle is initiated, solvent (xylene) is intro- 
duced from a metering cylinder into the analyzer 
cell. A sample is then automatically diverted from 
the sample circulating loop into a metering cylin- 
der calibrated to deliver a fixed quantity of crude 
oil into the analysis cell. A sample is then auto- 




Figure 17.12 Continuous sulfur dioxide monitor. 



matically diverted from the sample circulating 
loop into a metering cylinder calibrated to deliver 
a fixed quantity of crude oil into the analysis cell. 
A solution containing 63 percent n-butanol. 37 
percent methanol, 0.25 percent water is then 
metered into the analysis cell from another cali- 
brated cylinder. 

The cell contents are thoroughly mixed by a 
magnetic stirrer, then the measuring circuit is 
energized and an a.c. potential is applied between 
two electrodes immersed in the liquid. The result- 
ing a.c. current is displayed on a milliammeter in 
the electrical control assembly, and a propor- 
tional d.c. millivolt signal is transmitted from 
the meter to a suitable recorder. 

At the end of the measuring period, a solenoid 
valve is opened automatically to drain the con- 
tents of the measuring cell to waste. The min- 
imum cycle time is about 10 minutes. 

Provision is made to introduce a standard sam- 
ple at will to check the calibration of the instru- 
ment. Salt concentrations between 1 and 200 kg 
salt per 1000 m 3 crude oil can be measured with 
an accuracy of ±5 percent and a repeatability of 
3 percent of the quantity being measured. 

17.4 The concept of pH 

17.4.1 General theory 

Ionic concentrations were discussed in Section 
17.2. The range of hydrogen ion concentrations 
met in practice is very wide; also when dealing 
with small concentrations it is inconvenient to 
specify hydrogen or hydroxyl concentrations. A 
method proposed by S. P. L. Sorenson is 1909 is 
now used universally — this is the concept of a 
hydrogen ion exponent or pH defined as: 

pH = ~ log| 0 [H + ] = log I0 T - 

Thus pH is the logarithm to base 10 of the recip- 
rocal of the hydrogen ion concentration. The 
advantage of this nomenclature is that all values 
of acidity and alkalinity between those of solu- 
tions molar with respect to hydrogen and hydro- 
xyl ions can be expressed by a series of positive 
numbers between 0 and 14. Thus a neutral solu- 
tion with [H + ] = 10 -7 has a pH of 7. If the pH is 
less than 7 the solution is acid, if greater than 7, 
the solution is alkaline. 

It must be realized that pH measuring devices 
measure the effective concentration, or activity, 
of the hydrogen ions and not the actual concen- 
tration. In very dilute solutions of electrolyte the 
activity and concentration are identical. As the 
concentration of electrolyte in solution increases 
above 0.1 mol/liter, however, the measured value 
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of pH becomes a less reliable measure of the 
concentration of hydrogen ions. In addition, as 
the concentration of a solution increases the 
degree of dissociation of the electrolyte decreases. 

A dilute solution of sulfuric acid is completely 
dissociated and the assumption that pH = - log 2 
(H2SO4) is justified. (The 2 occurs because each 
molecule of acid provides two hydrogen ions.) 
Anhydrous sulfuric acid is only slightly dissociated, 
the degree of dissociation rising as the pure acid is 
diluted. 

A maximum hydrogen ion concentration 
occurs in the neighborhood of 92 percent 
H 2 S0 4 , but at this concentration, the difference 
between actual hydrogen ion concentration and 
the activity of the hydrogen ions is large, and the 
measured pH minimum of about —1.4 occurs at a 
much lower sulfuric acid content. 

A more reliable indication of the ionic behavior 
of a solution will be obtained if we define pH in 
terms of the hydrogen ion activity aH + so that 

pH = log 10 (I/aH^) = — log I0 aH + 

where a\\ is related to the hydrogen ion concen- 
tration cH + by the equation 

aU + = fH + cH + 

where /H + is the activity coefficient; see Section 
17.1. The pH values of common acids, bases, and 
salts are given in Table 17.8. 

17.4.2 Practical specification of a pH scale 

As the value of pH defined as - log 10 (hydrogen ion 
activity) is extremely difficult to measure, it is neces- 
sary to ensure that when different workers state a 
pH value they mean the same thing. An operational 
definition of pH has been adopted in British Stand- 
ard 1647:1961. The e.m.f. E x of the cell 

Pt H z /soln. X/conc. KC1 soln./ref. electrode 
is measured and likewise the e.m.f. Es of the cell 

Pt H 2 /soln. S/conc. KC1 soln./ref. electrode 

both cells being at the same temperature through- 
out and the reference electrodes and bridge solu- 
tions being identical in the two cells. 

The pH of the solution X denoted by pH(X) is 
then related to the pH of the solution S denoted 
by pH(S) by the definition: 

pH(X) - pH(S) = (E x - £' s )/(2.3026 RTIF) 

where R is the gas constant, T is temperature in 
Kelvins, and F is the Faraday constant. Thus 
defined. pH is a pure number. 

To a good approximation, the hydrogen elec- 
trodes in both cells may be replaced by other 
hydrogen-responsive electrodes, e.g., glass or 



Table 17.8 pH values of common acids, bases, and salts 



Compound 


Molarity 


pH 


Acid benzoic 


(Saturated) 


2.8 


Acid boric 


0.1 


5.3 


Acid citric 


0.1 


2.1 


Acid citric 


0.01 


2.6 


Acid hydrochloric 


0.1 


1.1 


Acid oxalic 


0.1 


1.3 


Acid salicylic 


(Saturated) 


2.4 


Acid succinic 


0.1 


2.7 


Acid tartaric 


0.1 


2.0 


Ammonia, aqueous 


0.1 


11.3 


Ammonium alum 


0.05 


4.6 


Ammonium chloride 


0.1 


4.6 


Ammonium oxalate 


0.1 


6.4 


Ammonium phosphate, primary 


0.1 


4.0 


Ammonium phosphate, secondary 


0.1 


7.9 


Ammonium sulphate 


0.1 


5.5 


Borax 


0.1 


9.2 


Calcium hydroxide 


(Saturated) 


12.4 


Potassium acetate 


0.1 


9,7 


Potassium alum 


0.1 


4.2 


Potassium bicarbonate 


0.1 


8.2 


Potassium carbonate 


0.1 


11.5 


Potassium dihydrogen citrate 


0.1 


3.7 


Potassium dihydrogen citrate 


0.02 


3.8 


Potassium hydrogen oxalate 


0.1 


2.7 


Potassium phosphate, primary 


0.1 


4.5 


Sodium acetate 


0.1 


8.9 


Sodium benzoate 


0.1 


8.0 


Sodium bicarbonate 


0.1 


8.3 


Sodium bisulphate 


0.1 


1.4 


Sodium carbonate 


0.1 


11.5 


Sodium carbonate 


0.01 


11.0 


Sodium hydroxide 


0.1 


12.9 


Sodium phosphate, primary 


0.1 


4.5 


Sodium phosphate, secondary 


0.1 


9.2 


Sodium phosphate, tertiary 


0.01 


11.7 


Sulphamic acid 


0.01 


2.1 



quinhydrone. The two bridge solutions may be 
of any molarity not less than 3.5 mol/kg provided 
they are the same. 

17.4,3 pH standards 

The difference between the pH of two solutions 
having been defined as above, the definition of 
pH can be completed by assigning at each tem- 
perature a value of pH to one or more chosen 
solutions designated as standards. In BS 1647 the 
chosen primary standard is a solution of pure 
potassium hydrogen phthalate having a concen- 
tration of 0.05 mol/liter. 

This solution is defined as having a pH value of 
4000 at 15°C and the following values at other 
temperatures between 0 and 95 °C: 

Between 0 and 55 °C 

pH =4.000+ l/2[(t- 15) 2 / 100] 
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Between 55 and 95°C 

pH = 4.000 + l/2[(t - 1 5) 2 / 1 00] - (t - 55)/500 

Other standard buffer solutions are given in Sec- 
tion 17.4.7. 

The e.m.f. £ x is measured and likewise the e.m.f. 
E\ and £2 of similar cells with solution X replaced 
by standard solutions S\ and S 2 , so that E\ and £2 
are on either side of and as near as possible to E\- 
The pH of the solution X is then obtained by 
assuming linearity between pH and E, i.e., 

(pHX - pH Si)/(pH S. - pH Si) 

= (£ x -£,)/(£ 2 -£i) 

17.4.4 Neutralization 

When acid and base solutions are mixed, they 
combine to form a salt and water, e.g., 

hydrochloric sodium sodium water 

acid + hydroxide = chloride + HOH 

H + Cr + Na + OH" = Na + Cl - + (largely 

(dissociated) (dissociated) (dissociated) undissociated) 

Thus, if equal volume of equally dilute solutions 
of strong acid and strong alkali are mixed, they 
yield neither an excess of H + ions nor of OH - 
ions and the resultant solution is said to be neu- 
tral. The pH value of such a solution will be 7. 

17.4.5 Hydrolysis 

Equivalent amounts of acid and base when mixed 
will produce a neutral solution only when the acids 
and bases used are strong electrolytes. When a 
weak acid or base is used, hydrolysis occurs. When 
a salt such as sodium acetate, formed by a weak 
acid and a strong base, is present in water, the 
solution is slightly alkaline because some of the 
H + ions from the water are combined with acetic 
radicals in the relatively undissociated acetic acid, 
leaving an excess of OH - ions, thus: 

sodium acetate + water — * aceticacid + sodiumhydroxide 
Na+Ac" + HOH — ► II Ac + Na + OH“ 
(dissociated) (largely undissociated) (dissociated) 

The pH value of the solution will therefore be 
greater than 7. Experiment shows it to be 8.87 
in 0.1 mol/liter solution at room temperature. 

Similarly, ammonium chloride (NH4CI), the 
salt of a weak base and a strong acid, hydrolyzes 
to form the relatively undissociated ammonium 
hydroxide (NH4OH), leaving an excess of H + 
ions. The pH value of the solution will therefore 
be less than 7. Experiment shows it to be 5.13 at 
ordinary temperatures in a solution having a con- 
centration of 0.1 mol/liter. 

A neutralization process therefore does not 
always produce an exactly neutral solution when 
one mole of acid reacts with one mole of base. 



17.4.6 Common ion effect 

All organic acids and the majority of inorganic 
acids are weak electrolytes and are only partially 
dissociated when dissolved in water. Acetic acid, 
for example, ionizes only slightly in solution, a 
process represented by the equation 

HAc - H + +Ac - 

Its dissociation constant at 25 °C is only 
1.8 x 1(T 5 , i.e., 

([H + ][Ac-])/[HAc] = 1.8 x 10“ 5 mol/liter 

or 

[H + ][Ac-] = 1.8 x 10 _s [HAc] 

Therefore in a solution of acetic acid of moderate 
concentration, the bulk of the acid molecules will 
be undissociated, and the proportion present as 
acetic ions and hydrogen ions is small. If one of 
the salts of acetic acid, such as sodium (NaAc) is 
added to the acetic acid solution, the ionization of 
the acetic acid will be diminished. Salts are, with 
very few exceptions, largely ionized in solution, 
and consequently when sodium acetate is added 
to the solution of acetic acid the concentration of 
acetic ions is increased. If the above equation is to 
continue to hold, the reaction H h + Ac -1 — > HAc 
must take place, and the concentration of hydro- 
gen ions is reduced and will become extremely 
small. 

Most of the acetic ions from the acid will have 
recombined; consequently the concentration of 
unionized acid will be practically equal to the 
total concentration of the acid. In addition, the 
concentration of acetic ions in the equilibrium 
mixture due to the acid will be negligibly small, 
and the concentration of acetic ions will, there- 
fore, be practically equal to that from the salt. 
The pH value of the solution may, therefore, be 
regulated by the strength of the acid and the ratio 
[salt]/[acid] over a wide range of values. 

Just as the ionization of a weak acid is dimin- 
ished by the addition of a salt of the acid, so the 
ionization of a weak base will be diminished by 
the addition of a salt of the base, e.g., addition of 
ammonium chloride to a solution of ammonium 
hydroxide. The concentration of hydroxyl ions in 
the mixture will be given by a similar relationship 
to that obtained for hydrogen ions in the mixture 
of acid and salt, i.e., 

[OH - ] = K[alkali]/[salt] 

17.4.7 Buffer solutions 

Solutions of a weak acid and a salt of the acid 
such as acetic acid mixed with sodium acetate and 
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solutions of a weak base and one of its salts, such 
as ammonium hydroxide mixed with ammonium 
chloride (as explained above in Section 17.4.6). 
undergo relatively little change of pH on the 
further addition of acid or alkali and the pH is 
almost unaltered on dilution. Such solutions are 
called buffer solutions; they find many applica- 
tions in quantitative chemical analysis. For ex- 
ample, many precipitations are made in certain 
ranges of pH values, and buffer solutions of dif- 
ferent values are used for standardizing pH meas- 
uring equipment. 

Buffer solutions with known pH values over a 
wide range can be prepared by varying the pro- 
portions of the constituents in a buffer solution; 
the value of the pH is given by 

P H = 1 °g 1 o(^)+ 1 °g 1 o|^ 

The weak acids commonly used in buffer solu- 
tions include phosphoric, boric, acetic, phthalic, 
succinic, and citric acids with the acid partially 
neutralized by alkali or the salt of the acid used 
directly. Their preparation requires the use of 
pure reagents and careful measurement and 
weighing, but it is more important to achieve cor- 
rect proportions of acid to salt than correct con- 
centration. An error of 10 percent in the volume of 
water present may be ignored in work correct to 
0.02 pH units. 

National Bureau of Standards (USA) standard 
buffer solutions have good characteristics and for 
pH 4. pH 7, and pH 9.2 are available commer- 
cially. as preweighed tablets, sachets of powder or 
in solution form. Those unobtainable commer- 
cially are simple to prepare provided analytical 
grade reagents are used, dissolved in water with a 
specific conductance not exceeding 2 ^S/cm. 



17.5 Electrode potentials 

17.5.1 General theory 

When a metallic electrode is placed in a solution, 
a redistribution of electrical charges tends to take 
place. Positive ions of the metal enter the solution 
leaving the electrode negatively charged, and the 
solution will acquire a positive charge. If the 
solution already contains ions of the metal, there 
is a tendency for ions to be deposited on the 
electrode, giving it a positive charge. The elec- 
trode eventually reaches an equilibrium potential 
with respect to the solution, the magnitude and 
sign of the potential depending upon the concen- 
tration of metallic ions in the solution and the 
nature of the metal. Zinc has such a strong ten- 
dency to form ions that the metal forms ions in all 



solutions of its salts, so that it is always negatively 
charged relative to the solution. On the other 
hand, with copper, the ions have such a tendency 
to give up their charge that the metal becomes 
positively charged even when placed in the most 
dilute solution of copper salt. 

This difference between the properties of zinc 
and copper is largely responsible for the e.m.f. of 
a Daniell cell (Figure 17.13). When the poles are 
connected by a wire, sudden differences of poten- 
tial are possible (a) at the junction of the wires 
with the poles, (b) at the junction of the zinc with 
the zinc sulfate, (c) at the junction of the zinc 
sulfate with the copper sulfate, (d) at the junction 
of the copper with the copper sulfate. The e.m.f. 
of the cell will be the algebraic sum of these 
potential differences. 

In the measurement of the electrode potential 
of a metal, a voltaic cell similar in principle to the 
Daniell cell is used. It can be represented by the 
scheme 
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Under ordinary conditions, when all the cell is at 
the same temperature, the thermoelectric e.m.f. at 
the junctions of wires and electrodes will vanish. 

The potential difference which arises at the 
junction of the solutions, known as the “liquid 
junction potential," or “'diffusion potential,” is 
due to the difference in rate of diffusion across 
the junction of the liquids of the cations and 
anions. If the cations have a greater rate of diffu- 
sion than the anions then the solution into which 
the cations are diffusing will acquire a positive 
charge, and the solution which the cations are 
leaving will acquire a negative charge. Therefore 
there is a potential gradient across the boundary. 
If the anions have the greater velocity, the direc- 
tion of the potential gradient will be reversed. The 
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potential difference at the junction of the two 
liquids may be reduced to a negligible value either 
by having present in the two solutions relatively 
large and equal concentrations of an electrolyte, 
such as potassium nitrate, which produces ions 
which diffuse with approximately equal velocities, 
or by inserting between the two solutions a “salt 
bridge” consisting of a saturated solution of 
potassium chloride or of ammonium or potas- 
sium nitrate. These salts produce ions whose dif- 
fusion rates are approximately equal. 

When salt bridges are used in pH work, the 
liquid junction potentials are reduced to less than 
1 mV unless strong acids or alkalis are involved. 
If an excess of neutral salt is added to the acid or 
alkali, the liquid junction potential will be 
reduced. Thus the error involved is rarely measur- 
able on industrial instruments. 

All measurements of the e.m.f. of cells give the 
potential of one electrode with respect to another. 
In the Daniell cell, all that can be said is that the 
copper electrode is 1 volt positive with respect to 
the zinc electrode. It is not possible to measure 
the potential of a single electrode, as it is impos- 
sible to make a second contact with the solution 
without introducing a second metal-solution 
interface. Practical measurement always yields 
a difference between two individual electrode 
potentials. 

In order to assign particular values to the vari- 
ous electrode potentials an arbitrary zero is 
adopted; all electrode potentials are measured 
relative to that of a standard hydrogen electrode 
(potential taken as zero at all temperatures). By 
convention, the half cell reaction is written as a 
reduction and the potential designated positive if 
the reduction proceeds spontaneously with 
respect to the standard hydrogen electrode; other- 
wise the potential is negative. 

The standard hydrogen electrode consists of a 
platinum electrode coated with platinum black, 
half immersed in a solution of hydrogen ions at 
unit activity (1.228 M HC1 at 20°C) and half in 
pure hydrogen gas at one atmosphere pressure. In 
practice, however, it is neither easy nor convenient 
to set up a hydrogen electrode, so subsidiary refer- 
ence electrodes are used, the potential of which 
relative to the standard hydrogen electrode has 
previously been accurately determined. Practical 
considerations limit the choice to electrodes con- 
sisting of a metal in contact with a solution which 
is saturated with a sparingly soluble salt of the 
metal and which also contains an additional salt 
with a common anion. Examples of these are the 
silver/silver chloride electrode (Ag/AgCl( S )KCl) 
and the mercury/mercurous chloride electrode 
(Hg/Hg 2 Cl 2 S KCl) known as the calomel electrode. 
In each case the potential of the reference electrode 
is governed by the activity of the anion in the 



solution, which can be shown to be constant at a 
given temperature. 



17.5.2 Variation of electrode potential with ion 
activity (the Nernst equation) 

The most common measurement of electrode 
potential is in the measurement of pH, i.e.. hydro- 
gen ion activity, and selective ion activity, p(ion). 
The circuit involved is as shown in Figure 17.14. 

The measured potential is the algebraic sum of 
the potentials developed within the system, i.e., 

E = ^int.ref. T T Ej ~ ^Ext.ref. 

where £'i nt . re f. is the e.m.f. generated at the internal 
reference inside the measuring electrode, E s is the 
e.m.f. generated at the selective membrane, Ej is 
the e.m.f. generated at the liquid junction, and 
^Ext.ref. is the e.m.f. generated at the external refer- 
ence electrode. 

At a fixed temperature, with the reference elec- 
trode potentials constant and the liquid junction 
potentials zero, the equation reduces to 

E = E' + E S 
where E* is a constant. 

The electrode potential generated is related to 
the activities of the reactants and products that 
are involved in the electrode reactions. 

For a general half cell reaction 

oxidized form + n electrons — > reduced form 



or 



aA + bB H \-ne — > xX + yY H 



the electrode potential generated can be expressed 
by the Nernst equation 



^ ^ RT y OXID , 

* = * 0 + ^ ln RED V ° ltS 



or 



£=£ 0 I2.303^log lo j^h|5fvolts 



where R is the molar gas constant (8.314 joule. 
moF^" 1 ), T is absolute temperature in Kelvins, 
F is the Faraday constant (96487 coulomb. 
moF 1 ), and n is the number of electrons partici- 
pating in the reaction according to the equation 
defining the half cell reaction. The value of the 
term 2.303 RTInF is dependent upon the variables 
n and T and reduces to 0.059//? volts at 25 °C and 
0.058//? volts at 20 °C. 

An ion-selective electrode (say, selective to 
sodium ions) is usually constructed so that the 
ion activity of the internal reference solution 
inside the electrode is constant, and the Nernst 
equation reduces at constant temperature to 
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Figure 17.14 Method of measuring potential 
developed at an ion-selective membrane. 



E = E 0 H -In a 

nt 

where Eq includes all the constants and a is the 
activity of the sodium ion. As sodium is a positive 
ion with one charge 

E = Eq + 59.16 log 10 (n) mV at 25 °C 

This equation shows that a tenfold increase in ion 
activity will increase the electrode potential by 
59. 16 mV. 

If the ion being measured is doubly charged the 
equation becomes 

E = E 0 + ^^log 10 (a) mV at 25 °C 

The applicability of these equations assumes that 
the ion-selective electrode is sensitive uniquely to 
one ion. In most cases in practice, the electrode 
will respond to other ions as well but at a lower 
sensitivity. The equation for electrode potential 
thus becomes: 

E = Eq + 59. 16 logjQ (V/| + JC 2&2 + ■ ■ ■ )mV 

where Kicii, etc., represents the ratio of the 
sensitivity of the electrode of the ion 2 to that 
of ion 1. The literature on ion-selective elec- 
trodes provided by manufacturers usually gives 
a list of interfering ions and their sensitivity 
ratios. 

17.6 Ion-selective electrodes 

Whereas formerly, ion-selective electrodes were 
used almost exclusively for measuring hydrogen 
ion activity (pH), many electrodes have now been 
developed to respond to a wide range of selected 
ions. These electrodes are classified into five 
groups according to the type of membrane used. 



17.6.1 Glass electrodes 

The glass electrode (Figure 17.15(a)) used for pH 
measurement is designed to be selective to hydro- 
gen ions but, by choosing the composition of the 
glass membrane, glass electrodes selective to 
sodium, potassium, ammonium, silver, and other 
univalent cations can be made. 

17.6.2 Solid state electrodes 

In these electrodes the membrane consists of a 
single crystal or a compacted disc of the active 
material. In Figure 17.15(b) the membrane isol- 
ates the reference solution from the solution 
being measured. In Figure 17. 1 5(c) the membrane 
is sealed with a metal backing with a solid metal 
connection. A solid state electrode selective to 
fluoride ions employs a membrane of lanthanum 
fluoride (LaF^). One which is selective to sulfide 
ions has a membrane of silver sulfide. There are 
also electrodes available for measurement of Cl - , 
Br“, I”, Ag + , Cu 2+ , Pb 2+ , Cd 2+ , and CN“ ions. 

17.6.3 Heterogeneous membrane electrodes 

These are similar to the solid state electrodes but 
differ in having the active material dispersed in an 
inert matrix. Electrodes in this class are available 
for CF, Br“, I”, S 2_ , and Ag + ions. 

17.6.4 Liquid ion exchange electrodes 

In this type of electrode (Figure 17.15(d)) the 
internal reference solution and the measured 
solution are separated by a porous layer con- 
taining an organic liquid of low water solubility. 
Dissolved in the organic phase are large mol- 
ecules in which the ions of interest are incorpor- 
ated. The most important of these electrodes is 
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Figure 17.15 Ion-selective electrodes: (a) glass, 

(b) crystalline membrane with internal reference electrode, 

(c) crystalline membrane with solid connection, (d) liquid 
ion exchange, (e) gas sensing membrane. Courtesy Orion 
Research Inc. 

the calcium electrode, but other electrodes in this 
class are available for the determination of Cl”, 
CIO4, NO3, Cu 2+ , Pb 2+ , and BF 4 ions. The 
liquid ion exchange electrodes have more restrict- 
ing chemical and physical limitations than the 
glass or solid state electrodes, but they may be 
used to measure ions, which cannot yet be meas- 
ured with a solid state electrode. 

17.6.5 Gas-sensing membrane electrodes 

These electrodes are not true membrane elec- 
trodes as no current passes across the membrane. 
They are complete electrochemical cells, moni- 
tored by an ion-selective electrode as the internal 
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chemistry is changed by the ion being determined 
passing from the sample solution across the mem- 
brane to the inside of the cell. 

An example is an ammonia electrode (Figure 
17.15(e)). The sensing surface of a flat-ended 
glass pH electrode is pressed tightly against a 
hydrophobic polymer membrane which is acting 
as a seal for the end of a tube containing ammo- 
nium chloride solution. A silver/silver chloride 
electrode is immersed in the bulk solution. The 
membrane permits the diffusion of free ammonia 
(NH3), but not ions, between the sample solution 
and the film of ammonium chloride solution. The 
introduction of free ammonia changes the pH of 
the internal ammonium chloride solution which is 
sensed by the internal glass pH electrode. 

17.6.6 Redox electrodes 

In elementary chemistry a substance is said to be 
oxidized when oxygen is combined with it and 
said to be reduced when oxygen is removed from 
it. The definition of oxidation and reduction 
may, however, be extended. Certain elements, 
e.g., iron and tin, can exist as salts in more than 
one form. Iron, for example, can be combined 
with sulfuric acid in the form of ferrous iron, 
valency 2, or ferric iron, valency 3. 

Consider the reaction: 

ferrous ferric ferric 

sulphate + chlorine = chloride + sulfate 
6FeS0 4 + 3C1 2 = 2FeCl 3 + 2Fe 2 (S0 4 ) 3 

The ferrous sulfate is oxidized to ferric sulfate; 
chlorine is the oxidizing agent. In terms of the 
ionic theory, the equation may be written 

6Fe 2 + 3C1 2 = 6Fe 3 + 6C1“ 

i.e., each ferrous ion loses an electron and so 
gains one positive charge. When a ferrous salt is 
oxidized to a ferric salt each mole of ferrous ions 
gains one mole (1 faraday) of positive charges or 
loses one mole of negative charges, the negative 
charge so lost being taken up by the oxidizing 
agent (chlorine). Oxidation, therefore, involves 
the loss of electrons; reduction, the gain of elec- 
trons. Thus the oxidation of a ferrous ion to 
ferric ion can be represented by the equation 

Fe 2 ^ - e - Fe 3 " 

When a suitable electrode, such as an inert metal 
which is not attacked by the solution and which 
will not catalyze side reactions, is immersed in a 
solution containing both ferrous and ferric ions, 
or some other substance in the reduced and oxi- 
dized state, the electrode acquires a potential 
which will depend upon the tendency of the ions 
in the solution to pass from a higher or lower 
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state of oxidation. If the ions in solution tend to 
become oxidized (i.e., the solution has reducing 
properties) the ions tend to give up electrons to 
the electrode which will become negatively 
charged relative to the solution. If, on the other 
hand, the ions in solution tend to become 
reduced (i.e., the solution has oxidizing proper- 
ties), then the ions will tend to take up electrons 
from the electrode and the electrode will become 
positively charged relative to the solution. The 
sign and magnitude of the electrode potential, 
therefore, give a measure of the oxidizing or 
reducing power of the solution, and the potential 
is called the oxidation-reduction or redox poten- 
tial of the solution, E h . The potential E h may be 
expressed mathematically by the relationship 

Eu ~ Eq T ( RTInF ) log 10 ( o Q la T ) 

where a 0 is the activity of the oxidized ion and a r 
is the activity of the reduced ion. 

To measure the oxidation potential it is neces- 
sary to use a reference electrode to complete the 
electrical circuit. A calomel electrode is often used 
for this (see Section 17.7 below). 

The measuring electrode is usually either plat- 
inum or gold, but other types are used for special 
measurements: as, for example, the hydrogen 
electrode for use as a primary standard and the 
quinhydrone electrode for determining the pH of 
hydrofluoric acid solutions. However, the latter 
two electrodes do not find much application in 
industrial analytical chemistry. 

17.7 Potentiometry and specific 
ion measurement 

17.7.1 Reference electrodes 

All electrode potential measurements are made 
relative to a reference electrode and the e.m.f. 
generated at this second contact with the solution 
being tested must be constant. It should also be 
independent of temperature changes (or vary in a 
known manner), be independent of the pH of the 
solution, and remain stable over long periods. 

Standard hydrogen electrodes are inconvenient 
(see below) and in practice three types of refer- 
ence are commonly used. 

Silverlsilver chloride electrode This consists of a 
silver wire or plate, coated with silver chloride, in 
contact with a salt bridge of potassium chloride 
saturated with silver chloride. The concentration 
of the potassium chloride may vary from one type 
of electrode to another but concentrations of 1 .00 
or 4.00 mol per liter or a saturated solution are 
quite common. This saturated type of electrode 
has a potential of - 0.1 99 V relative to a hydrogen 



electrode. It has a variety of physical forms, 
which are discussed below. 



Mercury l mercurous chloride or calomel electrode 

The metal used is mercury, which has a 
high resistance to corrosion and being fluid at 
ambient temperature cannot be subject to strain. 
The mercury is in contact with either mercurous 
chloride or in some electrodes with mercurous 
chloride and potassium chloride paste. Contact 
with the measured solution is through a salt 
bridge of potassium chloride whose concen- 
tration may be 3.8 mol per liter or some other 
concentration appropriate to the application. 
Contact with the mercury is usually made by 
means of a platinum wire, which may be amalgam- 
ated. The calomel-saturated potassium chloride 
electrode has a potential relative to the hydrogen 
electrode of -0.244 V. 

Where the use of potassium salt is precluded by 
the condition of use, it may be replaced by 
sodium sulfate, the bridge solution having a con- 
centration of 1 mol per liter. 

Whatever the type of the reference electrode, 
contact must be made between the salt bridge and 
the measured solution. Two common methods 
are through a ceramic plug whose shape and 
porosity govern the rate at which the salt bridge 
solution diffuses out and the process solution 
diffuses into and contaminates the bridge solu- 
tion. If the plug is arranged to have a small 
cross-sectional area relative to its length, the rate 
of diffusion is very small (say less than 
0.02 cm 3 /day), and the electrode can be considered 
to be sealed and is used until it becomes unser- 
viceable. It is then replaced by a similar electrode. 

Where the application warrants it, a high rate 
of diffusion from the electrode has to be tolerated 
(say 1 or 2cm 3 /day), so the relative dimensions 
and porosity of the plug are changed, or it is 
replaced by a glass sleeve which permits relatively 
fast flow of salt bridge solution, thus reducing the 
rate and degree of fouling of the junction. In these 
circumstances, the electrode is refilled on a rou- 
tine basis, or a continuous supply of bridge solu- 
tion is arranged into the electrode at the 
appropriate pressure for the application. 

A wide range of electrodes is illustrated in 
Figures 17.16-17.19. The choice of the appropri- 
ate reference electrode for the application is vital, 
and consideration must be given to the pressure, 
temperature, and nature of the process stream. 
The accuracy of the measurement and the fre- 
quency of maintenance depends upon the correct 
choice of electrode. The e.m.f. of the reference 
electrode will only remain constant provided 
satisfactory contact is made by the salt bridge, 
so the junction must not become plugged by 
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suspended solids, viscous liquids, or reaction 
products of the process stream. Where this is a 
danger, the faster flow type of plug must be used. 
Many routine measurements can, however, be 
made with the non-flowing electrode, thus avoid- 
ing the necessity of refilling, or arranging a pres- 
surized continuous supply. Flowing types of 
junctions are usually required where an accuracy 
of ±0.02 pH units (±1 or 2 mV) is required, where 
frequent or large temperature or composition 
changes occur, or where the process fluid is such 
that it is prone to foul the junction. 

The temperature of operation will influence the 
choice of concentration of the filling solutions. 
Potassium chloride solution having a concentra- 
tion of 4 mol per liter saturates and starts to pre- 
cipitate solids at about 19 C C, and will freeze 
at -4 C C, while if the concentration is reduced to 
1 mol per liter the solution will freeze at -2°C 
without becoming saturated. Thus, no precipita- 
tion will lake place in the solution of lower con- 
centration. Although not damaging, precipitated 
potassium chloride and associated silver chloride 
will tend to clog reference junctions and tubes, 
decreasing electrolyte flow rate and increasing the 
risk of spurious potentials. For these reasons, 
flowing reference electrodes are not recom- 




mended for low temperature applications unless 
provision is made to prevent freezing or precipi- 
tation in the electrode and any associated hard- 
ware. 

When materials such as sulfides, alkali phos- 
phates or carbonates, which will react with silver, 
are present in the process stream, either non- 
flowing electrodes, or electrodes containing 
potassium chloride at 1 mol per liter should be 
used. The diffusion rate of silver can be neglected 
in the non-flowing type, and the solubility of 
silver chloride in potassium chloride at a concen- 
tration of 1 mol per liter is only 1 or 2 percent of 
that in a solution at 4 mol per liter. 

High temperatures with wide fluctuations are 
best handled by potassium chloride solution at 
1 mol per liter. 



17.7.2 Measurement of pH 

Glass electrode Almost all pH measurements 
are best made with a glass electrode (the earliest 
of the ion-selective electrodes), the e.m.f. being 
measured relative to a reference electrode. The 
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Figure 17.18 Reference 
electrodes (courtesy invensys): 
(a) sealed electrode, (b) flowing 
type. 



glass electrode can be made to cover practically 
the whole of the pH scale and is unaffected by 
most chemicals except hydrofluoric acid. It can 
also be used in the presence of oxidizing or redu- 
cing agents without loss of measuring accuracy. 

The electrode consists of a thin membrane of 
sodium-ion-selective glass sealed onto the end of 
a glass tube that has no ion-selective properties. 
The tube contains an internal reference solution 
in which is immersed the internal reference elec- 
trode, and this is connected by a screened lead to 
the pH meter. The internal reference electrode is 
almost always a silver/silver chloride electrode 
although recently, Thalamid electrodes* have 
sometimes been used. The internal reference solu- 
tion contains chloride ions to which the internal 
silver/silver chloride reference electrode responds 
and hydrogen ions to which the electrode as a 
whole responds. The ion to which the glass elec- 
trode responds, hydrogen in the case of pH elec- 
trodes, is determined by the composition of the 
glass membrane. 



* The Thalamid electrode is a metal in contact with a 
saturated solution of the metallic chloride. Thallium is 
present as a 40 percent amalgam and the surface is 
covered with solid thallous chloride. The electrode is 
immersed in saturated potassium chloride solution. 
Oxygen access is restricted to prevent the amalgam 
being attacked. The advantage of the Thalamid elec- 
trode is that there is scarcely any time lag in resuming its 
electrode potential after a temperature change. 



A glass pH electrode can be represented as 
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Glass electrodes for pH measurement are of three 
main types: (a) general-purpose for wide ranges of 
pH over wide ranges of temperature, (b) low 
temperature electrodes (less than 10 °C) which 
are low resistance electrodes and are generally 
unsuitable for use above pH 9 to 10, (c) high pH 
and/or high temperature electrodes (greater than 
12 pH units). Glass electrodes are manufactured 
in many forms, some of which are shown in 
Figures 17.16 and 17.20. Spherical membranes 
are common, but hemispherical or conical mem- 
branes are available to give increased robustness 
where extensive handling is likely to occur. Elec- 
trodes with flat membranes can be made for spe- 
cial purposes, such as measurement of the pH of 
skin or leather, and microelectrodes are available 
but at great expense. Combination glass and ref- 
erence electrodes (Figure 17.20) can be obtained, 
and some electrodes can be steam-sterilized. 

New electrodes supplied dry should be condi- 
tioned before use as the manufacturer recom- 
mends or by leaving them overnight in 
0.1 mol liter -1 hydrochloric acid. Electrodes are 
best not allowed to dry out, and they should be 
stored in distilled or demineralized water at tem- 
peratures close to those at which they are to be 
used. The best treatment for pH electrodes for 
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Figure 17.19 Sealed silver/silver chloride electrode. 
Courtesy Kent Industrial Measurements Ltd. Analytical 
Instruments. 



high pH ranges is probably to condition them and 
store them in borax buffer solution. 

Electrical circuits for use with glass electrodes 
For measurement of pH the e.m.f. in millivolts 
generated by the glass electrode compared with 
that of the reference electrode has to be converted 
to a pH scale, that is, one showing an increase of 
one unit for a decrease in e.m.f. of approximately 
60 mV, The pH scale requires the use of two 
controls — the calibration control and the slope 
control. The latter may not always be identified 
as such on the pH meter, as it often acts in the 
same way as the temperature compensation con- 
trol. The slope and temperature compensation 
controls adjust the number of millivolts equiva- 
lent to one pH unit. The calibration control 
relates the measured e.m.f. to a fixed point on 
the pH scale. 

A typical pH measuring system (glass electrode 
and reference electrode immersed in a solution) 
may have a resistance of several hundred 
megohms. To obtain an accurate measurement 
of the e.m.f. developed at the measuring elec- 
trode, the electrical measuring circuit must have 
a high input impedance and the insulation resist- 
ance of the electrical leads from the electrodes to 
the measuring circuit must be extremely high 
(~ 10 5 MQ — a “Megger” test is useless). The lat- 
ter is best achieved by keeping the electrode leads 
as short as possible and using the best moisture- 
resistant insulating materials available (e.g., poly- 
thene or silicone rubber). 

The usual method of measurement is to convert 
the developed e.m.f. into a proportional current 
by means of a suitable amplifying system. The 
essential requirements of such a system have been 
met completely by modem electronic circuits, and 
one system uses an amplifier with a very high 
negative feedback ratio. This means that the 
greater part of the input potential is balanced by 




Figure 17.20 Combined reference electrode and glass electrode for pH measurement. Courtesy ABB Instrument Group. 
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Figure 17.21 Principle of d.c. amplifier with negative 
feedback. Courtesy Kent Industrial Measurements Ltd. 



a potential produced by passing the meter current 
through an accurately known resistor, as shown 
in Figure 17.21. If the p.d. V 0> developed across 
the feedback resistance is a very large fraction of 
the measured potential V\, then the input voltage 
V is a very small fraction of V\, and 

/q — (V) - V)IR , approaches Vi/R 

With modern integrated circuit techniques it is 
possible to obtain an amplifier with a very high 
input impedance and very high gain, so that little 
or no current is drawn from the electrodes. 

Such a system is employed in the pH-to-current 
converter shown in Figure 17.22 which employs 
zener diode stabilized supplies and feedback net- 
works designed to give a high gain, high input 
impedance diode bridge amplifier. 

The d.c. imbalance signal, resulting from the 
pFI signal, asymmetry correcting potential and 
the feedback voltage, changes the output of a 
capacity balance diode bridge. This output feeds 



a transistor amplifier which supplies feedback 
and output proportional to the bridge error sig- 
nal. Zener diode stabilized and potentiometer cir- 
cuits are used to provide continuous adjustment 
of span, elevation, and asymmetry potential over 
the entire operating range of the instrument. 

The input impedance of the instrument is about 
1 x 10 l2 n and the current taken from the elec- 
trodes less than 0.5 x 10 " 12 A 

The principle of another system, which 
achieves a similar result, is shown in Figure 
17.23. It uses a matched pair of field effect tran- 
sistors (FETs) housed in a single can. Here the 
e.m.f. produced by the measuring electrode is fed 
to the gate of one of the pair. The potential which 
is applied to one side of the high gain operational 
amplifier will be governed by the current which 
flows through the transistor and its correspond- 
ing resistance R 3 . The potential applied to the 
gate of the second FET is set by the buffer bias 
adjustment, which is fed from a zener stabilized 
potential supply. The potential developed across 
the second resistance R 4 which is equal in resist- 
ance to R 3 will be controlled by the current 
through the second of the pair of matched FETs. 
Thus the output of the operational amplifier will 
be controlled by the difference in the potentials 
applied to the gates of the FETs, that is, to the 
difference between the potential developed on the 
measuring electrode and the highly stable poten- 
tial set up in the instrument. Thus, the current 
flowing through the local and remote indicators 
will be a measure of the change of potential of the 
measuring electrode. 

If the e.m.f. given by the glass electrode is 
plotted against pH for different temperatures it 
will be seen that there is a particular value of the 
pH at which the e.m.f. is independent of tempera- 
ture. This point is known as the "iso-potential 
point.” 




Figure 17.22 High 
gain, high impedance 
pH-to-current converter. 
Courtesy the Foxboro 
Company. 
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If the iso-potential point is arranged to be the 
locus of the slope of the measuring instrument, 
the pH measuring circuit can be modified to 
include a temperature sensor arranged to change 
the negative feedback so that the circuit compen- 
sates for the change in slope of the e.m.f./pH 
relationship. It is important to realize that the 
temperature compensation only corrects for the 
change in the electrode response due to tempera- 
ture change and the iso-potential control setting 
therefore enables pH electrodes calibrated at one 
temperature to be used at another. The iso-poten- 
tial control does not compensate for the actual 
change in pH of a solution with temperature. 
Thus if pH is being measured to establish the 
composition of a solution one must carry out 
the measurements at constant temperature. 

A few commercial pH meters have a variable 
iso-potential control so that they can be used with 
several different combinations of electrodes but it 
is more generally the case that pH meters have 
fixed iso-potential control settings and can only 
be used with certain combinations of pH and 
reference electrodes. It is strongly recommended 
that, with fixed iso-potential control settings, 
both the glass and reference electrodes be 
obtained from the manufacturer of the pH meter. 
Temperature compensation circuits generally 
work only on the pH and direct activity ranges 
of a pH meter and not on the millivolt, expanded 
millivolt, and relative millivolt ranges. 

Modern pH meters with analog displays are 
scaled 0 to 14 pH units with the smallest division 
on the scale equivalent to 0.1 unit giving the 
possibility of estimating 0.02 pH units by inter- 
polation. The millivolt scale is generally 0 to 
1400 mV with a polarity switch, or -700 to 
+700 mV without one. The smallest division is 
10 mV, allowing estimation to 2 mV. Many ana- 



log meters have a facility of expanding the scale 
so that the precision of the reading can be 
increased up to 10 times. Digital outputs are also 
available, with the most sensitive ones reading to 
0.001 pH unit (unlikely to be meaningful in prac- 
tice) or 0.1 mV. Instruments incorporating micro- 
processors are also now available — these can 
calculate the concentration of substances from 
pH measurements and give readout in concentra- 
tion units. Blank and volume corrections can be 
applied automatically. 

Precision and accuracy Measurements reprodu- 
cible to 0.05 pH units are possible in well buffered 
solutions in the pH range 3 to 10. For routine 
measurements it is rarely possible to obtain a 
reproducibility of better than ±0.01 pH units. 

In poorly buffered solutions reproducibility may 
be no better than ±0.1 pH unit and accuracy may 
be lost by the absorption of carbon dioxide or by 
the presence of suspensions, sols, and gels. How- 
ever, measured pH values can often be used as 
control parameters even when their absolute 
accuracies are in doubt. 

Sodium ion error Glass electrodes for pH meas- 
urement are selective for hydrogen ions, not 
uniquely responsive to them, and so will also 
respond to sodium and other ions especially at 
alkaline pH values (more than about 11). This 
effect causes the pH value to be underestimated. 
Sodium ions produce the greatest error, lithium 
ions about a half, potassium ions about a fifth, 
and other ions less than a tenth of the error due to 
sodium ions. One can either standardize the elec- 
trode in an alkaline buffer solution containing a 
suitable concentration of the appropriate salt, or 
better, use the special lithium and cesium glass 
electrodes developed for use in solutions of high 
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Figure 17.24 Relationship of pH and Na ion error. 
Courtesy Kent Industrial Measurements Ltd, Analytical 
Instruments, 



alkalinity. These are less prone to interference. 
For a given glass electrode at a stated measuring 
temperature the magnitude of the error can be 
found from tables provided by electrode manu- 
facturers. An example is shown in Figure 17.24. 




Temperature errors The calibration slope 
and standard potential of ion-selective electrodes 
(including glass pH electrodes) are affected by 
temperature. If the pH is read directly off the 
pH scale, some form of temperature correction 
will be available, but often only for the calibra- 
tion slope and not for the standard potential. If 
measurements are made at a temperature differ- 
ent from that at which the electrode was cali- 
brated there will be an error. This will be small 
if the meter has an iso-potential setting. For the 
most accurate work the sample and buffer solu- 
tions should be at the same temperature, even if 
iso-potential correction is possible. 

Stirring factor In well-buffered solutions it may 
not be necessary to stir when making pH meas- 
urements. Flowever, it is essential in poorly buf- 
fered solutions. 

The hydrogen electrode The hydrogen elec- 
trode, consisting in practice of a platinum plate 
or wire coated with platinum block (a finely 
divided form of the metal) can measure hydrogen 
ion activity when hydrogen is passed over the 
electrode. However this electrode is neither easy 
nor convenient to use in practice and is now never 
used in industrial laboratories or on plant. 

The antimony electrode The antimony electrode 
is simply a piece of pure antimony rod (~ 12 mm 
diameter, 140 mm long), housed in a protective 
plastic body resistant to acid attack: see Figure 
17.25. The protruding antimony rod when 
immersed in a solution containing dissolved oxy- 
gen becomes coated with antimony trioxide 



Figure 17.25 Antimony electrode. 

Sb 2 0 3 , and the equilibria governing the electrode 
potential are: 

Sb --> Sb 3+ + 3e“ 

Sb,0 3 + 6H + -> 2Sb 3+ + 3H 2 (X K = ^7 

[H + ] 3 

However, there are many possible side reac- 
tions depending on the pH and the oxidizing 
conditions; salt effects are large. There is there- 
fore difficulty in calibrating with buffer solutions; 
stirring temperature and the amount of oxygen 
present all have rather large effects. A reproduci- 
bility of about 0.1 pH unit is the best that is 
normally attained, the response is close to Nerns- 
tian over the pFI range 2 to 7, and the response 
time can be as short as 3 minutes but is often 
about 30 minutes. 

The outstanding advantage of the antimony 
electrode is its ruggedness, and for this reason it 
has been used for determining the pFI of soils. 
Also, of course, it is indispensable for solutions 
containing hydrofluoric acid which attack glass. 
If the electrode becomes coated during use, its 
performance can be restored by grinding and 
polishing the active surface and then reforming 
the oxide film by immersion in oxygenated water 
before using in deoxygenated solutions. 

However, there is much more uncertainty to 
every aspect of behavior of the antimony elec- 
trode than with the glass electrode and even the 
fragile glass electrodes of years ago with their 
limited alkaline range displaced the antimony 
electrode when accurate pH measurements were 
required. Modern glass electrodes are excellent in 
respect of robustness and range, and antimony 
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thermometer 



Figure 17.26 Low impedance 
measuring circuit for use with 
antimony electrodes 



electrodes are not much used apart from the spe- 
cialized applications already mentioned. In these, 
the resistance of the measuring system is low, so a 
simple low impedance electrical circuit can be 
used with them, for example, a voltmeter or a 
potentiometric type of system as described in 
Volume 0. Figure 17.26 shows the principle of 
such a system. Any difference between the elec- 
trode e.m.f. and that produced across the poten- 
tiometer will be amplified and applied to the 
servo-motor which moves the slide-wire contact 
to restore balance. 

Industrial pH systems with glass electrodes Two 
types of electrode systems are in common use: the 
continuous-flow type of assembly, and the 
immersion, or dip type of assembly. 

Continuous-flow type of assembly The physical 
form of the assembly may vary a little from one 
manufacturer to another, but Figure 17.27 illus- 
trates a typical assembly designed with reliability 
and easy maintenance in mind. Constructed in 
rigid PVC throughout, it operates at pressures up 
to 2 bar and temperatures up to 60 °C. For higher 
temperatures and pressures the assembly may be 
made from EN 58J stainless steel, flanged, and 
designed for straight-through flow when pres- 
sures up to 3 bar at temperatures up to 100°C 
can be tolerated. It accommodates the standard 
measuring electrode, usually of toughened glass. 

A reservoir for potassium chloride (or other 
electrolyte) forms a permanent part of the elec- 
trode holder. A replaceable reference element fits 
into the top of the reservoir, and is held in place 
by an easily detachable clamp nut. A microceram- 



ic plug at the lower end of the reservoir ensures 
slow electrolyte leakage (up to six months' con- 
tinuous operation without attention is usually 
obtained). The ceramic junction is housed in a 
screw-fitting plug, and is easily replaceable. 

The close grouping of electrodes makes pos- 
sible a small flow cell, and hence a fast pH response 
at low flow rates. An oil-filled reservoir built 
into the electrode holder houses a replaceable 
nickel wire resistance element, which serves as 
a temperature compensator. (This is an optional 
fitment.) 

The flow through the cell creates some degree 
of turbulence and thus minimizes electrode coat- 
ing and sedimentation. 

The integral junction box is completely weath- 
erproof and easily detachable. Electrode cables 
and the output cable are taken via individual 
watertight compression fittings into the base of 
the junction box. A desiccator is included to 
absorb moisture, which may be trapped when 
the cover is removed and replaced. 

Two turns of the lower clamp nut allow the 
entire electrode unit to be detached from 
the flow cell and hence from the process fluid. 
The electrodes can be immersed easily in buffer 
solution. 

Immersion type Basically this assembly is simi- 
lar to the flow type except that the flow cell is 
replaced by a protecting guard which protects the 
electrode but allows a free flow of solution to the 
electrodes. Also the upper cap is replaced by a 
similarly molded tube which supports the elec- 
trode assembly, but brings the terminal box well 
above the electrode assembly so that the term- 
inals are clear of the liquid surface when the 
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assembly is in the measured solution. Immersion 
depths up to 3 m are available. 




Figure 17.27 Flow-type of electrode system (courtesy 
Kent Industrial Measurements Ltd. Analytical Instruments): 
(a) external view, (b) upper section detaches for easy 
buffering, (c) exploded view showing the components, 



Electrode assemblies should be designed so 
that the electrodes can be kept wet when not in 
use. It is often possible to arrange for the easy 
removal of the assembly from the process vessel 
so that it can be immersed in a bucket filled with 
process liquid, water, or buffer solution during 
shut-down. 

The design of the assembly is often modified to 
suit the use. For example, in measuring the pH of 
pulp in a paper beater the electrodes and resist- 
ance bulb are mounted side by side in a straight 
line and then inclined downstream at about 45 C 
from the vertical so that they present no pockets 
to collect pulp and are self-cleaning. 

When the assembly is immersed in a tank, care 
must be taken in the siting to ensure the instru- 
ment is measuring the properties of a representa- 
tive sample; adequate mixing of the process 
material is essential. Sometimes it is more con- 
venient to circulate the contents of a lank through 
a flow type of assembly and then return the liquid 
to the tank. 

The main cause of trouble in electrode assem- 
blies is the fouling of the electrodes. In order to 
reduce this, two forms of self-cleaning are avail- 
able, and the choice of method is dependent on 
the application. Where the main cause of trouble 
is deposits on the glass, electrode and mechanical 
cleaning is required; this may be achieved by the 
cleaning attachment shown on a dip system in 
Figure 17.28. The pneumatically driven rubber 
membrane wipes the electrode, providing a sim- 
ple, reliable cleaning action. It is driven by com- 
pressed air at preset intervals from a controller 
which incorporates a programmed timer mechan- 
ism that governs the frequency of the wiping 
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action. The cleaning attachment is constructed 
entirely of polypropylene and 316 stainless steel, 
except for the rubber wiper which may be replaced 
by a polypropylene brush type should this be more 
suitable. 

Alternatively, an ultrasonic generator operating 
at 25 kHz can be fitted to the electrode assembly, 
this greatly increasing the periods between neces- 
sary electrode cleaning. 

17.7.3 Measurement of redox potential 

When both the oxidized and reduced forms of a 
substance are soluble in water the old-fashioned 
metal redox electrode is useful an equilibrium 
being set up between the two forms of the sub- 
stance and the electrons in the metal electrode 
immersed in the solution. Again a reference elec- 
trode, generally calomel, has to be used, and 
determinations can be made either by using the 
redox electrode as an indicator during titrations 
or by direct potentiometric determination. 
Arrangements are similar to those for a pH elec- 
trode. Redox electrodes, too. can be immersed 
directly in a liquid product stream when monitor- 
ing on plant. The high impedance c.m.f. meas- 
uring circuits as used for pH electrode systems are 
completely satisfactory, but as metal Redox elec- 
trodes are low resistance systems, low impedance 
e.m.f. measuring circuits may also be used as for 



the antimony pH electrode. (The latter is also a 
metal redox electrode.) 

Apart from the antimony electrode, platinum, 
silver, and gold electrodes (Figure 17.29) are avail- 
able commercially and simple electrodes for use 
with separate reference and combination elec- 
trodes can be obtained both for laboratory and 
industrial use. 

Analytical chemistry applications of redox elec- 
trodes include determination of arsenic, cyanides, 
hydrogen peroxide, hypochlorite or chlorine, fer- 
rous iron, halides, stannous tin. and zinc. The 
silver electrode is widely used for halide determin- 
ation. Platinum electrodes are suitable for most 
other determinations with the exception of when 
cyanide is being oxidized with hypochlorite (for 
example, in neutralizing the toxic cyanide effluent 
from metal plating baths). In this case a gold 
electrode is preferable. 



17.7.4 Determination of ions by ion-selective 
electrodes 

Genera! eonskieratkms The measurement of the 
concentration or the activity of an ion in solution 
by means of an ion-selective electrode is as simple 
and rapid as making a pH measurement (the earl- 
iest of ion-selective electrodes). In principle it is 
necessary only to immerse the ion-selective and 




I 



(a) 



Figure 17.28 Electrode 
cleaning (courtesy Kent 
Industrial Measurements 
Ltd. Analytical 
Instruments): (a) assembly, 
(b) detail of cleaning 
attachment. 
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Figure 17.29 Examples of metal redox electrodes. 

reference electrodes in the sample, read off the 
generated e.m.f. by means of a suitable measuring 
circuit, and obtain the result from a calibration 
curve relating e.m.f. and concentration of the 
substance being determined. The difference from 
pH determinations is that most ion-selective elec- 
trode applications require the addition of a 
reagent to buffer or adjust the ionic strength of 
the sample before measurement of the potential. 
Thus, unlike measurement of pH and redox 
potentials, ion-selective electrodes cannot be 
immersed directly in a plant stream of liquid 
product, and a sampling arrangement has to be 
used. However this can usually be done quite 
simply. 



pH and p Jon meters High impedance e.m.f. meas- 
uring circuits must be used with most ion-selec- 
tive electrodes and are basically the same as used 
for measuring pH with a glass electrode. The pH 
meters measure e.m.f. in millivolts and are also 
scaled in pH units. Provided the calibration con- 
trol on the pH meter (which relates the measured 
e.m.f. to a fixed point on the pH scale) has a wide 
enough range of adjustment, the pH scale can be 
used for any univalent positive ion, for example, 
measurement with a sodium-selective electrode 
can be read on the meter as a pNa scale 
(or -logCNa). Measurements with electrodes 
responding to divalent or negative ions cannot 
be related directly to the pH scale. However, 
manufacturers generally make some modification 
to pH meters to simplify measurements with ion- 
selective electrodes, and the modified meters are 



called “plon meters.” Scales are provided, analog- 
ous to the pH scale, for ions of various valencies 
and/or a scale that can be calibrated to read 
directly in terms of concentration or valency. 
Meters manufactured as plon meters generally 
also have pH and millivolt scales. To date, plon 
scales only cover ions with charges of ±1 and ±2 
because no ion-selective electrodes for determin- 
ing ions of high charge are yet available commer- 
cially. Direct activity scales read in relative units 
only and so must be calibrated before use in the 
preferred measurement units. 

As with pH meters, plon meters can be 
obtained with analog and digital displays, with 
integral microprocessors, with recorder and 
printer outputs, and with automatic standardi- 
zation. Temperature compensation can be incor- 
porated but although ion-selective and reference 
electrode combinations have iso-potential 
points, the facility of being able to set the iso- 
potential control has so far been restricted to 
pH measurement. On dual pH/pIon meters the 
iso-potential control (if it exists) should be 
switched out on the plon and activity scales if 
one wishes to make a slope correction when work- 
ing with an ion-selective electrode at constant tem- 
perature. 

For the best accuracy and precision plon 
meters should be chosen that can discriminate 
0.1 mV for direct potentiometry; 1 mV discrimin- 
ation is sufficient when using ion-selective elec- 
trodes as indicators for titrimetric methods. 



Practical arrangements For accurate poten- 
tiometry, the temperature of the solution being 
analyzed and the electrode assembly should be 
controlled and ideally all analyses should be car- 
ried out at the same temperature, e.g., by using a 
thermostatically controlled water bath. Solutions 
must also be stirred; otherwise the e.m.f. devel- 
oped by the electrode may not be representative 
of the bulk of the solution. A wide range of 
stirring speeds is possible but too slow a speed 
may give long response times and too high a 
speed may generate heat in the solution. Precau- 
tions must also be taken to minimize contamin- 
ation. 

Taking all these items into account, best results 
in the laboratory can be obtained by mounting 
the electrodes in a flow cell through which the test 
solution is being pumped; see Figure 17.30. This 
is a mandatory arrangement for on-stream instru- 
ments and in the laboratory in cases where the ion 
concentration being determined is close to the 
limit of detection of the electrode. 

Flow cells should be constructed of a material 
that will not contaminate a sample with the ion 
being determined; the flow rates of the solution 
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must be high enough to provide “stirring'’ but low 
enough that sample volumes are kept low. There 
should be good displacement of a previous sample 
by an incoming one, solution from the reference 
electrode should not reach the measuring electrode, 
and when liquid flow through a flow cell stops, 
the cell must retain liquid around the electrodes to 
prevent them drying out. Finally a flow cell should 
be water-jacketed so that its temperature can be 
controlled. Suitable flow cells can be machined out 
of Perspex and are available commercially. 

Pumps used must be capable of pumping at 
least two channels simultaneously at different 
rates, the larger volume for the sample and the 
lesser for the reagent solution. Peristaltic pumps 
are the most frequently used. It follows that all 
interconnecting tubing and other components in 
contact v/ith the sample must be inert with respect 
to the ion being determined. 

As direct potentiometric determination of ions 
by ion-selective electrodes requires more frequent 
calibration than the more stable pH systems, 
industrially developed ion-selective electrode sys- 
tems often incorporate automatic recalibration. 
This makes them more expensive than pH meas- 
uring systems. A typical scheme for an ion-selec- 
tive monitor (in this case for sodium) is shown in 
Figures 17.31 and 17.32. 

Sample water flows to the constant head unit 
and is then pumped anaerobically at a constant 
rate into the flow cell where it is equilibrated with 
ammonia gas obtained by pumping a stream of 
air through ammonia solution. (Instead of 
ammonia gas a liquid amine could be used, and 
this would then be the buffer liquid delivered by 
the second channel of the pump.) The sample 
then flows through the flow cell to contact the 
ion-selective and reference electrodes and then to 
a drain. 



Automatic chemical standardization takes 
place at preset intervals (in this case once every 
24 hours) with provision for manual initiation of 
the sequence at any time. The standardization 
sequence commences by activating a valve to stop 
the sample flow and to allow a sodium ion solu- 
tion of known strength (the standard sodium 
solution) to be pumped into the flow cell. When 
the electrodes have stabilized in the new solution, 
the amplifier output is compared with a present 
standard value in the auto-compensation unit 
and any error causes a servo-potentiometer to 
be driven so as to adjust the output signal to the 
required value. The monitor is then returned to 
measurement of the sample. The standardization 
period lasts 30 minutes, a warning lamp shows 
that standardization is taking place, and any 
alarm and control contacts are disabled. It is also 
possible to check the stability of the amplifier 
and, by a manual introduction of a second 
sodium standard, to check and adjust the scale 
length. 



Conditioning and storage of electrodes The manu- 
facturer’s instructions regarding storage and pre- 
treatment of electrodes should be followed 
closely. The general rules are that (a) glass elec- 
trodes should not be allowed to dry out because 
reconditioning may not be successful, (b) solid 
state electrodes can be stored in deionized water 
for long periods, dry-covered with protective caps 
and generally ready for use after rinsing with 
water, (c) gas-sensing membranes and liquid 
ion-exchange electrodes must never be allowed 
to dry out, (d) reference electrodes are as import- 
ant as the measuring electrodes and must be 
treated exactly as specified by the manufacturer. 
The element must not be allowed to dry out. as 



Figure 17.30 Flow cell for 
ion-selective electrodes. 
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Figure 17.31 Schematic diagram for ion-selective monitor. CourtesyABB Instrument Group. 



would happen if there were insufficient solution 
in the reservoir. 

Ion-selective electrodes available and application 
areas There is a very wide range of electrodes 
available. Not only are there many specific ion 
monitors but several manufacturers now market 
standardized modular assemblies which only 
need different electrodes, different buffer solu- 
tions, and minor electrical adjustments for the 
monitors to cope with many ion determinations. 

Table 17.9 shows the ion-selective electrodes 
available for the more common direct poten- 
tiometric determination of ions. 

Ion-selective electrodes, as their name implies, 
are selective rather than specific for a particular 
ion. A potassium electrode responds to some 
sodium ion activity as well as to potassium, and 
this can be expressed as: 

/^measured — COllStailt i .S' log(^/poiassium + H - ^Na ) 

where K is the selectivity coefficient of this elec- 
trode to sodium and 0 < K < 1 . 

Thus the fraction K of the total sodium activity 
will behave as though it were potassium. The 
smaller the value of K y the more selective that 
electrode is to potassium, i.e., the better it is. To 
identify a particular selectivity coefficient the 
data are best written in the form: 



^potassium^/sodium + — 2.6 X 10 

This shows that the selectivity of potassium 
over sodium for the potassium electrode is 
about 385:1, i.e., 1/(2. 6 x 10 -3 ). It is important 
to note that selectivity coefficients are not con- 
stant, but vary with the concentration of both 
primary and interferent ions, and the coefficients 
are, therefore, often quoted for a particular ion 
concentration. They should be regarded as a 
guide to the effectiveness of an electrode in a 
particular measurement and not for use in pre- 
cise calculations, particularly as quoted selectiv- 
ity coefficients vary by a factor of 10 or more. 
For accurate work the analyst should determine 
the coefficient for himself for his own type of 
solution. 

Direct potentiometric determination of ions 
by means of ion-selective electrodes has many 
applications. Examples are determination of 
pH, sodium, and chloride in feedwater, conden- 
sate, and boiler water in power stations; cyanide, 
fluoride, sulfide, and chloride in effluents, rivers, 
and lakes; fluoride, calcium, and chloride in 
drinking water and sea water; bromide, calcium, 
chloride, fluoride, iodide, potassium, and sodium 
in biological samples; calcium, chloride, fluoride, 
and nitrate in soils; sulfur dioxide in wines and 
beer; chloride and calcium in milk; sulfide and 
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Figure 17.32 Diagrammatic 
arrangement of components for 
an ion-selective monitor. 
Courtesy ABB Instrument 
Group. 1. solenoid valve 
(energizes during 
standardization to connect 
primary standard solution); 

2. solenoid valve (energizes to 
admit emergency sample supply 
when sample is lost in the 
header tank); 3. flow cell; 

4. earthing tube; 5. sodium 
electrode; 6. SUPPLY ON lamp 
(illuminates when power is 
connected to the monitor): 

7. 8020 100 amplifier; 8. 8033 
200 current output module; 

9. SERVICE lamp (red) and ON- 
LINE lamp (green) with push- 
button (optional feature); 

10. digital display module (linear 
motor readout optional); 

11. 8060 300 compensation 
module; 12. 8021 400 alarm and 
temperature control module; 

13. 8020 500 power supply; 

14. 8020 600 function module; 

15. electrodes connection point 
(junction box); 16. refillable 
calomel reference electrode; 

17, peristaltic pump; 18. gas 
debubbler; 19. manual 
SAMPLE/CALIBRATE valve; 

20. flow cell drain; 21. secondary 
standard solution container 

(1 liter) (heat exchanger located 
behind the panel at this point); 
22. buffer solution container 
(500 ml) 



Table 17.9 Available ion-selective electrodes 



Solid-state membrane 
electrodes 


Glass membrane 
electrodes 


Liquid ion exchange 
membrane electrodes 


Gas-sensing 

electrodes 


Fluoride 


pH 


Calcium 


Ammonia 


Chloride 


Sodium 


Calcium + magnesium 


Carbon dioxide 


Bromide 

Iodide 

Thiocyanate 

Sulphide 

Silver 

Copper 

Lead 

Cadmium 

Cyanide 

Redox 

pH (antimony) 


Potassium 


(i.e.. water hardness) 

Barium 

Nitrate 

Potassium 


Sulphur dioxide 
Nitrous oxide 
Hydrogen sulphide 
Hydrogen fluoride 
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sulfur dioxide in the paper-making industry; 
fluoride, calcium, chloride, nitrate, and sulfur 
dioxide in foodstuffs, pH in water and effluents, 
papers, textiles, leather, and foodstuffs, and cal- 
cium, chloride, fluoride, and potassium in pharma- 
ceuticals. 



17.8 Common electrochemical 
analyzers 

17.8.1 Residual chlorine analyzer 

When two dissimilar metal electrodes are 
immersed in an electrolyte and connected 
together, current will flow due to the build-up of 
electrons on the more electropositive electrode. 
The current will soon stop, however, owing to 
the fact that the cell will become polarized. 

If, however, a suitable depolarizing agent is 
added, a current will continue to flow, the mag- 
nitude of which will depend upon the concentra- 
tion and nature of the ions producing the 
depolarization. Thus, by choice of suitable mater- 
ials for the electrodes and arranging for the 
addition of the depolarizing agent which is in fact 
the substance whose concentration is to be meas- 
ured, amperometric analyzers may be made to 
measure the concentration of a variety of chem- 
icals. In some instruments a potential difference 
may be applied to the electrodes, when the cur- 



rent is again a linear function of the concentra- 
tion of the depolarizing agent. 

The sensitivity of the analyzer is sometimes 
increased by using buffered water as the electro- 
lyte so that the cell operates at a definite pH. 
Amperometric instruments are inherently linear 
in response, but special steps have to be taken in 
order to make them specific to the substance 
whose concentration is to be measured, because 
other substances may act as depolarizing agents 
and so interfere with the measurement. When the 
interfering substances are known steps may be 
taken to remove them. 

Where the instrument is intended to measure 
pollutants in air or gas, the gas to be tested is 
either bubbled through a suitable cell or arranged 
to impinge upon the surface of the liquid in the 
cell. In these cases interfering gases can be 
removed by chemical or molecular filters in the 
sampling system. 

This form of instrument may be used to detect 
halogens, such as chlorine, in air, and instruments 
with ranges from 0-0.5 to 0-20 ppm are available 
measuring with an accuracy of ±2% and a sensi- 
tivity of 0.01 ppm. By altering the electrolyte the 
instrument may be changed to measure the corres- 
ponding acid vapors, i.e., HC1, HBr, and HF. One 
type of instrument for measuring chlorine in 
water is shown in Figure 17.33. 

The sample stream is filtered in the tank on the 
back of the housing, and then enters the analyzer 



Indicator {when 
specified) scale 
graduated in p.p.m. 



Millivolt-to-cu rrent 
converter housing 



Span 

control 

Reagent 

solution 

input 

Thermistor 

Flowmeter- 




Sample flow 
control valve 



Motor Mounting 
brae ket 



Mounting 
screws (4) 
pH sampling 
valve 

Measuring 

electrode 

Counter 
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tank on rear of case 



Sample flows to drain 
connection on rear of case 



Flow control block 

Figure 17.33 Residual chlorine analyzer. Courtesy Capital Controls Division, SevernTrent Ltd. 
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unit through the sample flow control valve and 
up the metering tube into the head control block 
where reagent (buffer solution to maintain con- 
stant pH) is added by means of a positive dis- 
placement feed pump. 

Buffered sample flows down tube B, through 
the flow control block and up tube C to the 
bottom of the electrode cell assembly. Sample 
flow rate is adjusted to approximately 150 milli- 
liters per minute. Flow rate is not critical since the 
relative velocity between the measuring electrode 
and the sample is established by rotating the 
electrode at high speed. 

In the electrode cell assembly, the sample 
passes up through the annular space between 
the concentrically mounted outer (copper) refer- 
ence electrode and the inner (gold) measuring 
electrode and out through tube D to the drain. 
The space between the electrodes contains plastic 
pellets which are continuously agitated by the 
swirling of the water in the cell. The pellets keep 
the electrode surfaces clear of any material, which 
might tend to adhere. The measuring electrode is 
coupled to a motor, which operates at 1550 rev/ 
min. The electrical signal from the measuring 
electrode is picked up by a spring-loaded brush 
on top of the motor and the circuit is completed 
through a thermistor for temperature compensa- 
tion, precision resistors, and the instationary cop- 
per electrode. 

The composition of the electrodes is such that 
the polarization of the measuring electrode pre- 
vents current flow in the absence of a strong 
oxidizing agent. The presence of the smallest 
trace of strong oxidizer, such as chlorine (hypo- 
chlorous acid), will permit a current to flow by 
oxidizing the polarizing layer. The amplitude of 
the self-generated depolarization current is pro- 
portional to the concentration of the strong oxi- 
dizing agent. The generated current is passed 
through a precision resistor and the millivoltage 
across the resistor is then measured by the indi- 
cating or recording potentiometer. This instru- 
ment is calibrated to read in terms of the type 
(free or total) of residual chlorine measured. 
When measuring total residual chlorine, potas- 
sium iodide is added to the buffer. This reacts 
with the free and combined chlorine to liberate 
iodine in an amount equal to the total chlorine. 
The iodine depolarizes the cell in the same man- 
ner as hypochlorous acid, and a current directly 
proportional to the total residual chlorine is gen- 
erated. 

17.8.2 Polarographic process oxygen analyzer 

An instrument using the amperometric ( polaro- 
graphic) method of measurement is an oxygen 
analyzer used for continuous process measure- 




Figu re 17.34 Process oxygen analyzer. Courtesy 
Beckman Instruments Inc. 

ment of oxygen in flue gas, inert gas monitoring, 
and other applications. 

The key to the instrument is the rugged sensor 
shown in Figure 17.34. The sensor contains a 
silver anode and a gold cathode that are pro- 
tected from the sample by a thin membrane of 
PTFE. An aqueous KC1 solution is retained in 
the sensor by the membrane and forms the elec- 
trolyte in the cell (Figure 17.35). 

Oxygen diffuses through the PTFE membrane 
and reacts with the cathode according to the 
equation: 

4e“ -h 0 2 + 2H 2 0 — » 40H“ 

The corresponding anodic reaction is 
Ag + CT AgCl + e- 

For the reaction to continue, however, an exter- 
nal potential (0.7 volt) must be applied between 




Figure 17.35 Diagram of polarographic oxygen sensor. 
Courtesy Institute of Measurement and Control. 
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cathode and anode. Oxygen will then continue to 
be reduced at the cathode, causing the How of a 
current, the magnitude of which is proportional 
to the partial pressure of oxygen in the sample 
gas. 

The only materials in contact with the process 
are PVC and PTFE, and the membrane is recessed 
so that it docs not suffer mechanical damage. The 
cell needs to be recharged with a new supply of 
electrolyte at 3- or 6-month intervals depending on 
the operating conditions, and the membrane can 
be replaced easily should it be damaged. 

The cell current is amplified by a solid state 
amplifier, which gives a voltage output which 
can be displayed on a selection switch giving 
ranges of 0-1, 0-5, 0-10 or 0 25 percent oxygen 
and a calibration adjustment. The calibration is 
checked by using a reference gas, or air when the 
instrument should read 20,9 percent oxygen on 
the 0-25 percent scale. The instrument has an 
accuracy ±1 percent of scale range at the calibra- 
tion temperature but an error of ±3 percent of 
the reading will occur for a 16°C departure in 
operating temperature. 

When in use the sensor may be housed in an in- 
line type housing or in a dip- type of assembly, 
usually made of PVC suitable for pressures up to 
3.5 bar. 

17.8.3 High temperature ceramic sensor oxygen 
probes 

Just as an electrical potential can be developed at 
a glass membrane which is a function of the ratio 
of the hydrogen concentrations on cither side, a 
pure zircon ia tube maintained at high tempera- 
ture will develop a potential between its surfaces 
which is a function of the partial pressure of 
oxygen which is in contact with its surfaces. This 
is the principle involved in the oxygen meter 
shown in Figure 17.36. 

The potential developed is given by the Nernst 
equation: 

-- (ZCZV4F){ln[inicrnal partial pressure of OT ions]/ 
[external partial pressure of Oj ions]} 

Thus, if the potential difference between the sur- 
faces is measured by platinum electrodes in con- 
tact with the two surfaces a measure may be made 
of the ratio of the partial pressure of the oxygen 
inside and outside the probe. If dry instrument air 
(20.9 percent oxygen) is fed into the inside of the 
probe, the partial pressure of oxygen inside the 
tube may be regarded as constant, so that the 
electrical potential measured in a similar manner 
to that adopted in pH measurement will be a 
measure of the concentration of the oxygen in 
the atmosphere around the measuring probe. 




(a) Partial pressure P, 

Figure 17.36 Oxygen probe. Courtesy Kent 
Instruments. 

Thus by positioning the probe in a stack or Hue 
where the temperature is above 600 °C a direct 
measurement of the oxygen present may be made. 
(In another manufacturer’s instrument the probe 
is maintained at a temperature of 850 °C by a 
temperatu re-eon trolled heating clement.) The 
instrument illustrated can operate from 600 to 
1200°C, the reading being corrected for tempera- 
ture, which is measured by a thermocouple. The 
probe is protected by a silicon carbide sheath. 
The zirconia used is stabilized with calcium. 

Standard instruments have ranges of oxygen 
concentration of 20.9-0.1 percent, 1000 1 ppm. 
10 °-10 25 partial pressure and can measure 
oxygen with an accuracy of better than ±10 per- 
cent of the reading. 

As temperatures in excess of 600 C must be 
used some of the oxygen in the sample will react 
with any combustible gas present, e.g., carbon 
monoxide and hydrocarbons. Thus, the measure- 
ment will be lower than the correct value but will 
still afford a rapid means of following changes in 
the oxygen content of a Hue gas caused by 
changes in combustion conditions. 

When using this form of oxygen cell, one must 
be aware that one is measuring “net oxygen” as 
any combustible material in the sample stream 
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will be burned or consumed on the outer elec- 
trode and in doing so use the stoichiometric 
amount of oxygen required for combustion. 

17.8.4 Fuei cell oxygen-measuring instruments 

Galvanic or fuel cells differ from polarographic 
cells and the high temperature ceramic sensors in 
that they are power devices in their own right, 
that is, they require no external source of power 
to drive them. One manufacturer’s version is 
shown in Figure 17.37. 

A lead anode is made in that geometric form 
that maximizes the amount of metal available for 
reaction with a convex disc as the cathode. Per- 
forations in the cathode facilitate continued wet- 
ting of the upper surface with electrolyte and 
ensure minimum internal resistance during the 
oxygen sensing reaction. The surfaces of the cath- 
ode are plated with gold and then covered with a 
PTFE membrane. Both electrodes are immersed 
in aqueous potassium hydroxide electrolyte. Dif- 
fusion of oxygen through the membrane enables 
the following reactions to take place: 

Cathode 4e" + O? + 2H?0 — » 40H“ 

Anode 

Pb -r 20FD PbO + H 2 0 + 2e 

Overall 

cell reaction 2Pb + 0 2 — > PbO 

The electrical output of the cell can be related to 
the partial pressure of oxygen on the gas side of the 
membrane in a manner analogous to that 
described for membrane -covered polarographic 
cells. In this instance, however, because there is 
no applied potential and no resultant hydrolysis 
of the electrolyte, absence of oxygen in the sample 
corresponds to zero electrical output from the cell. 
There is a linear response to partial pressure of 
oxygen, and a single point calibration, e.g., on 
air, is sufficient for most purposes. 



PTFt membrane 




Figure 17.37 Diagrammatic micro-fuel cell oxygen 
sensor. CourtesyAnalysis Automation. 



The main limitation of this type of oxygen 
sensor is the rate of diffusion of oxygen across 
the membrane; this determines the speed of 
response and, at low oxygen partial pressure, this 
may become unacceptably slow. However, to 
overcome this, one type of fuel cell oxygen sensor 
has a completely exposed cathode, i.e., not 
covered with a PTFE membrane. 

In common with all membrane cells, the 
response of the micro-fuel cell is independent of 
sample flow rate but the cell has a positive tem- 
perature-dependence. This is accommodated by 
incorporating negative temperature coefficient 
thermistors in the measuring circuit. These fuel 
cells have sufficient electrical output to drive 
readout meters without amplification. However, 
where dual- or multi-range facilities are required 
some amplification may be necessary. 



17.8.5 Hersch cell for oxygen measurement 

This galvanic cell differs from fuel cells in that a 
third electrode is added to the cell and a potential 
applied to provide anodic protection to the 
anode. In one manufacturer’s cell (Figure 17.38) 
the cathode is silver and the anode cadmium. The 
third electrode is platinum. The anodic protection 
limits the cadmium current to a few micro- 
amperes and extends the life of the cadmium. 
However, this arrangement gives an electrical 
output from the cell, which is non-lineau with 
oxygen partial pressure, and it is necessary for 
the signal to be passed through a “shaping” circuit 
for the readout to be given in concentration units. 
Calibration is carried out by generating a pre- 
determined concentration of oxygen in a sample 
by electrolysis, and electrodes for this are incorp- 
orated in the cell. When dry gas samples are 
being used they must be humidified to prevent 
the water-based electrolyte in the cell from 
drying out. 



17.8.6 Sensor for oxygen dissolved in water 

Electrochemical sensors with membranes for oxy- 
gen determination can be applied to measuring 
oxygen dissolved in water; both polarographic 
and galvanic sensors can be used. 

A most popular type of sensor is the galvanic 
Mackereth electrode. The cathode is a perforated 
silver cylinder surrounding a lead anode with 
an aqueous electrolyte of potassium bicarbonate 
(Figure 17.39). The electrolyte is confined by a 
silicone rubber membrane, which is permeable to 
oxygen but not to water and interfering ions. 

The oxygen which diffuses through the mem- 
brane is reduced at the cathode to give a current 
proportional to the oxygen partial pressure. 
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Figure 17.38 Cross-section of 
Hersch cell, CourtesyAnacon 
(Instruments) Ltd. 
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Figure 17.39 Diagram of Mackereth oxygen sensor 
assemblies. CourtesyABB Instrument Group. 



Equations for the reactions have already been given 
in Section 17.8.2. 

Accurate temperature control is essential (6 per- 
cent error per degree) and thermistor- or resist- 
ance-thermometer-controlled compensation cir- 
cuits are generally used. Working ranges can be 
from a few j^g0 2 /liter of water up to 200 percent 
oxygen saturation. The lead anode is sacrificial, 
and electrodes therefore have to be refurbished 
according to the actual design and the total 
amount of oxygen that has diffused into the cell. 
Cells are calibrated using water containing 
known amounts of oxygen. Indicating meters or 
recorders can be connected, and manufacturers 
offer both portable instruments and equipment 
for permanent installation with timing devices, 
water pumps, etc. There are also several vari- 
ations on the basic design of electrodes to cope 
with oxygen determination in water plant, rivers, 
lakes, sewage tanks, etc, (see Figure 17.40). One 
of those shown includes a patented assembly 
incorporating water sampling by air life — -air 
reversal gives calibration check and filter clean. 



17.8.7 Coulometric measurement of moisture in 
gases and liquids 

Moisture from gases (or vaporized from liquids) 
can be absorbed by a layer of desiccant, generally 
phosphoric anhydride (P2O5), in contact with two 
platinum or rhodium electrodes. A d.c. voltage is 
applied to electrolyze the moisture, the current 
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Figure 17.40 Varieties of Mackereth oxygen sensor 
assemblies. Courtesy, Kent Industrial Measurements Ltd. 
Analytical Instruments 



produced being directly proportional to the mass 
of moisture absorbed (Faraday's law of electro- 
lysis). The response of such an instrument 
obviously depends on the How rate of gas, which 
is set and controlled accurately at a predeter- 
mined rate so that the current measuring meter 
can be calibrated in vppm moisture. Details are 
given in Chapter 19. 
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18.1 Introduction 

The ability to analyze one or more components of 
a gas mixture depends on the availability of suit- 
able detectors which are responsive to the com- 
ponents of interest in the mixture and which can 
be applied over the required concentration range. 
Gas detectors are now available which exploit a 
wide variety of physical and chemical properties 
of the gases detected, and the devices resulting 
from the application of these detection mechan- 
isms show a corresponding variety in their select- 
ivity and range of response. In a limited number 
of applications it may be possible to analyze a gas 
mixture merely by exposure of the sample to a 
detector which is specific to the species of interest, 
and thus obtain a direct measure of its concentra- 
tion. However, in the majority of cases no suffi- 
ciently selective detector is available, and the gas 
sample requires some pretreatment, e.g., drying or 
removal of interfering components, to make it 
suitable for the proposed detector. In these cases 
a gas analysis system must be used. 

A block diagram of the components of a typ- 
ical gas analyzer is given in Figure 18.1. The sam- 



ple is taken into the instrument either as a 
continuous stream or in discrete aliquots and is 
adjusted as necessary in the sampling unit to the 
temperature, pressure, and How-rate require- 
ments of the remainder of the system. Any treat- 
ment of the sample, for example, separation of 
the sample into its components, removal of 
interfering components, or reaction with an auxili- 
ary gas, is carried out in the processing unit and the 
sample is passed to the detector. The signal from 
the detector is amplified if necessary and processed 
to display or record the concentration of the com- 
ponents of interest in the sample. 

In many gas analyzers the time lag between 
sampling and analysis is reduced to a minimum 
by taking a continuous stream of sample at a 
relatively high flow rate, and arranging for only 
a small proportion to enter the analyzer, the 
remainder being bypassed to waste or returned 
to the process. Provision is also normally made to 
check the zero by passing a sample, free of the 
species to be analyzed, to the detector, and the 
instrument may also include facilities for calibra- 
tion by means of a “span" switch which feeds a 
sample of known concentration to the analyzer. 




Figure 18.1 Schematic diagram of a typical process gas analyzer. 
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For certain applications there may be a choice 
between the use of a highly selective detector, 
with relatively little pretreatment of the sample, 
or use cf a detector which responds to a wider 
range of chemical species, the sample being separ- 
ated into its components before it reaches the 
detector. In the special case of gas chromato- 
graphy the sample is separated on the basis of the 
different times taken by each component to pass 
through a tube or column packed with adsorbent. 
The outlet gas stream may then be passed 
through a single detector, or through more than 
one detector in series or switched between 
detectors to analyze several components of the 
original sample mixture. By choice of columns, 
operating conditions, and detectors, a gas-chro- 
matographic analysis system may be built up to 
be individually tailored to analyze several differ- 
ent preselected components in a single aliquot 
taken from a gas sample, Because of its import- 
ance in process analysis, gas chromatography is 
given particularly detailed treatment. 

In addition to the analysis techniques described 
in this chapter, a number of spectroscopic methods 
are given under that heading in Chapter 16, while 
some electrochemical methods are outlined in 
Chapter 17. 



18.2 Separation of gaseous 
mixtures 

Although detectors have been developed which 
are specific to particular gases or groups of gases, 
for example, flammable gases or total hydrocar- 
bons, there is often a need to separate the sample 
into its components, or to remove interfering 
species, before the sample is passed to the detect- 
or. A non-specific detector, such as a katharom- 
eter, may also be used to measure one component 
of a gas mixture by measuring the change in 
detector response which occurs when the compon- 
ent of interest is removed from the gas mixture. 

Methods for separating gaseous mixtures may 
be grouped under three main headings. 



Chemical reaction A simple example of chem- 
ical separation is the use of desiccants to remove 
water from a gas stream. The percentage of car- 
bon dioxide in blast furnace gas may be deter- 
mined by measuring the thermal conductivity of 
the gas before and after selective removal of the 
carbon dioxide by passing the gas through soda- 
lime. Similarly the percentage of ammonia gas in 
a mixture of nitrogen, hydrogen, and ammonia 
may be measured by absorbing the ammonia in 
dilute sulfuric acid or a suitable solid absorbent. 



Physical methods The most powerful physical 
technique for separation of gases is mass spectro- 
metry, described in Chapter 16 — though only 
minute quantities can be handled in that way. 
Gases may also be separated by diffusion; for 
example, hydrogen may be removed from a gas 
stream by allowing it to diffuse through a heated 
tube of gold- or silver-palladium alloy. 

Physico-chemical methods: chromatography Gas 
chromatography is one of the most powerful 
techniques for separation of mixtures of gases or 
(in their vapor phase) volatile liquids. It is rela- 
tively simple and widely applicable. Mixtures of 
permanent gases, such as oxygen, nitrogen, 
hydrogen, carbon monoxide, and carbon dioxide 
can easily be separated, and when applied to 
liquids, mixtures such as benzene and cyclo- 
hexane can be separated even though their boiling 
points differ by only 0.6 K.. Separation of such 
mixtures by other techniques such as fractional 
distillation would be extremely difficult. 



18.2.1 Gas chromatography 

Chromatography is a physical or physico-chemic- 
al technique for the separation of mixtures into 
their components on the basis of their molecular 
distribution between two immiscible phases. One 
phase is normally stationary and is in a finely 
divided state to provide a large surface area rela- 
tive to volume. The second phase is mobile and 
transports the components of the mixture over 
the stationary phase. The various types of chro- 
matography are classified according to the par- 
ticular mobile and stationary phases employed in 
each (see Chapter 1 5). In gas chromatography the 
mobile phase is a gas, known as the carrier gas, 
and the stationary phase is either a granular solid 
(gas-solid chromatography) or a granular solid 
coated with a thin film of non-volatile liquid 
(gas-liquid chromatography). In gas-solid chro- 
matography the separation is effected on the 
basis of the different adsorption characteristics 
of the components of the mixture on the solid 
phase, while in gas-liquid chromatography the 
separation mechanism involves the distribution 
of the components of the mixture between the 
gas and stationary liquid phases. Because the 
components of the mixture are transported in 
the gaseous phase, gas chromatography is limited 
to separation of mixtures whose components have 
significant vapor pressures, and this normally 
means gaseous mixtures or mixtures of liquids 
with boiling points below approximately 450 K. 

The apparatus for gas chromatography, known 
as the gas chromatograph, consists of a tube or 
column to contain the stationary phase, and itself 
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contained in an environment whose temperature 
can be held at a constant known value or heated 
and cooled at controlled rates. The column may 
be uniformly packed with the granular stationary 
phase (packed column chromatography), and this 
is normally used in process instruments. How- 
ever, it has been found that columns of the high- 
est separating performance are obtained if the 
column is in the form of a capillary tube, with 
the solid or liquid stationary phase coated on its 
inner walls (capillary chromatography). The car- 
rier-gas mobile phase is passed continuously 
through the column at a constant controlled and 
known rate. A facility for introduction of known 
volumes of the mixture to be separated into the 
carrier-gas stream is provided in the carrier-gas 
line upstream of the column, and a suitable detect- 
or, responsive to changes in the composition of 
the gas passing through it, is connected to the 
downstream end of the column. 

To analyze a sample, an aliquot of suitable 
known volume is introduced into the carrier-gas 
stream, and the output of the detector is continu- 
ously monitored. Due to their interaction with 
the stationary phase, the components of the sam- 
ple pass through the column at different rates. 
The processes affecting the separation are com- 
plex, but in general, in gas-solid chromatography 
the component which is least strongly adsorbed is 
eluted first, while in gas-liquid chromatography 
the dominant process is the solubility of the com- 
ponents in the liquid stationary phase. Thus the 
separation achieved depends on the nature of 
the sample and stationary phase, on the length 
and temperature of the column, and on the flow 



rate of the carrier gas, and these conditions must 
be optimized for a particular analysis. 

The composition of the gas passing through the 
detector alternates between pure carrier gas and 
mixtures of the carrier gas with each of the com- 
ponents of the sample. The output record of the 
detector, known as the chromatogram, is a series 
of deflections or peaks, spaced in time and each 
related to a component of the mixture analyzed. 

A typical chromatogram of a mixture contain- 
ing five components is shown in Figure 18.2. The 
first “peak” (A) at the beginning of the chroma- 
togram is a pressure wave or unresolved peak 
caused by momentary changes in carrier-gas flow 
and pressure during the injection of the sample. 
The recording of the chromatogram provides a 
visual record of the analysis, but for qualitative 
analysis each peak must be identified on the basis 
of the time each component takes to pass through 
the column by use of single pure compounds or 
mixtures of known composition. For quantitative 
analysis the apparatus must be calibrated by use 
of standard gas mixtures or solutions to relate the 
detector response to the concentration of the 
determinand in the initial mixture. 

A significant advantage of gas chromatography 
is that several components of a sample may be 
analyzed essentially simultaneously in a single 
aliquot extracted from a process stream. How- 
ever, sampling is on a regular discrete basis rather 
than continuous, so that the chromatograph gives 
a series of spot analyses of a sample stream, at 
times corresponding to the time of sample injec- 
tion into the instrument. Before a new sample can 
be analyzed, it is necessary to be certain that all 
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the components of the previous sample have been 
eluted from the column. It is therefore advanta- 
geous to arrange the analytical conditions so that 
the sample is eluted as quickly as possible, con- 
sistent with adequate resolution of the peaks of 
interest. Two techniques commonly used in pro- 
cess gas chromatography, and now finding more 
application in the laboratory, are “heart cut’' and 
“backflush.” Both techniques rely on an 
understanding of the components being analyzed 
and their elution times on various phases. With 
these techniques, the analytical chemist chooses 
to analyze only those components in which he or 
she is interested and vents the balance to “waste/’ 

Heart cut is the fastest way to separate trace 
level concentrations of components when they 
elute on a tail of a major component. Using two 
columns, the heart cut valve diverts the effluent of 
the heart cut column to either to vent or to the 
analysis column for further separation. Flow of 
carrier gas in both columns is maintained the 
same by using restriction orifices. Normally, the 
effluent of the heart cut column is diverted to 
vent, but when a component of interest appears, 
it is diverted to the analysis column and then 
returns to its venting position. In this way a 
“cut” containing only the component(s) of interest 
and a narrow band of the background compon- 
ent are introduced to the analytical column. 

Reversing the flow of carrier gas in the direc- 
tion opposite that of the sample injection is called 
backflushing. Therefore, backflushing a column 
results in any components still in the column 
being swept back to the point of injection in 
approximately the same amount of time it took 
to flow to their present location in the column. 
Components will “flush” from the column in the 
reverse order to which they appear on the col- 
umn, meaning that in many cases the heavy com- 
ponents will flush back to vent first. This can be 
used effectively to in some cases reduce flush the 
light components to vent and direct the heavy 
components to the detector, thus significantly 
decreasing the cycle time. Alternately, cycle time 
can be reduced by not having to flush the entire 
sample through the column(s), also resulting in 
increased column life. 

18.3 Detectors 

18.3.1 Thermal conductivity detector (TCD) 

The thermal conductivity detector is among the 
most commonly used gas detection devices. It 
measures the change in thermal conductivity of 
a gas mixture, caused by changes in the concen- 
tration of the species it is desired to detect. 

All matter is made up of molecules which are in 
constant rapid motion. Heat is the energy pos- 



sessed by a body by virtue of the motion of the 
molecules of which it is composed. Raising the 
temperature of the body increases the energy of 
the molecules by increasing the velocity of the 
molecular motion. 

In solids the molecules do not alter their position 
relative to one another but vibrate about a mean 
position, while in a liquid the molecules vibrate 
about mean positions, but may also move from 
one part of the liquid to another. In a gas the 
molecular motion is almost entirely translational: 
the molecules move from one part of the gas to 
another, only impeded by frequent intermolecular 
collisions and collisions with the walls vessel. The 
collisions with the walls produce the pressure of the 
gas on the walls. In a so-called “perfect gas” the 
molecules are regarded as being perfectly elastic so no 
energy is dissipated by the intermolecular collisions. 

Consideration of the properties of a gas which 
follow as a consequence of the motion of 
its molecules is the basis of the kinetic theory. 
Using this theory Maxwell gave a theoretical 
verification of laws which had previously been 
established experimentally. These included 
Avogadro’s law, Dalton’s law of partial pressures, 
and Graham’s law of diffusion. 

Since heat is the energy of motion of the gas 
molecules, transfer of heat, or thermal conductiv- 
ity, can also be treated by the kinetic theory. It 
can be shown that the thermal conductivity K of 
component S is given by 

K s ={puXQ : 

where p is the gas density, v is the mean molecular 
velocity, A is the mean free path, and C v is the 
specific heat at constant volume. Thus, thermal 
conductivity depends on molecular size, mass, 
and temperature. 

The quantity v\ is the diffusion coefficient D of 
the gas, and the thermal conductivity can be written 

*s = \DpC v 

According to this treatment, the thermal 
conductivity of the gas is independent of pressure. 
This is found to be true over a wide range of 
pressures, provided that the pressure does not 
become so high that the gas may no longer be 
regarded as being a perfect gas. At very low pres- 
sures, the conductivity of the gas is proportional 
to its pressure, and this is the basis of the oper- 
ation of the Knudsen hot-wire manometer or 
Pirani gauge (see Chapter 10). 

It can be shown that the conductivity Kj of a 
pure gas at absolute temperature T varies with 
temperature according to the equation 
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Table 18.1 Relative thermal conductivities of some 
common gases 



Gas 


Conductivity 


Air 


1.00 


Oxygen 


1.01 


Nitrogen 


1.00 


Hydrogen 


4.66 


Chlorine 


0.32 


Carbon monoxide 


0.96 


Carbon dioxide 


0.59 


Sulphur dioxide 


0.32 


Water vapor 


1.30 


Helium 


4.34 



where is the thermal conductivity at 0°C and b 
is a constant. 

The relative thermal conductivities of some 
gases, relative to air as 1.00, are given in Table 
18.1. 

It can be shown that the conductivity of a 
binary mixture of gases is given by 



K = 



1 +A 



K x 




+ 



Ki 



1 +B 




where A and B are constants known as the Wasil- 
jewa constants, K\ and Ki are the conductivities of 
the pure gases, and x\ is the molar fraction of 
component 1. 

In gas analysis, conductivities of pure gases are 
of limited value, and it is much more important to 
know how the conductivity of a mixture varies with 
the proportion of the constituent gases. However, 
as shown above, the relationship between the 
conductivity of a mixture of gases and the propor- 
tion of the constituents is complicated. When colli- 
sions occur between molecules of different gases the 
mathematics of the collisions are no longer simple, 
and the relationship between conductivity and the 
proportions of the constituents depends upon the 
molecular and physical constants of the gases, and 
on the intermolecular forces during a collision. In 
practice thermal conductivity instruments are 
therefore calibrated by establishing the required 
composition-conductivity curves experimentally. 

Several forms of gas sensor based on thermal 
conductivity have been developed. The majority 
use the hot-wire method of measuring changes in 
conductivity, with the hot-wire sensors arranged 
in a Wheatstone bridge circuit. 



18, 3.1.1 Katharometer 

A wire, heated electrically and maintained at con- 
stant temperature, is fixed along the axis of a 
cylindrical hole bored in a metal block which is 
also maintained at a constant temperature. The 



cylindrical hole is filled with the gas under test. 
The temperature of the wire reaches an equilib- 
rium value when the rate of loss of heat by 
conduction, convection, and radiation is equal to 
the rate of production of heat by the current in 
the wire. In practice, conduction through the gas 
is the most important source of heat loss. End- 
cooling, convection, radiation, and thermal diffu- 
sion effects, though measurable, account for so 
small a part (less than 1 percent each) of the total 
loss that they can satisfactorily be taken care of in 
the calibration. Most instruments are designed to 
operate with the wire mounted vertically, to mini- 
mize losses by convection. Convective losses also 
increase with the pressure of the gas, so the pres- 
sure should be controlled for accurate conductiv- 
ity measurements in dense gases. The heat loss 
from the wire depends on the flow rate of gas in 
the sensor. In some instruments errors due to 
changes in gas flow are minimized because the 
gas does not flow through the cell but enters by 
diffusion, but otherwise the gas flow rate must be 
carefully controlled. 

One must also be mindful that in the case of 
gases, mass flow is also a function of pressure. At 
pressures typically used in analyzers the relation- 
ship between the change in volume as a function 
of pressure can be approximated by the ideal gas 
law or P [ V[ = P 2 V 2 . 

The resistance of the wire depends on its tem- 
perature; thus, by measuring the resistance of the 
wire, its temperature may be found, and the wire 
is effectively used as a resistance thermometer. 
The electrical energy supplied to the wire to main- 
tain the excess temperature is a measure of the 
total heat loss by conduction, convection, and 
radiation. To measure the effects due to changes 
in the conductivity of the gas only, the resistance 
of the hot wire in a cell containing the gas to be 
tested is compared with the resistance of an 
exactly similar wire in a similar cell containing a 
standard gas. This differential arrangement also 
lessens the effects of changes in the heating cur- 
rent and the ambient temperature conditions. In 
order to increase the sensitivity two measuring 
and two reference cells are often used, and this 
arrangement is usually referred to as a “katha- 
rometer.” 

In the katharometer four filaments with pre- 
cisely matched thermal and electrical characteris- 
tics are mounted in a massive metal block, drilled 
to form cells and gas paths. A cutaway drawing 
of a 4-filament cell is shown in Figure 18.3. 
Depending on the specific purpose, the filaments 
may be made of tungsten, tungsten-rhenium 
alloy, platinum, or other alloys. For measure- 
ments in highly reactive gases gold-sheathed 
tungsten filaments may be used. The filaments 
are connected in a Wheatstone bridge circuit. 
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Figure 18.3 Cutaway drawing of 4-filament diffusion 
katharometercell. 

which may be supplied from either a regulated- 
voltage or regulated-current power supply. The 
circuit for a constant-voltage detector is shown in 
Figure 18.4. The detector is balanced with the 
same gas in the reference and sample cells. If a 
gas of different thermal conductivity enters the 
sample cell, the rate of loss of heat from the 
sample filaments is altered, so changing their 
temperature and hence resistance. The change in 
resistance unbalances the bridge, and the out-of- 
balance voltage is recorded as a measure of the 
change in gas concentration. The katharometer 
can be calibrated by any binary gas mixture, or 
for a gas mixture which may be regarded as bin- 
ary, e.g., carbon dioxide in air. 

A theory of the operation of the katharometer 
bridge follows. This is simplified but is insuffi- 
ciently rigid for calibrations to be calculated. 
Small variations in the behavior of individual 
filaments also mean that each bridge must be 
calibrated using mixtures of the gas the instru- 
ment is to measure. 

Assume that the four arms of the bridge (Fig- 
ure 18.4) have the same initial resistance R\ when 



the bridge current is flowing and the same gas 
mixture is in the reference and sample cells. Let 
Ro be resistance of filament at ambient tempera- 
ture, R\ working resistance (i.e,, resistance when 
a current / flows), / current through one filament 
(i.e., half bridge current), and T wire temperature 
above ambient. 

Then, at equilibrium, energy input is equal to 
heat loss 

I 2 R^=KiT (18.1) 

where K\ is a constant proportional to the ther- 
mal conductivity of the gas as most of the heat 
loss is by conduction through the gas. A simple 
expression for the working resistance is 

R\ = RoO + &T) (18.2) 

where a is the temperature coefficient of resist- 
ance of the filament material. Then, from equa- 
tions (18.1) and (18.2): 

I 2 R\Roa = K\(R\ — Rq) (18.3) 

Then 



Ri 



K iJfr 

(* , - JV 2 o) 



= + 

— Ro + 

— R o + 



KiR 0 



Ro 



(K t - RoPa) 
KtRo-KtRo + pR 2 
(ATi - PRoa) 

I 2 R o 



(K i — I 1 Rqo) 



(18.4) 



From equation (18.3), if R\ - Ro is small com- 
pared with R], then K\ must be large compared 
with I 2 R 0 a and the term I 2 Roa can be ignored. 
Then 



/?i = RQ+if-Rla/Ki) (18.5) 
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If the two measurement filaments have a total 
resistance of R\ and the reference filaments of 
R 2 , the output voltage of the bridge E is given by 

E = l(Ri-R 2 ) (18.6) 

Combining equations (18.5) and (18.6): 

E = I 3 R 2 0 a[(\IKO - (\/K 2 )\ (18.7) 

where K\ and K 2 are proportional to the conduct- 
ivities of the gases in each pair of cells. 

Equation (18.7) shows that the output is pro- 
portional to the cube of the bridge current but in 
practice the index is usually between / 2 -’ ) and / 3 . 
For accurate quantitative readings the bridge cur- 
rent must be kept constant. 

This equation also shows that the output is 
proportional to the difference between the reci- 
procals of the thermal conductivities of the gases 
in each pair of cells. This is usually correct for 
small differences in thermal conductivity but does 
not hold for large differences. 

These conditions show that the katharometer 
has maximum sensitivity when it is used to meas- 
ure the concentration of binary or pseudo-bin- 
ary gas mixtures whose components have widely 
different thermal conductivities and when the 
bridge current is as high as possible. The max- 
imum bridge current is limited by the need to 
avoid overheating and distortion of the filaments, 
and bridge currents can be highest when a gas of 
high thermal conductivity is in the cell. When the 
katharometer is used as the detector in gas chro- 
matography, hydrogen or helium, which have 
higher thermal conductivities than other common 
gases, is often used as the carrier gas, and auto- 
matic circuits may be fitted to reduce the current 
to the bridge to prevent overheating. 

For maximum sensitivity, especially when it is 
necessary to operate the detector at low tempera- 
tures, the hot-wire filaments may be replaced by 
thermistors. A thermistor is a thermally sensitive 
resistor having a high negative coefficient of resist- 
ance; see Chapter 14. In the same manner as with 
hot wires, the resistance of the conductor is 
changed (in this case lowered) by the passage of 
current. Thermistor katharometers usually have 
one sensing and one reference element, the other 
resistors in the Wheatstone bridge being external 
resistors. 

Many modern katharometers in use today oper- 
ate on the basis of constant current to the Wheat- 
stone bridge as this results not only in longer 
filament or thermistor life but also greater accuracy 
of measurement. 

Except in the case of thermally unstable sub- 
stances the katharometer is non-destructive, and 
it responds universally to all substances. The sen- 
sitivity is less than that of the ionization detec- 



tors, but is adequate for many applications. The 
detector is basically simple, and responds linearly 
to concentration changes over a wide range. It is 
used in gas chromatography and in a variety of 
custom-designed process analyzers. 

18.3.2 Flame ionization detector (FID) 

An extensive group of gas detectors is based on 
devices in which changes in ionization current 
inside a chamber are measured. The ionization 
process occurs when a particle of high energy 
collides with a target particle which is thus 
ionized. The collision produces positive ions and 
secondary electrons which may be moved 
towards electrodes by application of an electric 
field, giving a measurable current, known as the 
ionization current, in the external circuit. 

The FID utilizes the fact that, while a hydrogen- 
oxygen flame contains relatively few ions 
(10 7 ions cm -3 ), it does contain highly energetic 
atoms. When trace amounts of organic com- 
pounds are added to the flame the number of ions 
increases (to approximately 10* 1 ions cm -3 ) and a 
measurable ionization current is produced. It is 
assumed that the main reaction in the flame is 

CH + O — ► CHO + e 

However, the FID gives a small response to sub- 
stances that do not contain hydrogen, such as 
CCI4 and CS2. Hence it is probable that the reac- 
tion above is preceded by hydrogenation to form 
CH4 or CH3 in the reducing part of the flame. In 
addition to the ionization reactions, recombina- 
tion also occurs, and the response of the FID is 
determined by the net overall ionization reaction 
process. 

A schematic diagram of an FID is shown in 
Figure 18.5 and a cross-sectional view of a typical 
detector is shown in Figure 18.6. The sample gas, 
or effluent from a gas-chromatographic column, 
is fed into a hydrogen-air flame. The jet itself 
serves as one electrode and a second electrode is 
placed above the flame. A potential is applied 



B 



1 . Sample inlet 

2. Hydrogen 

3. Air 

4. Ceramic jet, cathode 

5. Flame 

6. Collector electrode 
(anode) 

7. Gas outlet 




Figure 18.5 Flame ionization detector: schematic. 
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hydrogen 

Figure 18.6 Cross-section of flame ionization detector. 



across these electrodes. When sample molecules 
enter the flame, ionization occurs, yielding a cur- 
rent which, after suitable amplification, may be 
displayed on a strip chart recorder. 

The FID is a mass-sensitive, rather than con- 
centration-sensitive, detector. This means that it 
does not respond to the concentration of a com- 
ponent entering it, but rather produces a signal 
which is proportional to the amount of organic 
material entering it per unit time. The ion current 
is effectively proportional to the number of car- 
bon atoms present in the flame, and the sensitiv- 
ity of the detector may be expressed as the mass 
of carbon passing through the flame per second 
required to give a detectable signal. A typical 
figure is 1 0 “ 1 1 g C/sec. 

The FID is sensitive to practically all organic 
substances, but is insensitive to inorganic gases 
and water. It has a high sensitivity, good stability, 
wide range of linear response, and low effective 
volume. It is widely used as a gas-chromatographic 
detector, and in total hydrocarbon analyzers. 

18.3.3 Photo-ionization detector (PID) 

The photo-ionization detector (Figure 18.7) has 
some similarities to the flame ionization detector, 
and like the FID, it responds to a wide range of 
organic and also to some inorganic molecules. An 
interchangeable sealed lamp produces monochro- 



matic radiation in the UV region. Molecules hav- 
ing ionization potentials less than the energy of 
the radiation may be ionized on passing through 
the beam. In practice, molecules with ionization 
potentials just above the photon energy of the 
incident beam may also be ionized, due to a 
proportion being in excited vibrational states. 
The ions formed are driven to a collector elec- 
trode by an electric field and the ion current is 
measured by an electrometer amplifier. 

The flame in the FID is a high energy ioniza- 
tion source and produces highly fragmented ions 
from the molecules detected. The UV lamp in the 
PID is of lower quantum energy leading to the 
predominant formation of molecular ions. The 
response of the PID is therefore determined 
mainly by the ionization potential of the mol- 
ecule, rather than the number of carbon atoms it 
contains. In addition the ionization energy in the 
PID may be selected by choice of the wavelength 
of the UV source, and the detector may be made 
selective in its response. The selectivity obtainable 
by use of three different UV lamps is shown in 
Figure 18.8. The ionization potentials of N 2 , He, 
CH 3 CN, CO, and C0 2 are above the energy of all 
the lamps, and the PID does not respond to these 
gases. 

The PID is highly sensitive, typically to picogram 
levels of organic compounds, and has a wide linear 
range. It may be used for direct measurements in 
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UV lamp 
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Figurel8.8 PID response for the various ultraviolet lamps. 
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gas streams or as a gas-chromatographic detector. 
When used as a detector in gas chromatography 
any of the commonly used carrier gases is suitable. 
Some gases, such as CO 2 . absorb UV radiation and 
their presence may reduce the sensitivity of the 
detector. 

18.3.4 Helium ionization detector 

Monatomic gases, such as helium or argon, can 
be raised to excited atomic states by collision 
with energetic electrons emitted from a /3-source. 
The metastable atomic states are themselves 
highly energetic and lose their energy by collision 
with other atomic or molecular species. If the 
helium contains a small concentration of a gas 
whose ionization potential is less than the excita- 
tion of the metastable helium atoms, ions will be 
formed in the collision, so increasing the current- 
carrying capacity of the gas. This is the basis of 
the helium ionization detector. 

The main reactions taking place can be repre- 
sented as 

He + e — -> He" + e 
He* + M ^ M + + He + e 

where M is the gas molecule forming ions. How- 
ever, other collisions can occur, for example, 
between metastable and ground-state helium 



atoms, or between metastable atoms, which may 
also result in ion formation. 

The helium ionization detector (Figure 18.9) 
typically consists of a cylindrical chamber, 
approximately 1 cm in diameter and a few milli- 
meters long, containing a /^-emitting radioactive 
source. The ends of the cylinder are separated by 
an insulator and form electrodes. The detector is 
used as part of a gas-chromatographic system, 
with helium as the carrier gas. 

It can be shown that the ionization mechanism 
described above depends on the number of atoms 
formed in metastable states. It can also be shown 
that the probability of formation of metastable 
states depends on the primary electron energy 
and on the intensity of the applied electric field. 
The reaction exhibits the highest cross-section for 
electrons with an energy of about 20 eV, and a 
field strength of 500V/cin torr. Tritium ( 3 H) 
sources of 10-10GBq or 63 Ni 3-sources of 
400-800 MBq activity are usually used, but the 
free path of the /3-particles is very short, and the 
performance of the detector is strongly dependent 
on its geometry. 

The helium ionization detector is used in gas 
chromatography, when its ability to measure 
trace levels of permanent gases is useful. How- 
ever, the carrier gas supply must be rigorously 
purified. 



Gas outlet 




Figure 1 8.9 Helium ionization detector (actual size). 




